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Preface

This book is intended for students of physical science, applied science and
engineering, who, for the understanding and practice of their principal
subjects, need a working knowledge of applicable mathematics.

Since it is not possible in a single text to cater for all degrees of mathe-
matical facility, nor for all tastes in abstraction, a broad middle course
has been adopted, set at the level of what, at the risk of being misunder-
stood, I describe as the ‘average student’. It is hoped, however, that what
is presented will also be of value to those who fall on either side of this
central band, either as a less than rigorous introduction to the subject
for the one group, or as an explanatory and illustrative text for the other.

The ground covered is roughly those areas of applied mathematics
usually met by students of the physical sciences in their first and second
years at university or technical college. Naturally much of it also forms
parts of courses for mathematics students.

In any book of modest size it is impossible to cover all topics fully, and
any one of the areas mentioned in this book can be, and has been, the
subject of larger and more thorough works. My aim has been to take a
‘horizontal slice’ through the subject centred on the level of an average
second-year student.

The preliminary knowledge assumed is that generally acquired by any
student prior to entering university or college. In the United Kingdom,
for example, it is that appropriate to the Advanced Level examination in
Mathematics for Natural Science of one of the British Schools’ Examina-
tion Boards. In the United States the material assumed is that which
would normally be covered at junior college. Starting from this level, the
first chapter of the book, consisting of a collection of topics mostly from
the area of calculus, is aimed at providing a common base of the general
techniques used in the development of the remaining chapters. Students
who have had additional preparation, such as having offered Mathematics
as a main A-Level subject, will find much of chapter 1 already familiar.

After the opening chapter, the contents of the remainder of the book
fall under about half a dozen main headings. Chapters 2-4 deal with
vectors and their uses, 5-8 with ordinary differential equations and 9-10
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with partial differential equations. Stationary value problems are discussed
in chapters 12-13 and matrices and tensors in 1415, whilst chapter 11
on numerical methods and 16 on complex variables stand more or less
alone, although both have connections with several other chapters.

The guiding principle for presenting the material has been that of
introducing it wherever possible from a heuristic, physical point of view,
and of deliberately avoiding strictly mathematical questions, such as the
existence of limits, uniform convergence, interchanging integration and
summation orders, etc., roughly speaking on the grounds that ‘this is
the real world; it must behave reasonably’. Free use has therefore been
made of pictorial mathematics and sometimes of qualitative verbal
descriptions instead of more compact mathematical symbolism. This
has the effect of lengthening the book somewhat but makes the arguments
less terse and tightly knit and therefore, for the average student, easier to
unravel. In this same spirit, liberal use has also been made of parenthetical
words of clarification [enclosed in square brackets]. They are certainly
detrimental to the style and appearance of the text, but the author has
found such asides to be appreciated by students and this is a quite suffi-
cient justification for their use.

The general aim has been to present a topic in three stages, a qualitative
introduction, the more formal presentation, and an explicit check or
worked example to ‘close the circle’. In the author’s experience this last
step is of great value to many students, who prefer to see the developed
methods in action, rather than left as correct but abstract solutions. Such
introductions and examples are based upon familiar situations and ideas
in physical science and engineering, and it is such a general background
which is, at the same time, both an important prerequisite for appreciat-
ing the material of this book and the main beneficiary of the methods it
develops.

Straightforward manipulation and simple proofs, particularly when
similar to previously displayed work, are often omitted, but the corre-
sponding results are marked at the left-hand margin, by the symbol »,
as are illustrative exercises in the body of the text. The symbol » indi-
cates something which most definitely should be carried through by the
student. The required workings are generally neither long nor difficult
and notes on their solutions are given in many cases at the end of the
book, but most students will benefit greatly in technical skill, understand-
ing and confidence, by carrying out these parts of the arguments them-
selves.

Many equations (especially partial differential equations) can be written
more compactly by using subscripts, e.g. u,, for a second partial deriva-
tive instead of the more familiar 6%u/dy éx, and this certainly saves typo-
graphical space. However, for many students, trying to put physical
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meaning to the equations rather than just manipulating them according
to a set of allowed rules, the labour of mentally unpacking such equations,
especially if ¥ or x or y carry further subscripts, indices or primes, is
sufficiently great that it is not possible to think of the physical interpreta-
tion at the same time. Consequently it has been decided to write out such
expressions in their more obvious but longer form. For ordinary differen-
tial equations, where less confusion arises, a prime notation has generally
been used, except where the independent variable has a clear physical
connection with time when a dot notation is employed to make this
connection immediate.

The summation convention is introduced in the course of the first
chapter, and where appropriate is used in later ones, but with a brief re-
minder given as to its meaning after each substantial intermission.

It is a pleasure to record my sincere thanks to Sue Mackenzie and Jacky
Walters for their patience and care in typing a difficult text in a short time,
and to Helen Maczkiewicz for the quality of the drawings and the speed
with which she produced them.

I am also greatly indebted to those of my colleagues and students who
have read parts of the original manuscript, for pointing out errors and
making constructive suggestions. In particular I would like to thank C. M.
M. Nex and A. C. Steven of the Cavendish Laboratory, and several of the
undergraduates of Clare College, Cambridge, notably R. J. Citron, D.
Deutsch, P. N. Jones, H. J. Manning, P. D. A. Orr and O. B. R. Strimpel.
Of course all errors and ambiguities remaining are entirely the responsi-
bility of the author, and I would be most grateful to have them brought
to my attention.

My thanks also go to the University of Cambridge for permission to
use some past examination questions, and to the Cavendish teaching staff
whose lecture handouts have collectively provided the basis for some of
the examples included.

Finally I wish to place on record my appreciation of the care in setting
and printing taken by the staff of William Clowes & Sons, Limited, and
also my sincere thanks to the editorial staff of The Cambridge University
Press for their much-appreciated advice on the preparation and presenta-
tion of the contents of this book.

Cambridge, 1973 K.F.R.
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proportional to

approaches; tends to; becomes

plus or minus

minus or plus

magnitude of; determinant of (according to context)
less than or equal to

greater than or equal to

much smaller than

much greater than

(see section 1.1)

(see section 1.1)
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1

Preliminary calculus

Although the major part of this book is concerned with mathematics of
direct value in describing situations arising in physical science and engin-
eering, this opening chapter, although directed to the same end, is of a
less obviously ‘applied’ nature. It is concerned with those techniques of
mathematics, principally in the field of calculus, which are the nuts and
bolts of the more particularly orientated methods presented in later chap-
ters.

Two particular factors have to be taken into account in its presenta-
tion; firstly the various levels of previous knowledge which different
readers will possess, and secondly the fact that the subjects to be treated
in this chapter form a less coherent whole than do those in any other.

The first of these has been approached at the ‘highest common factor’
level, namely, knowledge has been presumed only of those topics which
will normally be familiar to a student who, in his previous studies, has
taken mathematics in conjunction with other science subjects, rather
than as his main or only subject. As a result, although several parts of
this chapter will almost certainly be unfamiliar to him, the reader with
more than this presumed level of knowledge may in some sections find
it sufficient to make sure he can solve the corresponding exercises, marked
by the symbol », and then pass on to the next section.

As a result of the rather diverse nature of the topics considered, the
degree of difficulty of the material does not vary ‘monotonically’ through-
out the chapter. Rather, the order of presentation has been chosen so as
to reduce, as far as possible, both abrupt changes in subject matter and
forward references.

1.1 Notations and symbols

Throughout the text the notations and symbols adopted have, where
possible, been made consistent with those recommended by international
agreement.}

Y Quantities, units and symbols, The Symbols Committee of the Royal
Society, 1971.
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For ease of future location and reference, all but the commonest of
the symbols used for mathematical operations are set out in a list of
mathematical symbols facing page 1. In nearly all cases the brief explana-
tions given there will be sufficient for the reader to understand the way
in which the symbols are used.

However, the symbols O, o and ~ need some further explanation.
These three symbols are used to compare the behaviour of two functions,
as a variable upon which they both depend tends to a particular limit,
usually infinity or zero, and obvious from the context. The variable may
be a discrete integer variable n or a continuous one x. If the two functions
are denoted by f and ¢, and ¢ is positive, then the definitions of these
symbols are as follows:

(i) Ifthere exists a constant k such that | /| < k¢ as the limit is approached,
then f = O(¢). The statement f = O(1) means that fis bounded.

(ii) If f/¢ tends to O as the limit is approached, then f = o(¢). The state-
ment f = o(1) means that f tends to zero.

(iii) If f/¢ tends to a limit /, where / # 0, as the limit of » or x is approached,
then f ~ I$. The statement a ~ b means that the ratio of the two sides
tends to unity.

Although equations relating the various symbols, and a resulting
‘algebra’, may be established, these notations will not be used in this
book for anything more than shortening the presentation of equations,
and to reduce the repetitive use of wordy additions to equations. However,
the reader is urged to verify for himself the following examples of state-
ments involving use of the symbols.

If f(n) = 3n® + 2n and g(x) = ax'? + bx%2, then:

(i) As n—o0: f(n) = O@?), f(n) = O(n°), f(n) = o(n°), f(n) =~ 3n®.
(i) As x — o0 g(x) = O(x%?), g(x) = o(x?), g(x) ~ bx®?2,

cos Ax = O(1), x~! cos Ax = o(1).

(i) As x = 0: g(x) = O(x'?), g(x) = o(x'*), g(x) ~ ax''?,

cosAx >~ 1, x"1cos Ax ~ x~1,

1.2 Complex numbers

The notions of a complex number and of a complex function of a real
number [e.g. exp (ix)] are used extensively later and so we begin by sum-
marizing without proofs the basic properties of complex numbers.

We denote a general complex number z by

z =x + iy, (L.1)

where x is the real part (Re z) and y the imaginary part (Im z) of z and i
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is usually described as ‘the square root of —1°. The numbers x and y
are themselves real. An alternative notation is

z=rcosf + irsinf, (1.2)

where r = (x% + »%)'2 and 6 = arctan (y/x) [taking regard of the signs
of x and y individually].

Im:z

Re:z

Fig. 1.1 An Argand diagram.

Complex numbers can be represented by points on a diagram (an
Argand diagram), such as that shown in fig. 1.1, in which the relationships
between equations (1.1) and (1.2) are self-evident. The quantity r is called
the modulus of z, written r = mod z or r = |z|, and 8 is known as the
argument of z, written 8 = arg z. It is apparent that arg z is undetermined
to the extent of 2wn, where n is any integer; for this reason the principal
value of argz is also defined, and is given by that value which lies in
—m < argz < 7.

The defining laws of addition, subtraction, multiplication and division
for two complex numbers z and z’ are summarized in the following for-
mulae. The commutative, associative and distributive laws hold to exactly
the same extent as they do for real numbers.

Addition: z+ 2z =(x+1iy+ & +iy)
=x+x)+i(y+5). (1.3)
Subtraction: z —z' =(x +1iy) — (x' + iy)
=(x—-x)+i{y —y). (1.4)
Multiplication: zz’ = (x +iy) x (x' 4+ iy)

= (xx' — yy) + i{xy’ + yx’). (1.5)
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’

N

L. x + iy
Division: — = -
z X + 1y

xx’ +yy  xy —yx
x2 + y2 x2 + y2

(1.6)

Two particular points should be noted:

(i) If all imaginary parts are zero, i.e. ¥y = y" = 0, then all of equations
(1.3) to (1.6) reduce to those appropriate to real numbers.

(ii) A particular case of (1.5) occurs when x = x’ =0 and y = ' = 1;
we then have the fundamental result

2=ixi=—1, (1.7)

These results taken in total show that we may for practical purposes
treat x, y and i as though they are ordinary real numbers, provided that
whenever i? appears it is replaced by —1.

For multiplication and division, the representation of complex numbers
in terms of modulus and argument is particularly convenient, since, as

(ex’ = ) + (0 + yx)? = (2 + YY" + ¥,
we have from (1.5) that

mod zz’' = (mod z) x (mod z). (1.8)
Further, since
xy" + yx ’
arctan —)-)—y—, — arctanZ + arctanZ7,
xx' — yy x X

[from the formula tan(4 + B) = (tan A + tan B)/(1 — tan 4 tan B)]
we also conclude that

arg (zz') = arg (z) + arg(z'). (1.9)

Thus if z =r(cos § + isinf) and z’' = r'(cos 6" + isin #') then zz’' =
rr'fcos (6 + 6) + isin (6 + 6)].
Similarly from (1.6) it can be shown that:

»l. mod (z'/z) = (mod z")/(mod 2), (1.10)
and
»2. arg (z’/z) = (argz’) — (arg z). (1.11)

»3. Show that multiplying a complex number a + ib by i corresponds to
rotating its vector on the Argand diagram by =/2 in the positive (anti-
clockwise) sense.
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A more convenient and shorter expression for cos 6 + isin § may be
obtained as follows. Recall that for a real number x the function exponen-
tial (x) or exp (x) or e* is defined by the series

2 x3

exp (x) = 1+x+x—+—+ Z (1.12)

If we replace x by i6 (with @ real) in this and reduce any power of i by
writing i% as — 1 (see (1.7)) we obtain

o) = 1 +i0 - _1¢ 113
exp(i) =1+1i —5—3—'—+---. (1.13)
The real and imaginary parts of this expression are
2 4
Re [exp (i0)] = 1 —5;+—-— (1.14 a)
and
A
Im [exp (i6)] = 6 — Ttsi (1.14 b)

But these two latter series are just the power series expansions for the
functions cos 8 and sin 8 respectively. Thus using this in (1.13) establishes
that

exp (i) = cos 6 + isin 6. (1.15 a)

Changing 6 to — 8 and recalling that cos (— ) = cos 8 whilst sin (— ) =
—sin 6, shows that

exp(—i6) = cos § — isin 6. (1.15 b)
Solving (1.15 a) and (1.15 b) for cos ¢ and sin @ gives
cos 8 = [exp (i9) + exp (—i6)], (1.16 a)
1
sin § = 5 [exp (if) — exp (—i6)]. (1.16 b)
i
In this notation, (1.2) becomes
z = rexp (i9), (1.17)
and, for example, (1.5) takes the form
rexp (i6)r' exp (18') = rr’ exp {i(0 + 6')]. (1.18)

It is apparent that, by repeated applications of (1.18), the following
more general result may be obtained:

2129.. .2, = ry exp (i0,)r; exp (i8y). . .r, exp (i6,)
=r1r2...rnexp[i(01 + 02+ oo + 0,,)]. (1.19)
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A particular case of this is that in which all the z, are equal and of unit
modulus, i.e. z; = exp (i6) for all j; then

[exp (i0)]* = exp (inf). (1.20)

Written in terms of cosines and sines, this result is known as de Moivre’s
theorem

(cos 8 + isin )" = cosnf + isinnb. (1.21)

The complex exponential form is a very useful way of expressing func-
tions which undergo sinusoidal variation, either in time or with distance.
Thus the function

f(t) = Rexp (iwt) = Rcos wt + iR sin wt (1.22)

is one whose real and imaginary parts both undergo sinusoidal variations
of amplitude R and period 2n/w, although they are out of phase with
each other by a quarter of a cycle.

Im f(¢)

wl

o 4 Re f(1)

Fig. 1.2 The representation of exp (iwt) in an Argand diagram.

In the Argand diagram (fig. 1.2) the point which represents f(t) at
any particular time lies on a circle of radius R. As time increases the point
moves in the positive sense (anticlockwise) with angular velocity w. It is
easily seen that the lengths OA4 and OB (reckoned positively or nega-
tively) give the real and imaginary parts of (1.22).
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The use of complex exponentials to describe travelling waves (in the
form exp [i(kx — wr))) is discussed in chapter 9.

It may also be noted that (1.15 a) and (1.16 a, b) are closely related to
the functions cosh (x) and sinh (x) which are defined as

cosh (x) = 4[exp (x) + exp (—x)}, (1.23 a)

sinh (x) = [exp (x) — exp (—X)]. (1.23 b)

These two functions, also known as the hyperbolic cosine and hyperbolic
sine respectively, satisfy the identity

»4. cosh® (x) — sinh?2(x) = 1, (1.24)

as is easily verified.

If x is set equal to 10 in (1.23 a, b) and comparison is made between
the resulting right-hand sides and the right-hand sides of (1.16 a, b) then
the equalities

cosh (i8) = cos (), (1.25 a)
sinh (i) = i sin (8), (1.25b)
are established. Conversely, putting 6 equal to ix in (1.16 a, b) shows that
cos (ix) = cosh (x), (1.26 a)
sin (ix) = isinh (x). (1.26 b)

Finally we define the complex conjugate (or simply conjugate) of
z(= x + iy) as the complex number

z¥ = x — iy. (1.27)

The following properties of the complex conjugate are almost immediate,
and others can be derived from them,

(z¥)* = z, (1.28 a)
z+4+ z* =2Rez, (1.28 b)
z—z*=2iImz, (1.28 ¢)
zz* = |z|%. (1.28 d)

In (r, 6) notation the conjugate of z is clearly given by

z* = rexp (—if). (1.29)

»5. Verify that (1.29) is consistent with (1.28 a—d).
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1.3 Convergence of series

In several places later in this book we will have occasion to consider the
sum of a series of terms a, which are all given by a single formula involv-
ing n, but each for its own value of n. For example in the two series defined
by:

(i) b, = 1/2%, n=12,... (1.30 a)
(i) ¢, = 1/n, n=12,... (1.30 b)

b, has the value 1/128 and ¢; = 1/7. Only series with real terms will be
considered in this section.

Our concern will be with the quantity Sy which is the sum of the first
N terms

N
Sv= a, (1.31)
n=1

and the particular question to be answered is whether or not, if we allow
N to tend to infinity, Sy tends to a definite limit, or increases or decreases
without limit, or oscillates finitely or infinitely’. We will correspondingly
say that the series > q, converges, diverges to +oo or —oo, or oscillates
finitely or infinitely.

A formal analytic treatment of these matters involves careful study of
the properties of bounds and limiting processes. However we will take a
more heavy-handed approach and use expressions such as:

(a) ‘tends to infinity” when we should say ‘exceeds any given quantity M’;
(b) ‘a series converges to the sum S’ when we should say ‘given any
€ > 0 there exists an Ny, which may depend upon ¢, such that | Sy — S| <
e for all N greater than N, .

Even if we can establish in a particular case that a series does converge,
this may not automatically determine the value of its sum S. The evalua-
tion of the sum is often a separate problem, and one which we will some-
times leave unsolved.

Suppose first that a series > a, is convergent, then it is apparent that,
however small a quantity e we may have chosen, we must be able to find
a value N, of N such that

n=Ng+Ny

a, | < e, (1.32)

n=Ng

whatever the value of N; (> 0). Put roughly in words, ‘we can always
find a value N, of n such that the sum of any number of terms from N,
onwards is less than any preassigned positive quantity, however small’.
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The smaller the preassigned quantity, the larger the value of N, needed,
but one can always be found.

The converse of this is also true, namely that if, given any ¢ > 0, we
can find an N, such that the statement involving inequality (1.32) is true,
then the series must be convergent. This follows since the sum of N, + N,
terms must be within + e of Sy, for any positive N, and e itself could have
been chosen arbitrarily small.

It is not usual to actually assign values to ¢, but for the sake of illustra-
tion we may do so and consider the series > b, given by (1.30 a). Suppose
we choose € as 103, The eleventh term of the series by, = 271 = 1/2048,
the next term is one half of this, and the one after that (the thirteenth)
one quarter of it, and so on. It is apparent that the addition of each fur-
ther term only halves the gap between the sum starting at the eleventh
term and the value 2/2048. Hence

n=11+Nj

n=11

for any N,, thus showing that > b, is convergent. If instead of 10~3 for
¢ we had chosen 10-¢, then we would have had to take N, as 21 rather
than 11. What has to be shown is that whatever value of ¢ is given, pro-
vided it is positive, we can find a corresponding N,.

The actual sum S for this particular series is rather obvious if the first
few terms are written out, and in any case as this series is a geometric
one the formula for its sum, /(1 — %), is probably well known to the
reader.

It is almost as straightforward to show that the series > ¢, defined by
(1.30 b) is not convergent. This can be done by grouping its terms in the
following way

N

Sx=Dea=1+@+E+H+d+E+3+D

1
+ @+ -+ )+ (133

The sum of the terms in each bracket is in every case >4, and since it is
apparent that as many such brackets can be made up as we desire, the
sum Sy can be made bigger than any finite value simply by making N
large enough. This shows that Sy does not tend to a limit S and that the
series > ¢, does not converge. Such a series is said to diverge.

To investigate whether or not a given series > a, converges, it is useful
to have a number of tests and theorems of general applicability avail-
able. Some of these we will merely state, since once they have been stated
they become almost self-evident — but are no less useful for that.
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1. Crucial consideration. In all tests for, or discussions of, the convergence
of a series, it is not what happens in the first ten, or the first thousand, or
the first million terms (or any other finite number of terms) that matters,
but what happens ultimately.

2. A necessary (but certainly not sufficient) condition for convergence is
that |a,] — 0 as n — co.

In the next four tests we will assume that all terms of all series mentioned
are non-negative (or, more precisely, that the number of negative ones is
finite).

3. If there exists a constant M such that Sy = > ¥a, is < M for all values
of N, then Y a, is convergent.t If no such constant exists > a, diverges.

4. Comparison test. (i) If for some Ny, a, < A, for some fixed A and all
n > Ny, and > d, is convergent, then > a, is convergent.

(ii) If for some Ny, a, > Ad, for some fixed A and all n > N,, and > d,
diverges, then > a, diverges also.

5. Ratio test (D’ Alembert). A series > a, converges or diverges according
as

ap 11

lim

n— o a”

(1.34)

is <1 or >1 respectively. If the limit (1.34) is equal to 1, no conclusion
can be drawn.

To prove this we observe that if the limit (1.34) is A where A < 1, then
we can find a value r in the range A < r < 1 and a value N, such that

Qn+1

<r,
ay

for all n > N,. Now the terms of the series a, after ay, are

ANy +15 ANy + 25 ANy +35+ -+ (1.35 a)
and each of these is less than the corresponding term of

ray,, r’ay,, Pay,,. ... (1.35b)

However, the terms of (1.35b) are those of a geometric series with a
common ratio r less than 1; the geometric series consequently converges

+ The result is intuitively obvious, but a strict analytic proof requires a
careful discussion of bounds.



1.3 Convergence of series 11

and therefore, by the comparison test (result 4) so must the series (1.35 a).
The observation in statement 1 is now enough to establish the validity of
the ratio test.

The divergent case, where A > 1, is proved by an analogous argument.

6. Root test (Cauchy). A series > a, converges or diverges according as
lim (a,)*"™ (1.36)

is <1 or >1 respectively. If the limit (1.36) is equal to 1, no conclusion
can be drawn.

The proof follows, almost exactly, the lines of that for the ratio test
and so will not be given here.

»6. Construct this proof.

Apart from obvious modifications, results 3, 4, 5 and 6 hold for series
consisting entirely of negative terms, or [more liberally] with only a
finite number of positive ones.

The one type of series for which we have as yet made no provision is
one containing infinite numbers of both positive and negative terms. The
two signs may appear in alternate terms or in a less symmetric way, e.g.

S N R R (1.37a)
or — 1+ +3+t-F+E+ L+ (1.37b)
The characteristic of this type of series is not that there are equal numbers

of positive and negative terms, but that the numbers of each should be
infinite. Specific to this type of series we will give only one particular test.

7. Alternating signs test. A series > (—1)"a,, where the a, are positive,
converges if

(i) a,—0 as n— o0, and (ii) an N, can be found such that a, > a,,;
for allm > N,.

To prove this suppose for definiteness that N, is even and consider the
series starting at ay,. First of all group the sum of its first 2m terms as

Som-1 = (azvo - aNo+1) + (aN0+2 - aNo+3)
+ e+ (0N0+2m—2 — Ang+am-1)-

By condition (ii) all the brackets are positive, and so S,,-; increases as
m increases. But, on the other hand

Som—1 = any, — (0N0+1 - aNo+2)
— = (aNo+2m-3 - aN0+2m—2) = QNo +2m-1>
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and, since each bracket is positive, we must have S;,_, is less than ay,.
These two properties of S,,, ,, together with result 3, establish the validity
of the test.

It is clear that the proof does not depend in any essential way on N,
being even, and this is in no way a restriction on the general result.

If from the series of terms a,, the series |a,| is formed and J, |a,| is
convergent, then the series > a, is said to be absolutely convergent. Clearly
there is no distinction between convergence and absolute convergence for
series all of whose terms are positive anyway. Series containing only a
finite (but non-zero) number of terms of a particular sign will be absolutely
convergent if they are convergent; the actual value of the sums S = 2 a,
and 8’ = 2 |a,| will be different however.

It is apparent that a series can be convergent without being absolutely
convergent. An example of such a series is (1.37 a), which is convergent
by the alternating signs test of result 7, but is shown by the divergence
of (1.30 b) not to be absolutely convergent.

On the other hand an absolutely convergent series is necessarily con-
vergent.

»7. Determine how the behaviour of Sy = >¥_, ax" as N — oo depends
upon the value of x.

»8. Find the sum Sy of the first N terms of the following series and hence
determine whether the series are convergent, divergent, or oscillatory.

@3 @+nd),  GIn(2) @3-,
0 1 0

@

1
(d)z _(;—4'_1—)_ [write as partial fractions],

1

@S-

»9. Determine whether the following series are convergent. (Their sums,
where they exist, are not required.)

®, cos (n0)

Ny &
@) Zn— W) 25 )2
< 2 n? (lnn)"

) 2 (1 o W2 (vx)z

(vii) Z ; .
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»10. Are the following series absolutely convergent, convergent or oscil-
latory?

«© __ln _ n
(“)Zs's,—z)’ (b)Z 1) (2n +1)
_1 2 1 1/2 __1 n n
@S @S )""
_1)“ l)"Z"
()Zn2+3n+2 (f)z

14 Differentiation

If f(x) is a function of x only, then the first derivative (or differential
coefficient) of f(x), denoted by f'(x) or df/dx is defined to be
d + Ax) —
o= IO St 80 - S (1.38)
dx Ax—0 Ax

provided that the limit exists. The value of the limit will in almost all
cases depend upon that of x of course.

In graphical terms f’(x) also gives the slope of f(x) at the particular
value of x as illustrated in fig. 1.3.

S

X

Fig. 1.3 The derivative f'(x) as the slope of f(x). At point A4 the derivative is dis-
continuous.

In the definition (1.38) we allow Ax to tend to zero from either positive
or negative values and require the same limit to be obtained in both cases.
We will not concern ourselves with cases in which neither or only one of
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the limits exists nor, except to notice that they correspond to kinks in the
graph of f(x), with cases in which the two limits exist but are not equal,
such as at point 4 in fig. 1.3.

The second derivative of f(x) can be obtained by using (1.38) again,
but with f(x) replaced by f’(x), and so on. If we denote the nth (order)
derivative of f(x) by df"/dx™ or f™(x), with fV(x) = f'(x), [and fO(x)
formally = f(x)] then

fre0 = tim fo(x + Ax) = f9)

1.39
im A (1.39)

provided that the limit exists.

All this should be familiar to the reader, as should the derivatives of
many standard functions and forms. Because of this, further discussion
will not be given; rather, the student is encouraged to carry out the
following exercises.

»11. Obtain the following from first principles, i.e. using (1.38):
2

d 3 4 5 d e
@ Cx+4., O+ x), (C)w(x + X),

3

d d 2 d
( )a;;(x + x), (e)a;(smx).

»12. Write down or obtain the first derivatives of the following:

(a) x8 (b) x73, (¢) (1 + x®V2, (d) cos (2x), (e) tan (ax),
(f) arctan (ax), (g) exp (x), (k) cosh (x), (i) arsinh (x), (j) In (kx),
(k) sin? 3x.

»13. Show from first principles that

d /1y 1 df
Hi(f(x)) T fx) dx (140

Hence obtain the (first) derivative of:

1
®)

@ T3 exp (20)

» (c) sec® x,

(d) cosech® (3x).
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1.5 Differentiation of products and quotients

Let us consider a case in which the function f(x) can be written as the
product of two functions of x, namely f(x) = g(x)h(x). For example if
f(x) were given by x® sin x then we might take g(x) = x® and A(x) = sin x.
Clearly in many cases the separation is not unique. (In the given example
possible alternative break-ups would be g(x) = x2, h(x) = xsinx, or
even, to stretch a point, g(x) = x* tan x, A(x) = x~! cos x.) We may ask
if there is a relationship between the derivative of f and those of g and 4.

To answer this, we apply definition (1.38) to f(x). In doing this we will
have to consider f(x + Ax) — f(x), which can be rearranged, by sub-
tracting and adding g(x + Ax)A(x), as follows

Sflx + Ax) — f(x) = g(x + Ax)h(x + Ax) — g(x)h(x)
= g(x + Ax)[h(x + Ax) — h(x)]
+ h(x)[g(x + Ax) — g(x)].

Hence

df _ g [ A - )

— =i

dx ax-o Ax

= lim, {atx + a0

h(x + Ax) — h(x)]
‘Ax

glx + Ax) - g(x)]}.

+ h(x) [ A

In the limit Ax — 0, the factors in square brackets become dh/dx and
dg/dx (by the definitions of these quantities) and g(x + Ax) simply be-
comes g(x). Consequently we obtain

d df dh dg

— X h = e— = — + h _— 1.41

P [g(x)h(x)] ix g(x) i (x) ix (1.41)
which is a general result obtained without making any assumptions about
the specific forms f, g and A, other than f(x) = g(x)h(x). In words, the
result reads,

The derivative of the product of two functions is equal to {the
first function times the derivative of the second} plus {the second
function times the derivative of the first}.

For the example f(x) = x® sin x given earlier, (1.41) gives
d d d
— (x3 si = x8 — (si + sin x — (x°
i (x®sin x) = x i (sin x) O (x%)

= x*®cos x + 3x%sin x. (1.42)
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This result for the derivative of a product containing two factors can be
used to obtain one for a product of three factors by writing one of the
two factors, say A(x), itself as a product of two factors, viz. h(x) =
J(x)k(x), so that f(x) has the three-product form

S(x) = g(x)j(x)k(x). (1.43)
Then result (1.41) shows that
af

a4 o dg
= = 509 — k() + k) 5

and (1.41) can again be used to expand the first term on the right, giving
the complete result as

4 e @ik] = g0 2 & gk X+ ook .
dx dx dx dx

(1.44 a)

In primed notation, without the argument x written explicitly each time,
this is
(gjk) = gjk' + gj'k + g'jk. (1.44 b)

It is readily apparent that this can be extended to products containing
any general number of factors n, and that the expression for the derivative
will consist of n terms with a prime appearing in successive terms on each
of the n factors in turn.

»14. Verify these results formally for the previous function f = x® sin x
by writing it variously as (a) x?-x-sin x, (b) x-x-x-sin x, (¢) 2x%-4 sin x,
(d) x*-tan x-x~! cos x and obtaining result (1.42) each time.

»15. Obtain the first derivatives of the following:
(a) x* exp (x), (b) sin x cosh x, (¢) x(In x — 1), (d) x3 tan? x, (e) x sin (ax)-

exp (Ax), (f) x2 cos (1 — x?), (g) (@ + x?)~1(b% + x%)~*(c? + x2)~3.

By applying result (1.41) for the derivative of a product to a function f(x)
of the form f(x) = g(x)-[1/h(x)], we may obtain the derivative of the
quotient of two factors. Thus

. _ (&Y _ (LY 1),_ ( 1 ) g
d _(h) _g(h) +(h LS A
where the result of »13 has been used to evaluate (1/4)". This can now be
rearranged in the convenient and memorizable form
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, g ’ _ hg/ _gh/
f —(h) =0 (1.45)

As usually expressed in words [hardly mathematically, but sufficiently
clearly];

The derivative of a quotient is equal to ‘the bottom times the
derivative of the top minus the top times the derivative of the
bottom, all over the bottom squared’.

»16. Find the (first) derivatives of the following:

@ — b=
a ——— ’
(@ + x)? ()(1 - X

sin x 3x% + 2x + 1

. , H_ 7T

(¢) tan x in the form p— ( )8x2 “ax 12

1.6 Leibniz theorem

Following on from the question posed in the first paragraph of the
previous section about the existence of a relationship between the first
derivative of a product and the derivatives of its constituent factors, and
its answer contained in (1.41), we may further ask if corresponding results
are obtainable for any arbitrary derivative, say the nth.

1t will be found that the answer is ‘yes’ with the general result expressed
by Leibniz theorem, but before proving this let us carry out some trials
to get a feel for what is involved.

Again suppose f'is of the form f = gh, where f, g and h are all functions
of x, and the nth derivative of, for example, g is denoted by g™. Formally
we denote the undifferentiated g itself by g®. Then from (1.41) we have

f(l) = gu)h(m + g(O)h(l). (1.46 a)

If we differentiate this directly several times, as is done below, it will be
noticed that some of the terms obtained at any particular stage are re-
peated and can be gathered together before proceeding to the next differen-
tiation. Starting from (1.46 a) we obtain successively, by repeated applica-
tions of (1.41) in its general form

(ab) = a'b + ba,
that

.f(2) = [g(2)h(0) + g(l)h(l)] + [g(l)h(l) + g(O)h(Z)]
- g(2)h(0) + zg(l)h(l) + g(O)h(Z)’ (146 b)
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f‘(S) = [g(S)h(O) + g(Z)h(l)] + 2[g(2)h(1) + g(l)h(2)]
+ [g(l)h(2) + g(O)h(S)]
= g(3)h(0) + 3g(2)h(1) + 3g(1)h(2) + g(O)h(S), (146 C)

»17. f(4) —_ g(4)h(0) + 4g(3)h(1) + 6g(2)h(2) + 4g(1)h(3) + g(O)h(‘l). (146 d)

The forms (1.46 a—d) are certainly very suggestive, and, if it were not
for the fact that g™ means the nth derivative d"g/dx", rather than the
nth power of g, they would simply be statements of the binomial theorem
expansions of /™ for an f given by g + A, rather than gh. Even so the forms
make a very clear suggestion as to the general expression for the nth
derivative of the product g(x)A(x). This is embodied in the following
theorem.

Leibniz theorem. If f(x) = g(x)h(x), then

[ = Z (:) gn = hD, (1.47)

r=0

where the symbols f, g~" and A™, have the meaning previously as-
signed for r = 0,1,2,...,n, and (’:) is the binomial coefficient (see list

of mathematical symbols).
We note that we have already proved (1.47) for values up to n = 4 by
explicit construction. The general proof proceeds by induction as follows.
Assume (1.47) holds for some particular value N of n, and then construct
S+ which will be shown to be given by (1.47) also, but withn = N + 1.
From the assumed form
N

fH+D = Z (}:[)[gm—r)h(r)]/

r=0
N

_ Z (N) [gV -7+ VRO 4 gN=Dpo+ D] (1.48)
r=0 r

Every term of (1.48) is of the form g™V +1-™hp™ for some value of m,
which is the same as one of the terms of (1.47) with n = N + 1. Hence
the general form is correct and all that remains is to show that the corre-
sponding multiplying constants are also correctly given by (1.47).

For any particular value of m there are two terms in (1.48) containing
g *1-mpm [one arising from r = m, the other from r = m — 1]. The
sum of the two corresponding binomial coefficients can be rewritten as
one binomial coefficient as follows,t

T This argument formally fails when m = 0 since we have not defined
(_{Vl) but the result (1.49) is obviously true for all N if m = 0.
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(']:) * (mh—, 1) B m!(NNi ! (m - 1)!(11\:,!- m + 1)!

_NN-m+1+m)

m!(N —m + 1)!
(N + 1)! N+1
= —_— = . (1.49)
m\(N + 1 — m)! m
Thus the term containing g® *1-™h™ jn f&V+D jg
(N': l) g(N+1-m)h(m), (150)

which is exactly what is given by (1.47) if n is set equal to N + 1.

Thus the assumption that (1.47) is true for n = N enables us to prove
that it is true for n = N + 1, and hence, by repeated applications, for
any n greater than N. But we have explicitly shown (1.47) is true for
n = 1 [actually for n = 2, 3, 4 as well], and hence it must be true for all n.
This general method of proceeding is called the method of induction.

As an example we may write down immediately the third derivative
of our earlier function f(x) = x%sin x [to begin with, reference to the
explicit formula (1.46 ¢) may be helpful],

a3/ . .
i 6-sin x + 3-6x-cos x + 3-3x%-(—sin x) + x®-(—cos x).
x
(1.51)

In practice, a convenient way is first to write # and its derivatives [up
to the third in this case] in the various terms from left to right, and then
g and its derivatives working from right to left, and finally to fill in the
binomial coefficients.

»18. Obtain (1.51) by direct differentiation of f(x) = x®sin x, and note
the relative amounts of labour involved.
»19. Find:

(a) the 2nd derivative of tan x sin 2x,

(b) the 3rd derivative of sin x In x,

(c) the 4th derivative of (2x® + 3x2 + x + 2) exp (2x).
»20. If y(x) = x® exp (x), show that

XY™ 4 (n— x — Y™ — pp-D = 0.
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If a function f(x) has derivatives of all orders in some neighbourhood
containing the point x = @, then, at any point in the neighbourhood, the
function can be represented by a series in powers of x — a, as follows:

fR)=f@+x—-a)fPa)+ - + & ,_v - fo@ + -
& —art (n-1)
FE—Y S* Ya) + R,. (1.52)
Here n can have any value and R, can be shown to have the form
R, = x -9 —f™(a + 0,(x - a)), (1.53)
n!

where 6, is some value which lies in the range 0 < 8, < 1. This expansion
is called a Taylor series and is very useful for obtaining a simple poly-
nomial representation of a function which is valid near x = a. The ‘re-
mainder’ R, can be written in a variety of forms, the one used in (1.53)
being known as Lagrange’s form.

For many functions R, -0 as n— oo, and in these cases the Taylor
series can be written as

fx) = Z (x ) —— ™). (1.54 a)

r=0

When a = 0 this reduces to Maclaurin’s series

a0

[ =2 f-;f("(o). (1.54 b)

r=0

If such a series expansion is required, the methods of finding derivatives
discussed earlier in this section often prove useful.

»21. Find series expansions for the following functions about the points
indicated: (a) sin 2x about x = 0; () tan x about x = 0 up to the x°
term; (c) In x about x = 1; (d) sin (x) exp (x) about x = 0 up to the x°
term.

1.7 Maxima and minima

By reference to its interpretation as the slope of the graph of f(x) against
x, when df/dx has the value 0 at some particular value of x, then f has a
stationary value there. Three such points are indicated in the graph of
fig. 1.4, the points B, Q and S.
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S

x

Fig. 1.4 Stationary points of a function of a single variable. A minimum occurs at
B, a maximum at Q and a point of inflection at S.

The behaviour of f(x) is different in kind at the points B and Q from
that at S. For the former pair the value of f at B(Q) is lower (higher)
than that at any other point in the immediate neighbourhood of B(Q),
and the function f is said to have a (local) minimum at B and a (local)
maximum at Q. Clearly, for either, a necessary condition is that

df
=0 (1.55)

At S, although df/dx = 0, f has neither a minimum nor a maximum since
no neighbourhood about S can be defined in which the value of f(x) is
everywhere greater than, or everywhere less than, the value of f at S.
Such a point is called a point of inflection.

To distinguish mathematically between minima and maxima we ob-
serve that as x increases and f passes through a minimum, the slope
df/dx itself changes from a negative value (at A), through zero (at B),
to a positive value (at C). Thus in this case df/dx is increasing, which
means that its derivative d2//dx? must be positive. Likewise, at the maxi-
mum PQR in the figure we must have d?/dx? is negative. It is less obvious,
but intuitively reasonable, that at S, d%f/dx? = 0.

Such tests will not be adequate for all cases ~ consider, for example,
f(x) = x* which has a clear minimum at x = 0, but has both df/dx and
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d?*f/dx? = O theret — but we may summarize the following sufficient con-
ditions for maxima and minima of functions with first and second deriva-
tives:

df d’f

dx dx?

maximum of f(x) 0 <0
4 (1.56)

minimum of f(x) 0 >0

»22. Find the positions and natures of the stationary points of the fol-
lowing functions: (@) 2x® — 3x% — 36x + 2; (b) sin(ax) with a > 0;
(¢) x® + x%; (d) x® — x5

»23. Find the lowest value taken by the function 3x* + 4x% — 12x? 4 6.

1.8 Partial differentiation

In previous sections the function f depended upon only one variable x
and was written f(x). Certain constants and parameters may also have
appeared in the definition of f, e.g. f(x) = ax + 2 contains the constant
2 and the parameter a, but only x was considered as a variable and only
the derivatives f"(x) = d"f/dx" defined.

However we may equally well consider functions which depend on
more than one variable, for example, the function f(x, y) = x? + 3xy
depends upon the two variables x and y [and the constant 3]. For any
pair of values (x, »), f(x, y) has a well defined value, e.g. (2, 3) = 22.
This notion can clearly be extended to functions dependent on more than
two variables and if we wish to discuss one involving a fixed, but other-
wise arbitrary, number n of them, we will simply write it as f(x;), meaning
by this

f(xla X250 ey xn)- (157)

When n = 2, x; and x, can be thought of as the x and y used above, but
for many purposes a specification of # will not be needed.

Functions of one variable, like f(x), can be represented by a graph on
a plane sheet of paper, and it is apparent that functions of two variables
can, with more effort, be represented by a surface in three-dimensional

1 By studying Taylor’s expansion about the stationary point, the student
will easily verify that if the first derivative not to vanish at the stationary
point is £, then n even gives a maximum or minimum, and » odd a point
of inflection.
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space. The analogy between this and physical models of mountains or
other geographical features need hardly be mentioned. For functions of
more than two variables such representations are not available; however,
the mathematical properties and procedures are simply the natural exten-
sions of those for the one- and two-variable cases. For the purposes of
visualizing the physical interpretation of the mathematics to be developed,
the reader is advised to think of the two-variable case even where an un-
specified n-variable one is being discussed.

Following on from the work of earlier sections, derivatives of functions
of several variables can be defined and studied. A lead as to how this may
be done can be obtained by considering the role played by parameters
in functions of a single variable x; although of unspecified value, they are
treated as constants when derivatives with respect to x are found. From
this it is only a small step to defining the derivative with respect to x of
a function f(x, y) of two variables, by saying that it is that for a one-
variable function when y is held fixed and treated as a constant.

To signify that the derivative is with respect to x, but at the same time
recognize that another derivative with respect to y (with x held constant)
exists, it is denoted not by df/dx but by of/éx, and called the partial
derivative or partial differential coefficient of f with respect to x. To define
it formally along the lines of (1.38) we have

af(xa y) = lim f(x + Ax’ Y) _.f(x’ y)’
ox Ax=0 Ax

(1.58 a)

provided that the limit exists.
The other derivative mentioned for the function f(x, y) of the two
variables x and y is 0f /0y defined as the limit (if it exists)

o(x,y) . flxy+ Ay) — f(x, )
——— = llm .
oy ay—0 Ay

(1.58 b)

It is obvious that df/ox and 9f/9y may both depend on both x and y,
and in general will do so. For the very simple example quoted earlier
S(x, y) = x? + 3xy, we have directly 9f/6x = 2x + 3y and &f/éy = 3x.
It is a common practice in connection with partial derivatives of func-
tions involving more than one variable, to indicate those which are held
constant by writing them as subscripts to the derivative symbol. Thus the
quantities defined by (1.58 a) and (1.58 b) would be written (respectively)

as
(g) and (%)x. (1.59)
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The extension of these definitions to the general n-variable case is
straightforward and can be formally written

of(x) . 1
= hm -—— Xys Xgseoos X + Axe,. ..,
ey Br0 Ay {f( 15 X2 K X Xp)

—f(xl’x2,'~'axk,"~9xn)}’ (1.60)

provided the limit exists. For the purposes of illustration in this introduc-
tory chapter, only two-variable functions will normally be considered,
but use is made of the more general notation in some later chapters.

In terms of a three-dimensional model the partial derivatives of/ox
and of/dy are easily visualized, representing as they do the ‘slopes’ or
‘rates of change with distance’ of the function, when moving parallel to
the x- and y-axes respectively (in the positive senses).

Just as for one-variable functions, higher derivatives may be defined.
For example, from 6f/x a second derivative with respect to x, &%f/éx?,
may be found, or equally validly the derivative of §f/éx with respect to y.
This latter (which of course will not normally be equal to 8%f/ox?) is
denoted by

& o (o
—>—> meaning — —) (1.61)
oy ox dy \ox

For most functions with which we will have to deal,

o2f o2f

oy 0x - Bxay,

(1.62)

continuity of the derivatives being a sufficient condition to ensure this.
As simple but concrete examples using the same function f(x, y) =
x2 + 3xy as previously, we have already noted that
of

of
— = 2x + 3y, — = 3x,
ox oy

and so further obtain that

& _, of o

= = L =90

ox? T opex > exoy

»24. (i) Find all the first partial derivatives of the following functions:
(a) x%y, (b) x% + y? + 4, (¢) sin (x/y), (d) arctan (y/x), (e) r(x, y,z) =
(x% + y? + 2212

(ii) For (a), (b) and (e), find 8%f/ox2, &3f/ey?, 6%f/ox oy.

(iii) For (d), say, verify that 9%f/ox 8y = /oy ox.
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Having defined partial derivatives for functions of more than one vari-
able, we must next connect them with the changes which occur in the
value of the function when all of the variables are changed at the same
time. Again for discussion purposes we consider a function f(x, y) of
two variables x and y.

Suppose that finite changes Ax and Ay are made in x and y, and as a
result f changes to f + Af. Then we must have

Af = f(x + Ax,y + Ay) = f(x, »)
= fx+ Ax,y + Ap) — f(x,y + Ay) + f(x,y + By) — f(x, »)
[f(x + Ax,y + Ay) - f(x,y + Ay)] A
= X
Ax

fx,y + 8y) — f(x,y)
* [ Ay

]Ay. (1.63)

In line (1.63) we note that the quantities in square brackets are very similar
to those involved in the definitions of partial derivatives. For them to be
strictly equal to the partial derivatives, Ax and Ay would need to be
infinitesimally small. But even for finite (but not too large) Ax and Ay
an approximate formula [useful in estimating errors in f knowing those
in measured quantities x and y, for example]

of (x, ) Ax + of (x, )
ox oy

can be obtained. It will be noticed that the first square bracket of (1.63)

actually approximates to of(x, y + Ay)/éx, but that this has been re-

placed by of(x, y)/ox in (1.64). This approximation clearly has the same

degree of validity as that which replaces the square bracket by the partial

derivative, has itself.

How valid an approximation (1.64) is to (1.63) depends not only on
how small Ax and Ay are, but also upon the magnitudes of higher partial
derivatives. This can be seen, for example, by treating x as fixed in the
second square bracket of (1.63) and expanding the bracket by a Taylor
series in Ay to give the exact equation,

[f(x,y+ Ay)—f(x,y)]= (3_f)x+ 1 (32f)3r Ay + -

Ay 2y 21 \ay?

Af x Ay (1.64)

(1.65)

Approximation (1.64) corresponds to omitting all but the first term on
the right-hand side.

It is perhaps appropriate to mention here the analogues of Taylor’s
and Maclaurin’s series for functions of more than one variable. For our
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standard two-variable function, Taylor’s expansion about the point
(X0, Yo) is

_ AR
f(x,p) = f(xa, ¥0) + (x — xo)g + (¥ = yo) oy
22 2
+ % [(x - xo)z—i + 25 = 50 = 0 ’;
+ (¥ — yo)? f] + -, (1.66)

where all the derivatives are evaluated at (x,, yo). Maclaurin’s series is
obtained by putting x, = y, = 0. For functions of more than two vari-
ables the corresponding result is mentioned in the next section.

When we later come to discuss integrals and integration, we will need
to consider expressions such as dx, dy and df which are known as dif-
ferentials and represent arbitrarily small quantities, not just approximately
but in principle. From what has been said previously it is apparent that
for the function f = f(x, y) they are exactly related by

df = ( f)dx + (Z) (1.67)

The left-hand side, df;, of (1.67) is called the total differential of /.
If £ were a function of n variables and denoted by f(x,) as in (1.57),
then the corresponding expression for df would be

df = ( f)dxl (:f)dxz + - (6[ )dxn. (1.68)

Xo 0x,,

In some situations, despite the fact that several variables x; appear to
be involved, effectively only one of them is. This occurs if there are sub-
sidiary relationships constraining all the x; to have values dependent on
the value of one of them, say x;. These relationships are represented by
equations, typically of the form

x] = gj(x1)9 J = 29 3,- BRPY (N (1.69)

where the jth function g; gives the dependence of x, on x,. In principle f
can then be expressed as a function of x, alone by substituting from (1.69)
for x,, x3,. .., X,, and then the total derivative [or simply the derivative]
of f with respect to x, obtained by ordinary differentiation.

Alternatively (1.68) can be used to give

£=(i)ﬁ+(i)ﬁ‘z+...+<af>dx", (1.70)

dx; ox, ) dx, ox, /) dx; ox,/ dx,
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or, including the functions g; more explicitly,
d ) of d of dg,
f = f + _f_. _gz_ BRI f & .

(1.71)
dx, ox, 0xp dx, ox, dx;

It should be noticed that the left-hand side of this equation is the total
derivative df/dx;, whilst the partial derivative 8f/0x, forms only a part
of the right-hand side. In evaluating this partial derivative only explicit
appearances of x, in the function f must be taken account of, and no
allowance must be made for the knowledge that ‘as x, is changed, this
necessarily changes x,, and x, appears in f°. This latter contribution is
taken care of by the remaining terms on the right-hand side of (1.71).

Naturally what has been shown using x; in the above, applies equally
well to any other of the x,, with the appropriate consequent changes.

Finally, to illustrate what has been said with a simple transparent
example, suppose that for our earlier function f(x, y) = x% + 3xy, y is
constrained to be y = arcsin x and we require to find df/dx. To evaluate
(1.71) [here n = 2, x; = x, and x, = y] we need

of of dy 1
Z =2 3y, L = 3x, = -,
ox Xy oy x dx (1 — x?)¥2
yielding
ds
— =2x+ 3y +3x—
dx x Y (1 — x?)?
. 3x
= 2x + 3 arcsin x + m

»25. Show that the same result is obtained if y = arcsin x is substituted
in f(x, y) before obtaining df/dx by ‘one-variable differentiation’.

»26. Obtain df/dy using each of the two methods.

»27. Find df/dx if f = (x? + »* + z)'/2, where x, y and z are given by
x =sec?yand z = xz% + x2

1.9 The summation convention

In the previous section it was apparent that series of terms such as those
in (1.68) and (1.70) are cumbersome to write out explicitly. They can be
shortened by the use of the summation sign > ; for example, (1.68) could
be written

df = Zl (:—f) dx,. (1.72)

1
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But by the use of the summation convention, such expressions can be com-
pacted still further. The convention is:

In any expression containing subscripted (or superscripted)
variables, any lower-case alphabetic subscript (or superscript)
which appears twice and only twice in any term of the expression
is assumed to be summed over (unless the contrary is stated).

Thus a statement

2
df = —f—dx,», (1.73)
o0x;

is completely equivalent to (1.68). Equally (1.70) can be replaced by

dx, ox, dx;

and the expression for the total derivative of f with respect to any arbi-
trary x; written as

< == (1.74)

In this last expression it should be noted that summation over values from
1 to n applies to i only. Since j appears only once on the right-hand side,
no summation with respect to it is to be carried out, This is in line with
the fact that j appears on the left-hand side but i does not.

The general form of Taylor series for a function of » variables x; can
be conveniently written using the summation convention. For an expan-
sion about the point X;

of
Ja) = f(X) + (x; — Xj)_a‘_

X
n (xe — X, — X)) &%f
2! 0xy, 0x;

+ . (L75)

We have here deliberately used different subscript letters j, k, /,... in
each of the implied summations to emphasize which factors are multi-
plied together in each summation. Of course all the subscripts run over
the range 1 to n inclusive and, for example, x; is the same quantity whether
it arises from x, with j = 3 or x, with / = 3. All the derivatives are evalua-
ted at the point X;.

Although the convention is introduced here in the context of partial
differentiation, it is adopted in far more general circumstances. In later
chapters expressions such as:
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(i) a1b1 + azbz + e+ anb,,,
(i) anbix + aiohor + -+ + Ginbnk,
(lii) ay; + (2523 + -+ Ann s

will appear, particularly in connection with vectors, tensors and matrices.
All three can be expressed in substantially shorter forms by using the
summation convention thus,

() ab,, (i) @by, (ili) ay.

This preliminary mention of the summation convention should prepare
the reader for its more regular use in subsequent chapters, although on
the first few occasions it appears, a brief reminder of its meaning is given.

»28. Use the Taylor series (1.75) to find a polynomial expansion, up to
quadratic terms in x — #/4, y and z — 1, of the function sin (x + yz)
about the point x = #/4, y = 0,z = 1.

1.10 Change of variables

It is sometimes necessary or desirable to make a change of coordinate
system during the course of an analysis, and consequently to have to
change an equation expressed in one set of coordinates into an equation
using another set. Effectively the same situation arises if a function f
depends upon one set of variables x;, so that f = f(x;), but the x; are
given in terms of a further set of variables y,; by equations of the form

x; = x(y;). (1.76)
For each value of i, the function x; on the right of this equation will be a
different function of y,, y,,.... The two subscripts i and j need not run

over the same range, but if both the x’s and y’s are sets of independent
variables they will do so.

In this section the behaviour of derivatives under changes of coordinates
is considered. Differentials are treated later in connection with integra-
tion.

The simplest case occurs when there is only one y upon which each of
the x, depends. Perhaps the most common physical situation is that in
which the one y represents time [then usually denoted by ¢ of course]
and the x; are the spatial coordinates of a point moving along a prescribed
track. With only one y the total derivative df/dy becomes directly meaning-
ful and is given by

df of dx;

— = —— —— (summation convention). 1.77)
dy ox; dy
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This can be obtained manipulatively by dividing (1.68) through by dy,
and a proper formal proof follows closely the lines adopted in the next
few paragraphs.

The next situation to consider is that in which more than one y is in-
volved. For the function f(x;) where x; = x;(y,) as discussed above, we
determine the partial derivative of f with respect to one of the y’s, which
we denote by y,. It is clear that f varies as y; is changed, but because the
link is through all of the x; (y, effecting each x;, and f dependent on all
x;) the connection is an indirect one.

Suppose y; increases to y; + Ay, then each of the x; will change by an
amount

ox,
Ax, = a—‘ Ay + 0 {(Ay)3. (1.78)
37}

That is Ax; is given only approximately by (éx;/0y;) Ay for small but finite
Ay, but as Ay — 0, (1.78) gives the ratio of Ax; to Ay exactly. As a result
of these changes, in each of the x;, f changes its value from f(x)) to
f(x; + Axy), ie. to f(xy + Axy, X3 + AXs,..., X, + Ax;). We are thus
interested in the limiting value of the ratio

S+ Ax) — f(x) .
Ay

The numerator of this can be expanded by a Taylor expansion (as in
(1.75)) as

0
SO + Ax) = f(x) = 6—){- Ax, + O{(Ax)?}. (1.79)

[In obtaining this from (1.75), X; and x; of (1.75) have been replaced by
x; and x; + Ax; respectively. The summation convention applies to the
repeated subscript in the first term on the right-hand side.]

Next, substitution from (1.78) for Ax; and division all through by Ay
gives

SO+ Ax) = f(x) o %

= — — + O(Ay). (1.80)
Ay ox, o, (Ay)

[Since, as shown by (1.78), Ax; and Ay are of the same order of smallness,
the O{(Ax;)?} of (1.79) can be considered as being replaced by O{(Ay)3}.]
Finally, letting Ay tend to zero yields the required expression,

of _ o fu B = S0 o ox

— =1
oy, Av-o Ay ox; 0y,

(1.81)
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This result is known as the chain rule for partial differentiation and is
the analogue of that for ordinary (or total) derivatives; to which it reduces
if there is only one x and only one y,

2 = L . (1.82)

»29. If the position (x, y, z) of a particle at time ¢ is given by
x = 2%, y = sin 2¢, z = exp (—1t),

find the rate of change of radial distance r of the particle at time ¢.

In deriving result (1.81) no assumptions have been made about f and
so the chain rule is really a property of the operation of differentiation.
That is, it could equally well be written

o _me )
oy, oy; 0x;

which in turn can be put into words as ‘to change from the independent
variables y, to the independent variables x;, replace each partial derivative
with respect to y, by (éx;/dy,) times the partial derivative with respect to
x; and add the contributions for all i together’.

As an example of these procedures in practice, consider the following.

Example 1.1. Plane cylindrical polar coordinates r and ¢ are given in
terms of Cartesian coordinates x and y by

X =rcos¢, y =rsiné,

as in fig. 1.5. For an arbitrary function f(x, y), which when put into
(r, $) coordinates is g(r, ¢), transform the expression

bopd o2
_f + _'f- ’
ax2 ay2

into one in r and ¢.
To identify this problem in terms of the previous notation, we have

MEX, Y2y, XiZ&r, X329,
and

2 = x2? + yz, ¢ = arctan (y/x)
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0 x

Fig. 1.5 The connection between Cartesian and polar coordinates in two dimensions.

The four partial derivatives needed are:

ox 1+ (x)? r

o x — cosd o —(p/x% 3 _sin¢
ox (x® + y2)2 ’

a

r Y = sin ¢,

% _ (1/x) cos <,6.

5w

Thus from (1.83) we may write

oy 1+ (y/x)? r

e 0 sin¢g 0
— =cos¢— — — (1.84)
Ox or r o¢
and 0 c cos¢ 0
— =sin¢g — + _. (1.85)
oy or r o¢
Now it is only a matter of writing
o2 0 0 17 sing 0
—£=(cos¢——sin¢—)(cos¢——- ¢———)g
ox2 or od or r o¢
0 0 i %)
= COS ¢ — (cosqS—g - sin ¢ _;g)
or or r o
. . a
— sin ¢ f_(cos¢a_g._ m _g),
r o¢ or r o
and a similar expression for &2f/2y?,
a2 0 0, 0,
—l = sin¢—(sin¢—g + cos ¢ —5)
oy? or or r o¢
0 0,
cos¢_(in¢_g cos ¢ _E)E)
r o or r o
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When these two expressions are added together and the slightly lengthy
but straightforward differentiations carried out (an exercise left to the
reader), the change of variables is completed.

&? o? o2 1¢ 1 @2

LY P 1 1% (1.86)

»30. i
ox? eyt ar?  réer  r?édl

Although we have referred to f as f(x, y) and to g as g(r, ¢), both func-
tions in fact represent the same quantity in the two-dimensional space,
even though f and g will have quite different algebraic forms. For this
reason, it is not uncommon to leave the name of the function unchanged
and assume that it is expressed in an algebraic form suitable to the co-
ordinate system currently being employed.

»31. Express 8%f/0x ¢y in plane cylindrical polar coordinates.

»32. New coordinates ¢ and » are defined in terms of two-dimensional
Cartesians x and y by

E=x+y, n=x—y.
Express the equation

@f  ef of of

_—— — —_ — =90

ox?  oy*  ox ¢y

in the new coordinates.

1.11 Dependent functions

In obtaining (1.67) we assumed that f was a function of x and y, but
equally we could have said that y was a function of fand x, y = y(f, x),
since if the latter two are given, y is determined. Equally x = x(f, y).
To emphasize this symmetry of relationship let us replace f by z, without
in any way intending to imply that any or all of x, y and z are coordinate

positions.
Writing (1.67) in terms of x, y, z we have
dz 0z
dz = (——) dx + (—) dy, (1.87 a)
9x/y 0y )x

and equally

ox ox
dx = (_) dy + (—) dz. (1.87 b)
oy /, oz/,
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In equations (1.87) the subscript showing which variable is held fixed
in each partial differentiation is explicitly attached to the corresponding
partial derivative. Substitution for dx from (1.87 b) into (1.87 a) gives

oz\ [ox oz\ {0x 0z
oo GG e B on
ox), \oy/, oxJy \0z/, /)y

Now it is clear that if (6z/6x), exists and is not equal to zero, then
(6x/éz), also exists and is equal to the reciprocal of (éz/0x),

-1/ o

Of course for equations like (1.89) to be valid, the same quantities must
be held constant in the two derivatives [here y in both].

Using this general result shows that the terms in (1.88) involving dz
cancel and hence that

GG G- 10

By using (1.89) again to write the second term of this as (éy/0z); !, the
result may be written in the more symmetrical form

BE- o

provided none of the derivatives vanish.

»33. Show that
0
G- -G/ G (.
ay). ax),/ \ex),

»34. Verify explicitly the general result (1.91) for the special cases
(i) 22 = x* + »2, (ii) z = arctan (x/y).

1.12 Maxwell’s relations and Jacobians

To illustrate some of the ideas of the previous section, Maxwell’s thermo-
dynamic relations will now be obtained. They express relationships be-
tween four thermodynamic quantities describing unit amount of a sub-
stance. The quantities are p the pressure, ¥ the volume, 7"the thermodynamic
temperature and S the entropy of the substance. These four quantities
are not independent, only two of them being independently variable. For
the moment we will not specify which, but merely denote them by x and y.
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The first law of thermodynamics may be expressed as
dU=TdS — pdV, (1.93)

where U is the internal energy of the substance. Comparing this with
(1.68) and (1.70) we see that we may write

oU oS oV
-7 - ) (124

(Z_S)x =7 (g), k4 (%/)x‘ (1.94 b)

Next (1.94 a) is differentiated with respect to y with x constant and
(1.94 b) with respect to x with y constant, and the two results equated
(since 92U /oy &x = &2U/jox oy). After cancelling T 82S/oy ox — p &*V/
oy ox from each side we obtain the relationship

G- G- E6 06,

By substitution of various pairs of quantities chosen from among p, V,
T and S, for x and y, Maxwell’s equations may be obtained. For example,
taking x as S and y as V yields

or ap eT op
av)s ov /s 28/, as),

or op
(.-
av s s/,
»35. Prove the three other common Maxwell relations
. feT ov 14 oS
oG -G, @G --G),
op/s oS/, oT /, op/r

@ (), G,

Equation (1.95) can be rearranged to read

5.&), - E.EL-GLE),-GLE.

(1.97)

and

or
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The reader who has an acquaintance with determinants will notice that
both sides of (1.97) have the appearance of being the expansion of a
2 x 2 determinant. [Determinants and matrices are discussed at length
in chapter 14.] The left- and right-hand sides have respectively the forms

& G & G
& GG G

Such forms occur sufficiently frequently in the theory of partial differen-
tiation for them to be denoted by a special symbol defined by

(1.98)

of of of
ox oy 0z
og og og

8(f,g,h,...)= éx oy oz

ox, y,z,...) oh oh oh
ox _('; oz

(1.99)

The determinant in (1.99) is known as the Jacobian of f, g, h,... with
respect to x, y, z,. ... With this notation the two forms in (1.98) can be
written as Jacobians and (1.97) expressed by
oS, T) _ oV, p)
ax,y)  ox,)
With a little more obscurity but compensating compactness, the
Jacobian of a set of functions f; (i = 1, 2,.. ., n) with respect to variables

x; (j=1,2,...,n) can be described as the determinant of the matrix
whose (i, /)th element is &f;/0x;, and denoted by

(f) _ Wfrsfa- . fa)

a(x;) T B(x1, Xgy. e ey Xn)

(1.100)

(1.101)

If f and g are two functions of variables u and v, and « and v are in
turn functions of x and y, then by a direct but slightly lengthy expansion
it can be shown that the relevant Jacobians satisfy

o8 o, v) _ oS8
ou,v) Ax,y)  ox,y)

(1.102)
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This result has obvious extensions to sets of # functions and more than
one intermediate set.

For readers who already have sufficient familiarity with matrices and
their properties, a fairly compact proof for sets of »n functions of the
result corresponding to (1.102) can be given as follows. Other readers
may turn straight to the results (1.106 b) and (1.107 b) and return to the
proof at some later time.

Consider three sets of variables x;, y, and z;, with i running from 1 to n
for each set, and denote by M(XY) the matrix whose (i, /)th element is
0x,/0y;. From (1.73) applied twice

ox; ox; dy,
= —dy, = — —dz,. 1.103)
dx oy; Y oy 0z (
Thus
o 0x; O
29, {a chain rule]
0z, 0Oy; 0z,
or
M (XZ))y = [M(XY)},[M(YZ));, (1.104)

which is the statement that the matrix M(XZ) is the matrix product of
matrices M(XY) and M(YZ), in that order.

We now use the general result for determinants of product matrices
that |AB| = |4| x |B| and recall that the Jacobian

a
W) My (1.105)
ayy)
on taking the determinant of (1.104) we obtain
sz = nyyz' (1106 a)

As a special case, if set z; is taken identical to set x, and the obvious re-
sult J.,. = 1 used, we obtain

Terdys = 1. (1.107 a)

Written in the usual notation, these two results are

a(x19x2"~"xn) _ 3(x1,x2,...,x,.) a()’u}’z,"‘,yn)

8(21,22,...,2,,) - 3()’1, y2:--~ayn). 6(21,22,...,2,.)
(1.106 b)

and

a(-xla Xy eny X,.) _ [a(y19 Yo, "yn)] _1. (1.107 b)

3(y1,y2,...,yn) a(xl,xz,..., xn)
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The similarity between the properties of Jacobians and those of deriva-
tives is apparent, and to some extent is suggested by the notation.

»36. Use (1.106 b) and (1.107 b) to show that result (1.100) can be written
as

oS, T) .

oV, p)

1.13 Stationary values for functions of several variables

Just as for functions of a single variable, we may seek values of the vari-
ables x; upon which a function f(x;) depends, that give f a (local) maxi-
mum or minimum. However the general situation is more complex than
that for a function of one variable as may be seen from fig. 1.6.

Fig. 1.6 Stationary points of a function of two variables. A minimum occurs at B,
a maximum at P and a saddle point at S.

This figure gives a rough sketch of part of a three-dimensional model
of a function f(x, y). At positions P and B there are a peak and a bowl
respectively — or, more mathematically, a local maximum and a local
minimum. At position S the situation is more complicated, since a sec-
tion parallel to the plane x = 0 would show a maximum, but one parallel
to the plane y = 0 would show a minimum. A point such as S is known
as a saddle point. The orientation of the ‘saddle’ in the xy-plane is
irrelevant; it is as shown in the diagram solely for ease of discussion.
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For a function of two variables, such as the one shown, it is geometric-
ally obvious that a necessary condition for a stationary point (maximum,
minimum or saddle point) to occur is that

0 of
— =0 and — =0. (1.108)

ox oy
The vanishing of the partial derivatives in directions parallel to the axes
is enough to ensure that the partial derivative in any other direction does
so too, since any such derivative can be resolved along the directions of
the two axes.

A more difficult criterion to formulate mathematically is that which
determines the nature — maximum, minimum or saddle point — of the
stationary point. To do so we may employ the Taylor expansion (1.75)
about the point (x,, yo) keeping only the first non-vanishing terms (in
addition to f(x,, yo)), since they can always be made to dominate later
ones by making x — x, and y — y, small enough. The second and third
terms of (1.75) vanish on account of (1.108) and so we are left with

1 ,
159) = fxor30) = 57| G = 3 55

2 2

+ (¥ = »0)® 5@] (1.109)

+ 2(x — xo)(y — yo) ox By

Arrangement in this form shows that the variation of f(x, y) from its
value f(x,, yo) at the stationary point is determined by the quantity in
square brackets. For a maximum (such as P in fig. 1.6) this quantity must
be negative whatever the values of x — x, and y — y,, and similarly
for a minimum (such as B) it must be positive for all values. In both cases
we should more strictly say ‘for all sufficiently small values of x — x,

and y — y,’.
To save space let us write the quantity in square brackets as
X324 + 2XYB + YZ2C, (1.110)

where 4, B and C are real constants, and then rearrange it in the form of
the sum of two squares thus,

BY\?2 B2
A X+—) + (C——)Yz. 1.111
( A A ( )
For this to be >0 for all X and Y, we must have

@ A4>0, (i) C — (B%/A) > 0. (1.112 a)

In view of (i), (ii) can be written as AC > B2,
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If (for a maximum of /) expression (1.110) is to be <0 for all X and Y,
we must have

(i) 4 <0, (iv) C — (B%A) < 0. (1.112 b)

In view of (iii), (iv) can, like (ii), be written as AC > B2

When expression (1.110) is positive for some values of X and Y and
negative for others we have a situation corresponding to a saddle point.
If it is zero for all X and Y, then all second derivatives of f are zero and
our criterion fails.

Stated in terms of partial derivatives, results (1.112) become

ox?

of ..
—_ > Oforamlmmum,} (1.113 a)
< 0 for a maximum,

0% o%f ( izf_

2
P 8_y2 > ) in either case. (1.113 b)

ox oy

Failure of condition (1.113 b) implies (except where both sides are zero)
that the stationary point is a saddle point. It should not be forgotten
that the above criteria apply only at points where &f/6x = of [y = 0.

»37. Show that the function x®exp (—x2 — »?) has a maximum at the
point ((3/2)'/?, 0), a minimum at (—(3/2)!/2,0), and a stationary point,
whose nature cannot be determined by the above procedures, at the
origin.

What has been shown above for functions of two variables can be ex-
tended to those of an arbitrary number. We will only state the results;
the general lines of the proofs, if not the details, are probably apparent
from the statements.

For a function of n variables x,, the condition that f'should be stationary
at the point x; = x;, is that df = 0 for all small values of (x; — x,).
From (1.68) this implies that

Y
[—L] =0, fori=12,...,n. (1.114)
ax{ x,=x,o

The condition that the stationary point should be a maximum is that the
expression

2
@ = (x — x,)(x; — x,,) ——— (summation convention) (1.115)
ox; 0x,



1.14 Stationary values under constraints 41

should be <O for all sufficiently small values of (x;, — x;,). For a mini-
mum Q must be >0 for all such values.

For the purely utilitarian purpose of practical application, we record
here that the theory of matrices and quadratic forms shows that the
question about Q can be answered as follows. Consider the series of
determinants,

&ef
a2f 5x_f 8x2 8x1
Ql = —’ Q2 = ’
ox? of o

0X1 0%y 5.;6—3
of & %
oxi  Oxy0x, Ox30x,

o o *f

= - > 1.116
2 Ox,0xy  Ox2 Ox30x, ( )
or  of o
dx,0x5 0x30%3 dx3

etc., up to the n x n determinant whose (i, j/)th element is given by
% Jox;0x, for 1 < i< nand 1 <j < n Then Q > O for all values of
(x, — x,) if all of Q,, Qs,..., O, are separately >0; also, Q < 0 for
all values of (x, — xi,) if Q1, Qs,..., Q2+, are each <O whilst Q,,
Qs,. .., Qo are each >0.

The results obtained previously for a function of two variables are par-
ticular examples of these general ones, as may be checked by the reader.

»38. Show that the function
10x2 + 8y% + 22 — 12xy — 4x — 24y — 2z + 8

has only one stationary point and that that is a minimum with a value
of —33,

1.14 Stationary values under constraints

We have considered the problem of finding stationary values of a func-
tion of two or more variables when all the variables may be independently
varied. However, it often happens in physical problems that not all the
variables used to describe a situation are in fact independent; for example,
the sum of the energies involving the different spatial variables may be
required to be constant in time.
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If fis a function of n variables x; (i = 1, 2,..., n), but the x; are not
truly independent, being constrained by m (<n — 1) relationships

g(x)=0, j=12,...,m, 1.117)

then effectively there are n — m independent variables available for varia-
tion. The form of equation given in (1.117) is no restriction on the types
of constraints so long as they can be written in algebraic form. We assume
that each of the m different functions g, has partial derivatives with respect
to each x; appearing in it.

One can visualize the procedure for this situation as that of solving
(1.117) for m of the x; and then substituting for these m variables, in terms
of the other n — m, into f. The function f would then contain n — m
independent variables and could be treated as in the previous section.
In many cases, this procedure is feasible, but in others it is either cumber-
some or impossible; for example, for some forms of the functions g;
it may not be possible to write an explicit solution for a particular vari-
able. Consider, for example, an equation such as

x? 4+ x% + arcsin (x;/x;) = 0,

which cannot be solved explicitly for either x; or x, in terms of the other.

When such situations arise, use may be made of a method known as
Lagrange’s undetermined multipliers. At first sight the method appears
somewhat artificial, but in later chapters it will be seen that the apparently
arbitrarily introduced ‘multipliers’ in fact have close connections with
the sought-for stationary value solutions.

At a stationary point x;, we must have df = 0 as before, but not now
for all sufficiently small values of x, — x;,, but rather only for those which
are such that

gx) =0, j=12,...,m. (1.117 bis)

That is, only those variations of x; are allowed which do not change the
value of each of the g;; as a formula,

dg,; =0, j=12...,m. (1.118)

Now consider a new function F of the x;, defined by

F(x) = f(x) + Agdx), (1.119)

where the A; (m of them) are as yet unknown multiplying constants —
hence the name of the method. The fact that they are taken as constants
should be emphasized. In view of the requirements that at a stationary
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point df must be zero and from (1.118) that dg; must also be zero, we
must have that

dF = df + X, dg, = 0. (1.120)

From this we may write (see (1.68))

oF
— =0, k=12,...,n, (1.121)
ox;,

that is
g 7
—ji+/\jﬁ= ., k=12,...,n. (1.122)
0x), 0x),

Line (1.122) gives n equations which may be used together with the m
equations (1.117) to provide m + n equations for what are now m + n
unknowns, namely the n quantities x; and the m values of A,.

Thus at the price of increasing the total number of unknowns to m + n,
the problem has been made into one in which the changes in the x; can
be made independently.

To illustrate the undetermined-multiplier method described above, we
will now (partially) derive a well known result from statistical mechanics —
the Boltzmann distribution. We will not be concerned here with the
physical arguments involved, but merely summarize these by stating the
problem as follows.

A system contains a very large number N of particles, each of which
can be in any of R energy levels with a corresponding energy E; (i =
1,2,..., R). If the number of particles in the ith level is n,, and the total
energy of the system is E, then it is required to find the distribution n,
fori=1,2,...,R

Statistical arguments indicate that the distribution will be that which
maximizes the expression

N!

P = —————y
n!ng!. . .ng!

but of course subject to the constraints

B

ga)=N- n=0, (1.123 a)
i=1

and

R
g:(n) = E — Z nE = 0. (1.123 b)
t=1
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Maximizing P is equivalent to minimizing its denominator since N'!
is fixed. This is most conveniently done by considering its logarithm and
using an approximation due to Stirlingt and valid for large n, that

In (nY) ~ nfin (n) — 1].

The problem then becomes one of minimizing
R

R
In(mny!...ng) = 3 niln(n) - > (1.124)
i=1 i=1

subject to (1.123 a) and (1.123 b). The second term on the right of (1.124)
necessarily has value — N, and so may be disregarded from the point of
view of finding stationary values. The implicit assumption has been made
here that for distributions near to the required one, all the », are reasonably
large.

Thus we arrive at the situation described earlier, with the n; playing
the role of the x;, > n; In (n)) the part of f, and equations (1.123) provid-
ing two constraints on the R variables. The analogue of Fin (1.119) is

F=2 min(m)+ AN =2 m)+XM(E -3 nE). (1125

Taking its partial derivative with respect to a general n, gives

oF 1

— =m— + In(n) — Ay — AE,, (1.126)
on,, ny

and setting this equal to zero at the value ny,, corresponding to the

stationary value of P, yields

In(n,,) = ME. + A, — 1. (1.127)
Hence the distribution of the n, follows the law
n, = Cexp (ALE), (1.128)

where C is independent of k, but of course C and A, are such that the two
equations

> Cexp (LE) = N,
k

and
Z CE, exp (AE) = E,

k
+ More accurately, a first-order Stirling formula gives

n! = Qm)'2n*+ 12 exp (~n)

for large n, and the form used in the text is an approximation to this in
which all terms not increasing at least as quickly as » have been dropped.
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are satisfied. [The reader is probably aware that A, has the value —1/kT,
where k is Boltzmann’s constant and T the thermodynamic temperature.]

»39. Find the maximum and minimum values taken by the expression
13x% + 8xy + 7y2 on the circle x2 + % = 1.

1.15  Integration

The notion of an integral as the area under a curve will be familiar to the
reader. In fig. 1.7, in which the solid line is a plot of a function f(x), the
shaded area represents the quantity which is denoted by

b
I =f S(x) dx. (1.129)
This expression is known as the definite integral of f(x) between the

lower limit x = @ and the upper limit x = b, and f(x) is called the inte-
grand.

S

a

Fig. 1.7 An integral as the area under a curve.

This is not the formal definition of the integral, but a readily visualiz-
able representation of it. The formal definition of 7 involves subdividing
the interval ¢ < x < b into a large number of subintervals by defining
intermediate points ¢ such that a=§, < é, < &< -0 < &, =b.
After this the sum

S =2 SO)& ~ &-0) (1.130)



46 Preliminary calculus

is formed, where x, is an arbitrary point which lies in the range £_; <
x; < &,. Then if n is allowed to tend to infinity in any way whatsoever,
subject only to the restriction that the length of every subinterval & _,
to ¢, tends to zero, S may or may not tend to a unique limit 7. If it does,
then the definite integral of f(x) between a and b is defined as having the
value 7 and the fact expressed by (1.129). If no unique limit exists the
integral is undefined.

This description in no way purports to be a proper analytical one, but
merely a prosaic explanation of the steps involved. The reader interested
in a rigorous development should consult a textbook on pure mathematics.

Some straightforward properties of definite integrals, for which general
lines of proof are almost self-evident are:

bedx _o, (1.131 a)
fb f(x)dx = — fa f(x)dx, (1.131 b)
fc F(x)dx = fb £(x) dx +f°f(x) dx: (1131 ¢)

if m < f(x) < M fora < x < b, then

mb — a) < fbf(x) dx < M(b - a), (1.131d)

fb [f(x) + g(x0))dx = fbf(x) dx +fbg(x) dx. (1.131¢)

The alternative view of integration as the converse of differentiation
can be connected to the graphical representation as follows. Instead of
considering the definite integral of f between fixed limits @ and b, form the
integral from a lower limit x, to a variable upper limit y (as illustrated
by the shading in fig. 1.8). This type of integral is formally defined just
as previously, but because of its variable upper limit, it is known as an
indefinite integral. Its value depends upon the value of y and so we will
write it as F(y) where

F(y) = fy f(x) dx. (1.132)

It is apparent that F(y) is a continuous function of y.
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f(x)

7 8

y+ Ay
Fig. 1.8 The indefinite integral of f(x) from x, to y.

Now consider what happens if y is increased to y + Ay; then

v+Ay

F(y + Ay) = f f(x) dx, (1.133)

*o

which from (1.131 c) can be written as

F(y + Ay) = fy £(x) dx +f““ £(x) dx

= F(y) +f yf(x)dx. (1.134)

Rearranging (1.134) and dividing through by Ay yields

F(y + Ay) — F(y) 1 fy+s
Ay Ay Jy

f(x)dx. (1.135)

Now if Ay is allowed to tend to zero, the left-hand side of (1.135) becomes,
by definition, dF/dy, and the right-hand side becomes f(»). This latter
statement follows since all the x; referred to in definition (1.130) have to
come from an arbitrarily small region close to x = y and so the f(x;) have
to have the value f(y) arbitrarily precisely; the sum on the right of (1.130)
then becomes f(y) times the sum of the subintervals, which is exactly

J(y) x Ay.
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Equation (1.135) therefore, in the limit Ay — 0, reduces to

dF(y)
—— =S (1.136)
dy
that is, the indefinite integral F(y) of a function f(x), is that function which
has f as its derivative. This is such an important result that it is worth
repeating in a different form, namely

%[f: J(x) dx] = f(»). (1.137)

It is also apparent that the value I of the definite integral is given in terms
of F(y) by

1=f f(x)dx=f f(x)dx—faf(x)dx
~ F(b) — F(a). (1.138)

In our presentation, different variables x and y have been used as the
arguments of f and F, and a specific lower limit included. It is common
practice to omit one or both of the limits in an indefinite integral, e.g.
to write (1.132) as

F= ff(x) dx, (1.139)

and to insert them only when a specific evaluation has to be made. It is
also not uncommon to use the same symbol for both variables

F(x) = f 1) dx,

but this practice can be confusing, and should be avoided for that reason.

1.16  Infinite and improper integrals

The prescription given earlier for the formulation of a definite integral
does not accommodate the case in which the integration runs over an
infinite range in x, that is @ or b (or both) is infinite. Nor does it deal with
the situation in which f(x) is unbounded (becomes arbitrarily large in
modulus) in some part of the range, e.g. f(x) = (2 — x)~"* near the
point x = 2.
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The failure in the case of an infinite range for x comes about because
any finite number of intermediate division points must leave at least
one infinite interval. At some point in this interval f(x) will be non-zero
(except for trivial cases) and so the corresponding term in the sum S
itself contributes an infinite amount. This difficulty is got round by
taking the limit of, say, b — <o after a finite integral with upper limit b
has been defined. Thus, if for finite b

I = J-bf(x) dx = F(b) — F(a), (1.140)

and if, when b — oo, F(b) approaches a definite finite limit L, i.e.
lim F(b) = L, (1.141)
b— o

then we define the infinite integral of f(x) from a to oo as having the value
L — F(a),

[[roas-1-rFa. (1142
Other infinite integrals

f_: f(x)dx and f_wm f(x)dx,

may be defined by similar limiting processes.

The second case of failure of the simple formulation, the case in which
the integrand is unbounded, leads us to define an improper integral by the
process of omitting from the range of integration a small piece of it con-
taining the point at which the integrand is unbounded, evaluating the
remaining integral, and then letting the size of the excluded range tend to
zero. If with this procedure the integral tends to a finite limit, then the
value of the improper integral is defined to be equal to that limit. The
excluded piece may be entirely inside the range or may include one of the
limits. An evaluation for the previously mentioned function will show
what is meant. Suppose we have to find [or define]

J= r (2 — x)"YV4dx. (1.143)
0

The integrand tends to infinity near x = 2 and so we replace J by

J = .F_‘ @ — %)~ dx, (1.144)

0
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where an interval of length ¢ has been removed between x = 2 — ¢ and
x = 2. Now J, can be evaluated as
Ji=[-3Q2 = 0%
= —%e3% 4 £ x 2978,

If ¢ is now allowed to tend to zero, J, tends to the limit $ x 2%¢ which
is thus the value of the improper integral (1.143).

»40. Determine whether the following integrals exist, and where they do
evaluate them:

@ X

-w (X% + a?)? dx,

(i) Jm exp (—Ax) dx, (ii)

e 1 . 1]
(iii) J-l 1 dx, (lV)J; -;5dx,

ni2 0 1 X
t 68.d0, i — dx.
w) L co (v1)J‘0 1= ) X

1.17  Integration by parts

Particular methods of evaluating definite and indefinite integrals will not
be considered in general here, as the reader is presumed to have some
familiarity with the integration of standard forms and the method of
substitutions (changing to a new integration variable in order to reduce
an integrand to a standard form).

However, one particular method known as integration by parts is of
such general utility and will be employed so many times in the remaining
chapters, that some discussion of it is amply justified.

The basis of the method is the result derived in (1.41) for the derivative
of a product:

dg

d Wl = g S 4 1.41 bi
I B = g =+ b (1.41 bis)

If this equation is rearranged and each term then integrated between
limits x = g and x = b, we obtain

> dh v d > dg
J‘gadx— I —d-;[gh]dx—j;ahdx. (1.145)

a a

Now the first term on the right is the integral of the derivative of a func-
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tion [= g(x)h(x)] and is thus immediately evaluated as the difference
between the two values of the function at the limits, namely

[g(DA()]a (1.146 a)
or g(Ohb) — g(@h(a). (1.146 b)

Thus, (1.145) can be written as the equation giving the ‘formula for inte-
gration by parts’,

v dh bd
j g—dx = [gh]};—f %€ hax, (1.147)
« dx o dx
or, expressed in terms of differentials of g and A,

b b
f gdh = [gh), - J hdg. (1.148)
a a

To see how this may be of value in evaluating an integral f f(x)dx,
where f(x) is not a ‘standard form’ whose integral is known, suppose
that f can be written as the product of two functions, one of which has a
known integral and the other of which is differentiable. Then the first
function may be taken as di/dx in (1.147) and the second as g, and the
integral replaced by the right-hand side of (1.147). The first term of the
new expression can certainly be evaluated, and it may well be that the
second term is now an integral which can be evaluated using known re-
sults. Even if this is not so, a second integration by parts [of course A
must be integrated again and g further differentiated, or the work of the
first integration by parts will be undone] may produce the desired situa-
tion and result in two definite expressions, each to be evaluated at the
upper and lower limits, together with an integral which has a known value.

As with one or two earlier results in this chapter, integration by parts
is often remembered for practical purposes in the form of a clumsy but
recallable sentence.

The integral of a product is equal to {the first times the integral
of the second} minus the integral of {the derivative of the first
times the integral of the second}.

Although the discussion here has been in terms of definite integrals,
integration by parts applies equally well to indefinite integrals.

To demonstrate one or two ways in which integration by parts can be
used, we will solve the following three examples.

Example 1.2. Evaluate

b
I= f xcos x dx. (1.149)
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The function whose derivative is x cos x is not directly apparent, but
if we identify the x and cos x of (1.149) with the g and dh/dx of (1.147)
respectively, then integration by parts gives

b

I= [xsinx]‘,;—J I x sin x dx

a

bsinb — asina — (—cos b + cos a)
(bsinb + cos b) — (asina + cos a).

Example 1.3. Evaluate

J‘y In (x) dx.

Here we do not have an obvious product in the integrand, but one can
be manufactured by taking ln x as one factor and unity as the other.
Since we cannot integrate In (x) [that is the whole problem] this is the
factor which must be differentiated and unity is the factor to be integrated.
Proceeding on these lines, we obtain

v v 1
j In (x) dx = {In (x) x}¥ —J‘ —-xdx.
1 1 X
The integral on the right is now trivial and the result

Jw In(x)dx = yIln(p) — 1 In (1) — [x}

1

=yln(y)—y+1

follows.

Example 1.4. By integrating by parts twice, evaluate

I= f e~ ** cos ax dx, A>0.
1]

Integrating by parts once (using exp (—Ax) as the g of (1.147))
I=[e'* smax] J‘ (=Ne- Msm xdx.
a

The infinite upper limit causes no difficulty and so

A ®
I=0-0+ —f e M sinaxdx.
aJdo
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Now integrating by parts a second time,

A [ . (—COs ax)]“’
-_— e ————

a
__J‘ (—Xe- ( cosax)dx

But the integral on the right is just a simple multiple [ — A%/a?] of the original
integral I. Thus

A 1 A?
P 2ol 2y
a a a

Ala? A
1+ Xja®> @+ ¥
These examples, together with the exercises below, should be sufficient

to give the reader the working knowledge necessary to follow the use of
integration by parts made in subsequent chapters.

I=

and

I =

»41. Use integration by parts to evaluate the following:

¥ v
(i) f x2sin x dx, (ii) f x In (x) dx,
[d] 1
v In (a? + x?
(i) f " arcsin x dx, iv) f ——(—x;——zdx,

ni2
W) J‘ cos (2x) sin (3x) dx, (vi) repeat (v) reversing the
0 roles of the factors.

»42. If

@
I, = f x"e * dx,
[}

show, by integrating by parts, that I, = nl,_,. Hence evaluate I,,.
»43. If J, is the integral
Jo = J- x" exp (—x?) dx,
0

show that
(@) Jore1 = (rY)/2,
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Qi) J,, = 2r - l)~(2;— 3...3-1 Js.

1.18  Multiple integrals

For a function of several variables, just as derivatives with respect to
two or more of them may be considered, so may the integral of the function
with respect to more than one variable be formed. The formal definitions
of such multiple integrals follow very much the obvious extensions of the
definition of the integral with respect to a single variable, discussed at
the beginning of section 1.15. We will discuss almost exclusively integrals
involving only two or three variables, partly because they are more readily
visualizable, and partly because they illustrate all the essential features of
those involving more. The number of variables is called the dimension of
the integral; up to the present only one-dimensional integrals have been
considered.

% Iy

|
|
t
|
|
|
i
|
|
|
|
|
|
'
i

Xy X1 x2 Xz X

Fig. 1.9 The region of integration for the double integral given in equation (1.150).
The elementary strip shown is appropriate to the integral in the form ex-
pressed by line (1.151 a).

For an integral involving two variables — a double integral — we have a
function f(x, y) to be integrated with respect to x and y between certain
limits. The function f may also depend upon other variables but we will
not write these explicitly. The limits may, for both x and y, be constants,
or the limits for x may depend on the value of y or vice-versa. Whatever
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the relationship, the limits can usually be represented by a closed curve
C in the xy-plane, bounding an area which we will denote by S (fig. 1.9).
The integral is written symbolically as

I=JLf(x,y)dxdy, (1.150 a)

or as

I= f f(x,y)d4A, (1.150 b)

where dA4 (or d4,,) stands for the element of area in the xy-plane.

Some authors use a single integration symbol whatever the dimension
of the integral; others use as many symbols as the dimension. In different
circumstances, both have their disadvantages, either of ambiguity or of
clumsiness. We will adopt the convention, typified by (1.150 a, b), that
as many integration symbols will be used as differentials explicitly written.
This will allow the freedom to use the more compact form when no con-
fusion is likely, but to be explicit when emphasis is needed or ambiguity
is possible.

Form (1.150 b) makes no explicit statement about the limits of integra-
tion except by reference to a diagram such as fig. 1.9 or to an equation
¢(x, y) = 0 giving the boundary curve C. This same prescription for the
limits may also be used in connection with form (1.150 a), but an explicit
statement of them can be written in the form

. J‘Yz{J‘xz(y)f(x’ » dx} dy. (1151 a)
Yy x1(¥)

Expression (1.151 a) indicates (refer again to fig. 1.9) that f(x, y) is to be
integrated with respect to x between the two values x = x; and x = x,,
where x; and x, both depend on y, and then the result (considered as a
function of y) is to be integrated between the limits y = Y, and y = ¥,.

The same result would be obtained if the order of the two integrations
were, reversed, and the area S ‘cut up the other way’. A formula corre-
sponding to (1.151 a) for this case would be

I fxa{ yg(x)f(x, » dy} doc. (1.151 b)

Xy yy(x)

As a simple example consider
I=f (x — yy>dxdy

over the triangular area (shown in fig. 1.10) whose sides are x = 0,
y=0x+y=1
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¥y

(x,1 —x)

0 x 1 x

Fig. 1.10 The triangular area for the evaluation of I

Suppose we choose to carry out the integration with respect to y first.
With x fixed, the range of y is 0 to 1 — x, as indicated in the figure. Thus
with all its limits explicitly filled in, the expression for I becomes

I =f1{f1—x(x - y? dy}dx,
0 o

which can be evaluated as
1
- f {I—4x = Y1) dx
0

=J1{—§(2x — 1P + 3% dx

= [—#(2x - D + 'l

— Attt -0=t

In this case the symmetry between x and y of both the integrand and inte-
gration region is sufficient by itself to show that the same result would
be obtained if the order of integrations were reversed and the integral
with respect to x evaluated first.

»44. (i) Evaluate f f x%y dx dy over the same triangular region as in the
above example (fig. 1.10).

(i) Reverse the order of integrations and demonstrate that the same
result is obtained.

»45. Evaluate f s %y + x) d4, where S is the rectangle with corners
(0, 0), (3, 0), (a, b), (0, b).
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Three-dimensional, or friple integrals, are described in an analogous
way. Without going into details, we note that they will be written either as

ffJ. f(x,y,z)dxdydz, (1.152 a)

or as
~[f(x,y,Z)dV or f S(x, py,2)dV,,.. (1.152b)
v v

The integration is over a volume whose surface determines the upper
and lower limits for x, y and z. As with double integrals the particular
values of the limits appropriate to any one of the variables of integration
depends upon the order in which the individual integrations are carried
out.

Multiple integrals over ranges which are infinite in extent or include
points at which the integrand becomes infinite are treated in the same way
as similar one-dimensional integrals.

»46. Evaluate the integral fV (x% + y? + z2) dV, where Vis the rectangular
volume whose six surfaces are the planes x = ta,y = +b,z = +c.

»47. Evaluate f x2y dV over the volume bounded by the planes x = 0,
y=0,z=0, x4+ y+ z=1. Use two different orders of carrying out
the integrations, and show that the same result is obtained both times.

»48. Evaluate, for A > 0,

ij exp (— Ar) exp (ir cos ) r sin 0 sin% ¢ dr d4 d¢

over the infinite volume 0 € r < 0, 0 < # < =, and 0 < ¢ < 2#. [This
is the integral of the function r~*exp [r(—A + icos 6)]sin® ¢ over all
space, with everything expressed in spherical polar coordinates the ele-
ment of volume being 72 sin 8 dr d8 dé.]

1.19  Change of variables in multiple integrals

It often happens that, either because of the form of the integrand involved,
or because of the shape of the boundary of the region of integration, it is
desirable to express a multiple integral in terms of a new set of variables.

As an illustration of what is meant by this, we may refer to the note in
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»48 and see that if the function to be integrated over all space were ex-
pressed in Cartesian coordinates it would be

1
f(x,p,2) = 1 e P [—AG + ¥ + 297

(Y
x exp (1z) —————— .
p( )x2+y2+z2 (1.153)

Fig. 1.11 The connection between Cartesian and spherical polar coordinates.

The connections used to link the two sets of coordinates are depicted in
fig. 1.11 and given as formulae by

x=rsin0cos¢,}

y = rsinfsin g, (1.154 a)
z=rcosé,

and the inverse equations
r= +(x2+ y* + z2)'2,
6 = arccos [z/(x* + y* + zH)'?], (1.154 b)
¢ = arctan (y/x).

Now suppose that in the course of a calculation it is required to integrate
f(x, y, z) of expression (1.153) over all space, i.e. to evaluate the integral,

= f.: f _: f .: o :a;:zzz)m

x exp [—Ax? + y? + z?)V3] exp (iz) dx dy dz. (1.155)
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Clearly the integrand has a simpler form when expressed in spherical polar
coordinates [namely the previously noted r=* exp [r(— A + i cos 6)] sin? ¢]
and changing this part of the integral to such new coordinates presents
no difficulty. Neither, in this case, do the limits of integration which
become 0 < r < 0,0 < 6 < 7wand 0 < ¢ < 27 The part of the integral
which requires more consideration is the element of volume dx dy dz,
which, it is stated in »48, becomes r? sin 6 dr d6 d¢.

The purpose of this section is to develop a general expression relating
an element of volume (or area) in one coordinate system to the corre-
sponding element in another. If the sets of coordinates in the two systems
have corresponding physical dimensions (e.g. all are lengths, or two are
lengths and one a time, in each set) then we may speak of the local magnifi-
cation of the element of volume (or area) in going from one coordinate
system to another.

y L]
r
C
x ¢
-1
- /
L] -
i | d4,, /
dy| dd., : Y /
X
dx 8, 0y
————
¢

Fig. 1.12 The regions of integration and the elementary areas in the original xy-
plane and the transformed £%-plane.

We will use a language which suggests that we are all the time dealing
with lengths, areas and volumes, but the results obtained apply to all
sets of variables so long as there is a one-to-one correspondence between
the values taken by the variables in the two systems in describing the
same sitnation. Qur approach will be a simple geometrical one and we
will start with the two-dimensional case.
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Suppose that we require to change an integral

f f(x,y)dA,, (1.156)

in terms of coordinates x, y into one expressed in new coordinates ¢
and n which are given in terms of x and y by (differentiable) equations

&= f(x’ y)s n= ﬂ(x, y) (1157)

The area S and the curve C which bounds it will become a new area
and a new boundary I in the &-plane, as shown in fig. 1.12. The function
J(x, y) becomes (£, 7).

An element of area in the xy-plane is given by d4,, = dx dy as in the
figure and the question is ‘what is the size of the area which this corre-
sponds to in the éxn-plane?’. In general the corresponding element dA,,
will not be the same as d4,, in shape, but this does not matter since all
elements are infinitesimally small and the value of the integrand is con-
stant over the elementary area providing the latter is small.

Since dx and dy are infinitesimal, the lines of lengths X and Y corre-
sponding to them will be straight and dA4,, will have the shape of a paral-
lelogram. We work out the area of the parallelogram as follows (see fig.
1.12 for the notation),

dA,, = XYsin (8, — 64)
= Ysin 8y X cos 8y — Y cos 8y X sin 04

on . 0¢ 0t | oy

= —dy —dx - —dy—d .158
7 P amx T Ty T a (1.158)
o0 © o€ ©

= (_f._i__é_n)dAxy_ (1.159)
ox 0y oy ox

The substitutions made in line (1.158) follow from noticing that, for
example, Y sin 8y is the projection on the n-axis in the £7-plane of the
line corresponding to the infinitesimal dy (parallel to the y-axis) in the
xy-plane. Thus

. on
Ysin 6, = — dy. (1.160)
oy

Similarly for the other three terms.

The quantity in brackets in (1.159) is just the Jacobian of ¢ % with
respect to x, y, discussed in section 1.12. Thus we conclude that an ele-
ment of area dA4 in the xy-plane corresponds to one

Jo ¢, )
ax, y)
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times as big in the éx-plane, i.e. the Jacobian at any particular point gives
the local magnification of the size of an element of area in changing from
the (x, y) set of coordinates to the (&, 1) set.

If the ‘physical’ dimensions of x, y and ¢, n are different, as they are
in example 1.5 below, then it seems inappropriate to speak of magnifica-
tion. Nevertheless, the relationship between the size of the differential
of area generated by dx, dy and the size of the corresponding differential
of area generated by d¢, dy is

a(¢,m)
x, y)

Of course the value of the Jacobian can, and in general will, vary over the
region of integration.

The order in which a new set of variables is arranged (e.g. ¢, » rather
than 7, £) must agree with conventional use (i.e. a rotation from the £- to
the »n-axis of #/2 is in the positive (anticlockwise) direction) or spurious
minus signs can be introduced into the double integral.

Rather than explain further in general terms the actual procedure, let
us give an elementary example of a two-dimensional change of variable
[to illustrate the method, but hardly to obtain a previously unknown
result].

dédy =

dx dy. (1.161)

Example 1.5. Find the area of the circle x2 + y? = 4%

@ ()]
Fig. 1.13 The region of integration for example 1.5 in (a) the xy-plane and () the
r¢-plane.
In the given Cartesian coordinate system the required area « is
y=( al2—x2H1/2

=" dy dx. (1.162)

=-a = —(a2-x%H1/3
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[In this case the function f(x, y) of (1.151) is unity.] Because of the cir-
cular boundary of the integration region a change of variables to plane
polar coordinates r, ¢ is indicated (fig. 1.13). The limits of the integral
are then simple, namely 0 € r < @, 0 < ¢ < 27. This leaves only the
Jacobian of the transformation to be computed.

For this purpose we have

x=rcos¢, y=rsing. (1.163)

It is just as satisfactory to calculate o(x, y)/o(r, $) as to calculate
a(r, $)/8(x, y), since these two are, by (1.107), reciprocals of each other.
In this case it is more convenient, since the value of the Jacobian is auto-
matically expressed in r and ¢ rather than in x and y, and it is dx dy
we wish to replace. Carrying out the calculation, we obtain

Uxv,y) _ |cosé —rsing| (1.164)
or, ¢) sing  rcosé
Thus we have, using (1.161) in the form
aAx, y)
dxdy = dédy, (1.165)
oA m)
that
0
dxdy = 25 4r 44 = 1 dr dg.
o, ¢)

Putting this into (1.162) expressed in the new coordinates we obtain

a 2n a
a=f f rdrd¢=f 2ar dr = wa®.
r=0J =0 r=0

[Of course, since f(x, y) equals 1 in (x, y) coordinates, it does so in (¢, n)
coordinates also.]

A change of variable in a three-dimensional integral follows the same
general lines as that in a two-dimensional one. Without the same amount
of subsidiary explanation as given above for the double integral, we will
outline the main points of the derivation.

Suppose we wish to change from coordinates (x, y, z) to coordinates
(¢, 1, x)- A rectangular volume of sides dx, dy and dz in the original sys-
tem will become a parallelepiped in the new one, with edges X, Y and
Z, corresponding to dx, dy and dz as in fig. 1.14 (a) and (b).

Consider the (straight) line element X, corresponding in the &, 7, x



1.19 Change of variables in multiple integrals 63

i

(@) ®) ©

Fig. 1.14 (@) The rectangular volume in Cartesian coordinates. (b) In (¢, 4, x) co-
ordinates the volume is a parallelepiped. (¢) The components of X in
(¢, n, x) space.

system to dx. It has components in the directions of the ¢-, 9- and x-axes
of

o¢ on ox
—dx, —dx, — 1.166
ox x ox * ox dx ( )

as illustrated in fig. 1.14 (¢). The lines Y and Z have components given
by (1.166), only with x replaced by y and z respectively.

At this point we must use a result which is not proved until later (equa-
tions (2.23) and (2.25) of section 2.8) but which, it should be added, does
not depend upon the present work for its proof of validity. The result
gives the volume of the parallelepiped in terms of the components of its
edges obtained above as

% 4 % o¢

— —dy —d:
ox oy Y 0z
d @ @
AVyp = | Ldx  —Ldy —dz |- (1.167)
ox oy oz
Ix ox 23

—dx —dy —dz
ox oy 0z
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When the factor dx dy dz has been taken out of the determinant, we again
arrive at a Jacobian form of result, namely

a ’ a b ’
AenX) 4o qydz = Lm0 4 (1.168)

ax, y, 2) ox, y, z)

This shows that the ratio of elementary volumes in the two systems in

the neighbourhood of any point is given by the Jacobian at that point.
Although we will not prove it, the general result for a change of coordi-

nates in an n-dimensional space from a set x; to a set y; (i, j both run from

1ton)is

d thx =

_ a(-xly Xgye ooy xn)

= dy: dy,... dy,. (1.169)
a(}’u)’z,-u,.}’n) ! :

dx, dx,... dx,

As a final example we use relationship (1.168) to obtain the result with
which we started this section, namely that in a change from Cartesian
to spherical polar coordinates, dx dy dz becomes r? sin 6 dr d6 d¢.

From equations (1.154 a) we calculate the required Jacobian as

sinfcos¢ rcosfcos¢ —rsinbsing
sinf@sing$ rcosfsing rsin 8 cos ¢
cos 0 —rsin 6 0

_ox,p,2)
T, 6, 4)
(1.170)
The determinant can be evaluated most simply by expanding it with respect
to the last row.
J = cos 0[r? sin 8 cos 8(cos® ¢ + sin? ¢)]
+ r sin 0[r sin® f(cos? ¢ + sin®$)] + 0

= r? sin 6(cos? 8 + sin? 6)

= r?sin §.
This establishes the stated result, that

o(x, y,2)

dxdydz = 3070.9)

drdfd¢ = r’sin 0 drdo dé.
»49. Verify formally that the general result (1.169) is trivially valid for a
one-dimensional integral.

»50. By defining new variables £ = x — y and » = x + y, evaluate the
integral discussed in section 1.18 and fig. 1.10 (page .56)

_”(x - y)*dxdy,

over the triangle with sides x =0,y =0, x + y = 1.
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»51. The moment of inertia / about the origin of a uniform solid body of
density p is given by the integral

1=J~ (x2 + y? + 2%pdV
v

over the volume of the body. Show that the moment of inertia of a right
circular cylinder of radius q, length 2b and mass M, about its centre is

a2 b2
m(5+2)
2 3

[Transform to cylindrical polar coordinates r, ¢, z given by x = r cos ¢,
y=rsing,z =2z]

1.20 Examples for solution

1. In the theory of special relativity the position coordinate x and
time coordinate ¢ in one frame of reference, are related to those in
another by equations of the form:

" = xcosh¢ — ctsinh¢,
ct’ = —xsinhé + ctcoshé.

®
i

Express x and ct in terms of x’, ¢’ and ¢ and show that
x2 — %2 = (x)% - (et')2
2. The N + 1 complex numbers w,, are given by

wn = exp 2mim/N), m=20,1,2,..., N.

(a) Evaluate

N N N
D) D wn (i) D @i, (i) D wwx™.
m=0 m=0

m=0

(b) Use these results to evaluate

0 i ( 2mm 41rm) i i i 2mm
CO§ —— — COS—}» m —
1 2 S ; I; (i 2 sin 3

3. In a quantum theory of a system of oscillators the average energy
E of the system is given by the expression

Sn-o nhv exp (—nx)

Zn-0e€xp (—nx)

E:

where x = hv/kT. Carry out the summation to find E and show that
for small x, E ~ kT, whilst for large x, E & hvexp (—hv/kT).
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© (n — r)!
4., How does the convergence of the infinite series 2—(-'17"—)—'
n=r .

depend on r (integral) ?

xn/ze—n

a
5. For what positive values of x is X convergent?
n=1

© T — 1)
6. Prove that 2 In [g—i_n(,—l)] is absolutely convergent for
n=2

r = 2, and convergent, but not absolutely convergent, for r = 1.

7. Find the values of x for which f®(x) = 0 when f(x) = x? x
exp (— x/a). What are the values of f®)(x) at these points? (a > 0).

8. If y(x) = exp (—%x?), show that dy/dx + xy = 0 and hence that
y(n+1) + xy(n) + ”y(n—l) = 0, n=0.
If ga(x) = exp (3x2) y™(x), show that for n = 0,

(i) gn satisfies g, — xg, + ng, = 0,

(ii) gz + nga-1 =0,

(iii) gn+1 + Xgn + ngn-1 = 0.

Calculate g,(x) forn = 0, 1, 2, 3.

9. Find a polynomial expansion of arsinh x up to the term in x5.

10. Use a Taylor expansion to show that

Cfx) ()

lim—— = lim—

x+a g(x)  x-ag'(x)
provided the second limit exists, given that f(a) = g(a) = 0. Use
this result to evaluate

in (3
(a) lim an G0
x-0 sinh (x)

’

sin x — x cosh (x)

) ll_l:g sinh (x) — x
(© lim tan (x) — x )
x=0 cos (x) — 1

11. A surface is defined in Cartesian coordinates by z = x2 + y?,
where x and y are both functions of two other variables s and .
Calculate 0z/ét for the following cases,

(i) x =s5c0st,y = ssint,

(i) x = Hs? — 13,y = st,

(iii) x = coshscost, y = sinhssin .

12. Find the locations and characters of the stationary points of
the function z = (x2 — y?) exp (—x2? — »?).
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13. Two particles each of unit mass move in a vertical plane; the
x-axis is horizontal and the y-axis vertical. The first particle is con-
strained to lie on the left branch of the hyperbola x? — y? = 4
and the second on the vertical line x, = 2a. Both particles are
subject to gravity and to a mutually attractive force of magnitude
g/a times their relative displacement.

Assuming that at equilibrium the potential energy of the whole
system is a minimum, show that the first particle lies at a point on
the hyperbola

(x1 d 2a)(y1 + 20) + 402 =
14. Evaluate the integrals
I =f e~ *coswtdt, J =f e %sin wtdt,
(1] 0

by integrating exp (—af + iwt) between 0 and . [Compare with
the methods used in example 1.4 (page 52).]

15. (i) Find positive constants a, b such that ax < sin x < bx for
0 < x < 1n. Use this inequality to find upper and lower bounds
for the integral
ni2
1= f (1 + sin x)¥2 dx.
[1]

(Evaluate the bounds to 2 significant figures.)
(ii) Using the substitution ¢ = tan (x/2), evaluate I exactly.

16. (More difficult.) Assume that the following equation is valid
d r® v of
——f flx,y)dx = j — (x, y) dx.
dy Ja a Oy

Use it to show that, for any real y,

v 2rdt
b sinh 27’

ni2
I(y) = f arcsin (tanh y sin x) dx =
[1]

and hence evaluate

J’” tde
K E—3 n -
o sinh¢?

[Assume that —37 < arcsinx < 7wif —1 < x < 1]

17. Evaluate {f (x + 2y)®>dx dy over the triangle bounded by the
linesy=x,y= —-x,x=1
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18. Evaluate fs f(x,y)dA,, over the rectangle 0 < x < p, 0 <
y < v for the functions

) x . -
O fix,y) = Pl () f(x,y) = (v— y + x)7%2,

19. Sketch the two families of curves

y? = 4u(u —- x), »2 = dv(v + x),

where 1 and v are parameters.

By transforming to the wwv-plane evaluate the integral of
y/(x? + y?'2 over that part of the quadrant x > 0, y > 0 bounded
by the lines x = 0, y = 0 and the curve y? = 4a(a — x).
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Vector algebra

This chapter is of a preliminary nature and is designed to indicate the
level of knowledge assumed in the development of the third and subse-
quent chapters. It deals with those elementary properties of vectors and
their algebra which will be used later. The results and properties are
usually stated without proof, but with illustrations, and a set of exercises
is included at the end in section 2.10 to enable the student to decide
whether or not further preliminary study is needed. It is suggested that
the reader who already has some working familiarity with vector algebra
might first attempt the exercises and return to this chapter only if he has
difficulty with them.

21 Definitions

The simplest kind of physical quantity is one which can be completely
specified by its magnitude, a single number together with the units in
which it is measured. Such a quantity is called a scalar and examples
include temperature, time, work, and [scalar] potential.

Quantities which require both a magnitude (=0) and a direction in
spacet to specify them are known (with a few exceptions, such as finite
rotations, discussed below) as vectors; familiar examples include position
with respect to a fixed origin, force, linear momentum and electric field.
Using an arbitrary but generally accepted convention, vectors can be used
to represent angular velocities and momenta, the axis of rotation being
taken as the direction of the vector and the sense being such that the
rotation appears clockwise when viewed parallel [as opposed to anti-
parallel] to the vector. The magnitude of the angular velocity or momentum
gives the magnitude of the corresponding vector.

A further, less intuitively obvious use of vectors is to represent a plane
element of area of a surface or to give the local orientation of the surface

t We will usually consider three-dimensional space, but most of the algebra
of vectors has meaning in a space of another dimension.
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[more precisely, of the local tangent plane to the surface]. In these cases
the normal to the surface determines the direction of the vector, whilst
its length (magnitude) is given by the size of the element in the first case
or is unity in the second.

From what was said in the last paragraph but one, it is clear that finite
rotations can be characterized by magnitudes and directions. However,
they are not vectors, since they do not obey some of the ‘working rules’
given later in this chapter — for example, they do not add like vectors.

2.2 Notation

The fact that a vector has a sense of direction as well as a magnitude means
that more than one number is needed to specify it. This specification can
be done in many ways, but the simplest is in terms of components which
give the amounts of each of a standard set of vectors [usually, but not
always, mutually orthogonal] which must be added together [see section
2.5] to produce the given vector.

In common with most other textbooks, we will denote a vector by
clarendon (bold) type, e.g. a, and its magnitude by italics @, except where
confusion may arise, when the modulus sign |a] will be used explicitly.
Both upper and lower case letters will be used to represent vectors.

The components of a vector with respect to a given standard set are
written as (ay, as,.. ., a,), where the order of the standard vectors and
of the components correspond. The magnitude, or modulus, of a vector
a is given in terms of its components by a®> = a2 + a% + --- + a2 if the
standard set consists of mutually orthogonal unit vectors [see section 2.5].
Vectors for which a = 1 are called unit vectors and will be denoted by 4.
Clearly a unit vector 4 in the same direction as a is obtained by dividing
each of the components of a by a.

For the sake of definiteness and brevity, and since most physical prob-
lems occur in three-dimensional Euclidean space, we will continue our
discussion of vectors as if they were all in three dimensions. Many later
results and definitions in this chapter are expressed in terms of three-
dimensional Cartesian coordinates (x, y, z), but with obvious modifica-
tions are equally valid for other coordinates and also in other dimensions.
When a coordinate is denoted by x,, where i is a general subscript running
from 1 to n, it will be understood to refer to x, yorzfori=1,2 or 3
respectively when applied to a Cartesian coordinate system.

Two vectors a and b are equal, a = b, if they have equal moduli and
the same direction in space. Equivalently their corresponding components,
in terms of the same standard set, are individually equal, ¢, = b, (i =
1, 2, 3).
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23 Combining vectors

All students of elementary mechanics are familiar with the fact that the
result of applying two separate forces a and b to a body is the same as
applying a single force ¢ to the body. This single force or resultant is
written in vector form as

c=a-+b, 2.1)

and can be determined graphically by the triangle law of addition (fig.
2.1). The components of ¢ are given in terms of those of a and b by
c=a + b, (i=1,23), i.e. ¢, = a; + by, etc. Naturally both sets of
components must be expressed in terms of the same set of standard vec-
tors.

a
.lS 8///\\ b
equivalent - .
to
b c=a+hbh

Fig. 2.1 Addition of vectors.

The addition of vectors in general is defined in accordance with this
procedure, and it is clear from either way of constructing ¢ that the addi-
tion of vectors is commutative,

a+b=>b+ a. (2.2)

It can be generalized to the addition of any number of vectors and in this
is associative, namely, in the case of four vectors for example,

a+b+c+d=a+b+ec)+d=a+b+(c+d). (2.3

Thus the order in which a number of vectors to be added appear is im-
material, but naturally they must all have the same dimension, and to
make physical sense must represent quantities of like kind.

~_ —b
/a/ a—b/ T»_
leads to g
~ vl

Fig. 2.2 Subtraction of vectors.

The extension to subtraction is obvious and may be summarized as:
a — b is the vector given by a + (—b), where —b is the vector having the
same magnitude and line of action as b, but in the opposite sense. The com-
ponents of a — b are given by (a; — by, a; — b,, az — b;) and the cor-
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responding graphical construction is illustrated in fig. 2.2 [note the direc-
tions of the arrows]. The subtraction of two equal vectors yields the
zero vector 0, which has zero modulus and no direction associated with it.

24 Multiplication of vectors

Apart from the multiplication together of two scalars to produce a further
scalar [e.g. volume x density = mass, all are scalars], the simplest
multiplication of physical quantities is that of a vector a by a scalar A
to produce another vector b = Aa, The scalar A may be positive, negative
or zero [or even complex for some applications]. If it is zero the resultant
b is the zero vector 0, but apart from this case the direction of b is that
of a [or opposite to it if A is negative] and its magnitude is |A| times that
of a.

Multiplication of a vector by a scalar is associative, commutative and
distributive, and these properties may be summarized for arbitrary vec-
tors a and b and arbitrary scalars A and u by

(Awa = Mua) = p(ra), (2.4)
and (A 4+ )@+ b) = Aa + Ab + pa + ub. 2.5
As elementary illustrations of the addition and multiplication of vec-

tors we consider the following examples. All vector positions are taken
from a common origin O.

Example 2.1. To find the vector equation of a line, one point a of which
is given and whose direction is parallel to another given vector n.
Let r be the position vector of an arbitrary point R on the line (fig. 2.3).

Fig. 2.3 The line in example 2.1.

Then r is the sum of a and a vector representing the displacement A to R.
But this displacement is parallel [or antiparallel] to n and hence is given
by An for some appropriate scalar A. Thus the position of any arbitrary
point R on the line, and hence the equation of the line, is given by

r=a+ An, (2.6)

where the parameter A ranges over all real values.
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Example 2.2. Any three non-collinear points in three dimensions deter-
mine a unique plane containing them. Find the (vector) equation of the
plane containing the points (whose position vectors are) a, b and c.
Denote the points by 4, B and C and an arbitrary point of the plane
by R. Through R draw lines parallel to AC and 4B as in fig. 2.4. Then,

Fig. 2.4 The plane in example 2.2.

from the figure it is clear that the position r of R is given by the sum of a,
a vector [AQ] parallel to b — a, and a vector [QR] parallel to ¢ — a.
Thus r = a + A(b — a) + k(c — a), or written more symmetrically with
scalar parameters A, g, v,

r=2Aa+ pb + v, where A + p + v = 1. 2.7)

2.5 Base vectors

We have mentioned already the standard set of vectors in terms of which
the components of a vector generate the vector, namely that if the stan-
dard set are the vectors e,, where i runs from 1 to 3 [more generally 1 to
n], then

a= a, e, + aq€o + as€s, (2.8)

or a = a.e; (using the summation convention, described in section 1.9,
that repeated subscripts are implicitly summed over, unless the contrary is
stated). The vectors in this set are called the base vectors.

The choice of suitable base vectors is by no means unique and all that
is required of a chosen set is that any vector in the space can be written
as in (2.8) for some set of numbers a,, a,, a;. This is so provided that,

(i) there are as many e, as the dimension of the space, and
(ii) no one of them can be expressed as a linear sum [the form of (2.8))
of the others. [In three dimensions - they are not coplanar.]

In more formal language, the base vectors must (i) span the space, and
(ii) be linearly independent. The linear independence can be expressed
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in the form that: if Ae; = Ae; + Aep + --- = 0, then all A; must be 0
if the vectors e, are linearly independent. It is natural to use a set all of
which are unit vectors and we will always assume that this is done.

X

Fig. 2.5 The base vectors i, j, k of the Cartesian system.

When working in three-dimensional space the usual choice of base vec-
tors is the mutually orthogonal set of three unit vectors in the directions
of the Cartesian x-, y- and z-axes. They are denoted by i, j and k respec-
tively [rather than the more strictly correct i, ] and k] and like the axes
form a right-handed set when taken in their alphabetical order (see fig.
2.5). That is, i, j and k are in the same relative directions as the thumb,
index finger and second finger respectively, of a right hand, when the
fingers and thumb are held mutually at right angles. Components of a
vector a with respect to this base are written (a,, a,, a.) and so

a=ad+a,j+ ak. 2.9)
Clearly the vector i itself is given by (1, 0, 0), j by (0, 1, 0), etc.

2.6 Scalar products

We turn now to the simplest form of multiplication of one vector a by
another b. The result, called the scalar product of a and b and denoted
by a-b, is a scalar quantity given by ab cos 6 where 8 is the angle between
the two vectors (0 < 8 < =). If the two vectors are perpendicular (6 =
w/2) their scalar product is zero. The converse of this is also true, unless
at least one of the vectors is the zero vector.

From its definition, the scalar product is clearly equal to the length of
a multiplied by the projection of b on the direction of a [or vice-versa],
and so the process of taking a scalar product follows both the commuta-
tive and distributive laws.
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»1. By noting that

ij=jk=ki=0, (2.10)
and ii=jj=kk=1, (2.11)
show that for arbitrary vectors a and b, the scalar product is also given by

a-b=ab, + ab, + ab,, (2.12)
and hence that

cos 0 = L], + mym, + n.n,, (2.13)

where the direction cosines /,, m,, n, are given respectively by a,/a,
ay/a, a.ja and similarly for vector b. Note that /, = &-i, m, = 4-j, etc.

Examples of scalar products arise naturally throughout physics and in
particular in connection with energy. Perhaps the simplest is the work
done in moving the point of application of a constant force F through a
displacement r when the work done is F-r; notice that, as expected, if
the displacement is perpendicular to the direction of the force then
F-r = 0 and no work is done. A second simple example is afforded by the
potential energy —m-B of a magnetic dipole, represented in strength and
orientation by a vector m, placed in an external magnetic field B.

Example 2.3. To find the equation of a plane that contains a given point
a and is perpendicular to a given unit vector fi.

Fig. 2.6 The plane of example 2.3 containing the point a and with unit normal &.

If R is a general point of the plane with position r then the line 4R,
represented by vector r — a, lies in the plane and is therefore perpendicu-
lar to fi. Thus we have for the equation of the plane

fi-r—a)=0, or fi-r=f-a. (2.19)



76 Vector algebra

»2. Deduce that (2.14) can be written as i-r = p, where p is the perpen-
dicular distance from O to the plane (the length of OP in fig. 2.6).

For some [less geometrical] applications of vectors to physical systems
it is convenient to work with complex rather than purely real components.
In these cases the scalar product definition has to be modified to

a*.b = ath, = (abdt)* = (a-b**, (2.15)

where * indicates complex conjugation. With this wider definition, the
property of commutation is lost in the sense that a*-b # b*.a for general
complex vectors a and b. Of course a*-b is still equal to b-a*. The deter-
mination of magnitude however from a? = a-a [see equation (2.12) and
section 2.2] is essentially unaltered since a*-a = a-a* = real quantity,
even if a has complex components.

Finally it should be noted that the scalar product of two vectors is an
invariant, that is its value does not depend upon the set of base vectors
chosen [although its algebraic form may well do so]. This is to be compared
with the vector components themselves, which are very much determined
by the choice of base vectors.

2.7 Vector products

In addition to the scalar product, it is possible to obtain from two vectors
a further quantity, which is itself a vector. This vector is called the vector
(or cross) product of the two vectors and will be denoted by a A b. It
is defined as a vector v which is simultaneously perpendicular to both
a and b [i.e. to the plane containing them], and has magnitude ab sin 6,

Fig. 2.7 The direction of the vector product v =a A b.

where again @ is the angle between a and b. The sense of the vector v is
that along which a rotation about v from the direction of a to the direc-
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tion of b must be viewed in order to appear clockwise (see fig. 2.7). Stated
in another way, a, b and v form a right-handed set. It is apparent from
this definition that

bAaa=—-(@Ab), (2.16)
but that the distributive law holds for vector products

anb+c)=@Ab+(aAc. .17
Other obvious relationships include,

ana=0, (2.18 a)

a-aAnb)=0=>b-(arb), (2.18b)
and (a-b)(a-b) + (a A b)-(a A b) = a%b°. (2.19)

Two straightforward examples, taken from mechanics, of physical
quantities which can be represented by the vector (cross) product of two
other vectors, are the moment of a force about a point and the linear
velocity of a point in a rotating body.

Consider first the force F (fig. 2.8) acting at the point r. Its moment
about O is F x distance OP, which numerically is just Fr sin 6; in addi-
tion, the sense of the moment is clockwise about an axis through O per-
pendicularly into the plane of the paper. Thus the moment is completely
represented by the vector r A F, in both magnitude and spatial sense.
[Imagine the lines of r and F extended beyond R when determining the
sense of the vector product.]

Fig. 2.8 The moment of the force F about O ist A F (into the plane of the paper).

For the second example consider the point r of a body which is rotating
with angular velocity « about an axis OA4 through the origin. The angular
rotation is represented, as discussed in section 2.1, by the vector w in
fig. 2.9. The instantaneous linear velocity of R is into the plane of the
paper and its magnitude is w X (PR) = wrsin 6. It is therefore com-
pletely represented by a vector v given by v = w A r.

Other examples of the vector product taken from the area of electro-
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magnetism include the force on a current-carrying wire in a magnetic
field, given in an obvious notation by F = I A B, and the energy flow or
Poynting vector of an electromagnetic wave, S = E A H.

Fig. 2.9 The velocity of the point R in a rotating body isw A r.

In Cartesian coordinates it is apparent that,

irni=jaj=kAark=0, (2.20)
inj=k=-Gab, (GArk=i=-EkAnj)),
kAani=j=—-(0AKk), 2.21)

and from these that if v = a A b, then the components of v are given by
»3. ., vy, 0,) = (@b, — ab,, ab, — ab,, ab, — a,b,). (2.22a)

This last result is sometimes conveniently written in determinantal form,

a, a, a,
anb=|b, b, b,|. (2.22 b)
i j k

2.8 Triple products

By combining the notions of scalar and vector products of two vectors,
it is straightforward to construct quantities from three or more vectors.
The two commonest of these, which merit some further discussion, are
the triple products.

We first consider the triple scalar product formed in an obvious way
from three vectors, namely (a A b)-¢ which is a simple number, and,
using the form of a A b given in (2.22 b), can be written as

a, ay 4a;
(@aAnb)yc=|b, b, b.| (2.23)

Cx €y C
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From this form it follows immediately that

@Ab)c=(cAa)yb=((dAca
= —(bAra)yc=—-(@anc)b=—(cAb)ya (229

The simplest geometrical interpretation of the triple scalar product is
in terms of the volume of a parallelepiped whose edges are given by a, b
and c (see fig. 2.10). The vector v = a A b is perpendicular to the base of
the solid and has magnitude v = ab sin 0, i.e. the area of the base. Further
v-¢ = vc cos ¢. Thus, since ¢ cos § = OP = vertical height of the paral-
lelepiped, it is clear that

(a A b)-c = (area of the base) x (perpendicular height)
= volume. (2.25)

Fig. 2.10 The volume of the parallelepiped is the triple scalar product (a A b)-c.

The triple scalar product {and the volume of the solid] vanishes when
¢ lies in the plane of a and b, since then v is perpendicular to ¢. This condi-
tion can also be expressed as ¢ = Aa + ub for some A and p, a condition
which is both necessary and sufficient for the vanishing of the triple scalar
product.

Finally, from both its geometrical interpretation and the fact that it is
a scalar product, we note that the triple scalar product is invariant with
respect to the choice of base vectors.

We turn now to the vector form of triple product, which is given by
(a A b) A ¢ and can be written in terms of simpler products as

@AbAc=(a-c)b — (b-c)a. (2.26)

This alternative expression for the triple vector product can be under-
stood in general form by reference to fig. 2.11. As remarked previously,
a A bis perpendicular to the plane containing a and b, and since (a A b) A
¢ must be perpendicular to a A b it must lie in the plane containing a
and b. Hence it must be expressible as Aa + b for some A and pu.
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aAb

@aAb)AC

Fig. 2.11 The triple vector product (a A b) A c.

»4. By applying (2.22 a) twice, show that A = —(b-¢) and u = (a-¢).

»5. By studying the form of (2.26) and/or by drawing diagrams similar
to fig. 2.11, show that forming the triple vector product is in general non-
associative, i.e.

@nbarc#andac).

29 Reciprocal vectors

We conclude this introductory chapter by defining the notion of reciprocal
vectors. They have considerable use in solid state physics and crystallo-
graphy but they will be only briefly discussed in this book.

Given a set of non-coplanar vectors a, b, ¢, their reciprocal vectors
a’, b’, ¢’ are defined by

a’ =A"'b A o),
b =A"c A a), } 2.27)
¢ =2"aAb),

where A is the triple scalar product of the three vectors. Clearly a’ is per-
pendicular to b and ¢, but not to a since the three vectors are non-
coplanar, and in fact a’ is of such a length that its scalar product with a
is unity.

»6. Verify that

aca=bb=c-c=1,
ab=a'-c=0,etc (2.28)
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»7. Show that the reciprocal vectors of a’, b’, ¢’ are the original vectors.

It should be noted that a’, b’ and ¢’ are not mutually perpendicular
unless a, b and ¢ are.

2.10

Examples for solution

1. Which of the following statements are true? (The vectors a, b
and c are general vectors.)

(@ c@anb)=0bnara)c. ) andbarco=@Ab) Ac ()
aA(dAC=(a-c)b— (a-b. (d) d = Aa + pb implies (a A b)-

=0. () aAc=DbAc implies c-a—cb=cla—bl. ()
@ ADb)A(cAD) =bb-(c Aa)).

2. Treating the earth as a sphere of radius R, find the distance
measured on the earth’s surface, between two points at co-latitude-
longitude (6., ¢1) and (8;, ¢2). In physics, 8 is measured from the
North Pole not from the Equator and is called co-latitude.

3. Prove Lagrange’s identity

(aAnb-(crd)=(a-c)b-d) —(a-d)b-c).
4. Find the length of the common perpendicular to the two non-
parallel linesr = a + Abandr = a’ + pb’ (-0 < A, p < ®).

5. Three non-coplanar vectors a, b, ¢, have as their respective reci-
procal vectors the set a’, b’, ¢’. Show that the normal to the plane
containing the points A~ 'a, k~'b and /~c is in the direction of the
vector ha’ + kb’ + I¢'.

6. ABCDEFGH is a cube of side 2e¢ m and whose centre is O. J is
the centre of the face BCGF (see fig. 2.12).

Fig. 2.12 The cube. All edges are 2a m in length.
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(a) Express the area AEC as a vector.

(b) What is the angle between the face diagonal AF and the body
diagonal AG?

(¢) Find the equation of the plane through B, parallel to the plane
CGE.

(d) Find (i) the perpendicular distance from J onto the plane OCG,
and (ii) the volume of the tetrahedron JOCG. N

(e) A force of 5N acts at H in the direction HJ. What is (i) its
moment M about the point A, and (ii) its moment about the line
AF? (iii) If the force moves its point of application from H to G
to F to J, what is the total work done?

(f) The cube is given two simultaneous angular velocities, one of
2 rad s~! about the axis OJ and the other of /3 rad s~! about OG.
Find (i) the distance from J of the stationary point on the face
BCGF, and (ii) the speed of corner C.
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Calculus of vectors

This chapter is concerned with the differentiation and integration of vec-
tors, both of vectors describing particular bodies, such as the velocity of
a particle, and of vector fields in which a vector is defined as a function
of the coordinates throughout some volume [one-, two- or three-dimen-
sional].

Since our aim is to develop methods for handling problems arising from
physical situations, we limit ourselves to functions which have suffi-
ciently amenable mathematical properties. In particular we will assume
that the functions with which we have to deal are continuous and differen-
tiable, except where the opposite is physically obvious [e.g. a square-wave
electrical input, or a sharp corner of an electrical conductor].

3.1 Derivatives of vectors and vector expressions

When a vector is a function of a scalar quantity it is possible to consider
the derivatives of the vector with respect to that scalar, The most common
such scalar is time and for the sake of definiteness we will call the scalar
t and interpret it as time, although clearly all our results will be valid for
any other analogous physical scalar.

Consider a vector a, with value a(¢) at time ¢, and value a(t + Ar)
a short time Az later. Then the small change in the vector during At is
itself a vector Aa = a(+ + At) — a(¢), and we define the derivative (also
a vector) as,

da . a(t + At) — a(t)
— = lim —Mm8M8 >
dt a0 At
assuming that this limit exists.
The most obvious example of a vector derived in this way is the velocity

vector v of a particle which moves along a path given as a function of
time, r = r(z). Then the velocity vector is obtained as

dr(t)
Tdr

3.1

V() =




84 Calculus of vectors

and, being itself both a vector and a function of ¢, also gives rise to a
further vector, the acceleration

Clearly the magnitude of v at any time gives the speed of the particle,
whilst its direction is along the tangent to the path at the instantaneous
position of the particle.

In terms of coordinates [taken here as Cartesian] the derivative of a
vector is given by

da da,, da,, da,
—=—i+—j+
dr ds dt dt
[Note that i, j and k are taken as fixed and time independent — this may
not be true of base vectors in all cases.]

In the composite vector expressions discussed in chapter 2, each of the
vectors and scalars may [in general] be functions of ¢, or perhaps functions
of other scalars which are themselves functions of t. However, the pro-
cedures for obtaining their derivatives (with respect to #) are intuitively
obvious from, and readily verifiable by, ordinary differential calculus.

They may be summarized by noting that differentiation is distributive
and that

k. 3.2)

d dsd
a(s) = —s—a, where scalar s = s(1), (3.3a)
dt dr ds
d(x d dAa
(Aa) = A—a + — a, where A is a scalar, (3.3b)
dt dt ds
d db da
—(a-b)=a.-— + — b, 33
dt (ab)=a dt dr 3:3c)
d db da
—@Ab)=aA—+—Ab, 3.3d
dt (a ) =8 dt dt ( )

where of course in (3.3 d) the order of the factors in the products on the
right is just as important as it was in the original vector product. The
derivatives of more complicated vector expressions can be evaluated by
the repeated use of these equations.

The integration of a vector (or an expression containing vectors) with
respect to a scalar ¢ can be regarded in a straightforward way as the in-
verse of differentiation. The only points to be noticed are,

(i) the integral has the same nature (vector or scalar) as the integrand, and
(ii) the constant of integration must be of the same nature as the integral.
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Two simple iltustrations will suffice.

»1. Showf[(a A ﬂ) + (b A izf)] dr
dr? dr?
=(a/\93)+(b/\d—a)+h.
dr dr

»2. Sh [da (b A )+ (db A )+ (b A dc) de
. — al—Ac)+a —
OWJ dr ds de ]

=a-(b Ac)+ k.
Here h is an arbitrary constant vector and k an arbitrary constant scalar.

3.2 Vectors with several arguments

The ideas of the last section are easily extended to cases where the vectors
[or scalars] are functions of more than one independent scalar,
ty, ta,. .., t,, when the derivatives become partial derivatives da/ot; de-
fined as in ordinary differential calculus. Equation (3.3 a), in particular,
generalizes to the chain rule of partial differentiation. If a = a(sy, s,,
..., 8;), where each s; is a function s,(t;, ?5,. . ., ;) of the ¢;, then
oa ©cads;, 0aos, oa 0os, oa os;
——t—— 4 - —— = — (3.4)
ot, 0s 0t  Osy 0t os, 0t,  0Os; ot
A special case of this rule arises when a is a function of ¢ explicitly as
well as of other scalars (s,, 55, . . ., §,) which are themselves functions of r.
Then we have,

da ©a 0Oa 0s;

dr et os; ot

In the derivation of (3.1), the notion of a small [and, in the limit At — 0,

infinitesimal] vector Aa was used. In sections 3.4 onwards, we will have

repeated need for this idea and, as can be seen from the definition, the
differential da can be written as

3.5)

da = ia_ ds, (3.6)
ds
or for vectors dependent on several variables,
oa
da = 5;: ds,. 3.7

1In the interests of compactness we will henceforth use the summation
convention, wherever it does not lead to ambiguity.
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As specific examples we may consider the infinitesimal change in posi-
tion of a particle moving with velocity v in infinitesimal time d¢

vdt =dr=v, dti+ v, dej+ v, drk, (3.8)

or the change in an electric field E in moving from one position r to a
neighbouring one r + dr [here x, y, z are the scalar arguments]
JE JE JE

dE = —dx + —d — dz. .
ox 8yy+6z z (39

Written more explicitly, da is a vector whose x-component is

and similarly for the other components with a, replaced by a, and a,
in turn. [In chapter 4, expression (3.9) will be written more compactly
using the vector operator V as (dr-V)E.]

A further important differential expression is that used to represent an
infinitesimal element of area d.S on a surface [in the limit it can be ac-
curately represented as plane]. In this case the vector is as for a finite
area (see section 2.1) except for its magnitude, thus,

dS = dS(n i + n,j + n.k), (3.10)

where (n,, n,, n.) are the components of a unit vector in the direction
of the outward normal to the surface [outward with respect to the volume
whose surface is being considered].

In connection with integration in particular, it should always be borne
in mind that the differentials dr and dS are vectors with a sense of direc-
tion, which in general will vary over the range of the integration. This is
to be contrasted with, for example, integrals with respect to volume,
where the infinitesimal element is a scalar e.g. dV = r2 sin 8 dr d0 d¢, and
carries no directional sense.

33 Fields and line integrals

We now turn to the case when a particular scalar or vector quantity is
defined not just at one point in space, but continuously throughout some
volume of the space [often the whole space]. The space then has associ-
ated with it a scalar or vector field, the variation of which from point to
point we will assume to be both continuous and differentiable.

Simple examples of scalar fields include the pressure at a point in a
fluid and the electrostatic potential in the presence of an electric charge,
whilst vector fields drawn from the same areas are the velocity vector
in the fluid [giving the local strength and direction of flow] and the elec-
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tric field. The familiar notion of a line of force in the electrostatic case is
then simply a curve whose tangent anywhere is in the direction of the vec-
tor field at that point. Through each point of the space there is in general
one and only one such line. In the hydrodynamic case the correspond-
ing physical interpretation is that of a streamline. So long as the field does
not vary with time these tangent lines are also the paths that would be
followed by small free test charges in the field or particles in the fluid.

With the study of continuously varying vector and scalar fields there
arises the need to consider the integration of the field quantities, along
lines, over surfaces and throughout volumes in the space of the field. We
start with line integration between two given points [or one fixed one and
a variable upper limit] and along a prescribed path. The path may be
given parametrically by x = x(u), y = y(u), z = z(u) or by means of
simultaneous equations relating x, y, z of the path.

Before considering the important line integrals discussed in section 3.4
where the ‘variable of integration’ is a vector, we deal briefly, by means
of examples, with two cases in which the differential is a scalar. In the
first of these the integrand is also a scalar [field], whilst in the second it is
a vector.

Example 3.1. For the scalar function é(x, y) = (x — y)?, evaluate fL ¢ dl
where d/ is an elemental length of the curve L which is the semicircle of
radius ¢ joining (a, 0) and (—a, 0) [in that sense] and for which y > 0.

For this path d/ = a df, where the parameter  has an obvious geo-
metrical meaning, and (x — y)? = a*(1 — sin 26). Thus,

f édl =J a®(1 — sin 20) d6 = ma®.
L 0

Example 3.2. Evaluate f F dt along the path x =c¢t, y =c¢/t, z = d,
(1 <t < 2, cand d are constants) and F is the vector (field) with Car-
tesian components (xy?, 2, x).

We observe that the integral will itself be a vector, with its three com-
ponents each given by a [scalar] integral. On substituting we obtain

2 2c3 2 2
det=i —dt+jf 2dt+kf ct dt
1 lt 1 1

3
=c31n2i+2j+5ck.

»3. Show, by writing dy = (dy/dr) dt, that [(? Fdy = —c*i — cj —
c?1n 2 k. It will be seen that this # fF ds.
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34 Line integrals with respect to vectors

We now obtain an expression for the total work done by a force F when
it moves its point of application along a continuous curve C joining two
points 4 and B, which may or may not coincide (see fig. 3.1). We allow
the magnitude and direction of F to vary along the curve. Let the force

dr

A

Fig. 3.1 Tangential line integral of F along curve C.

be acting at a point r and consider a small displacement dr along the curve,
then the small amount of work done dW = F-dr, as discussed in section
2.6. [Note that this can be either positive or negative.] It follows in the
usual way that the total work done is

B
W, = fF~dr=J (F.dx + F,dy + F,dz). @G3.11)
C A

Once the curve C has been specified, this is the sum of three straightforward
integrals.

The scalar quantity formed by an integral of the form (3.11) is called
the tangential line integral of F from A4 to B along C. Naturally its occur-
rence is not confined to cases involving forces explicitly although this is
the commonest physical origin; for example, the electrostatic potential
energy gained by moving a charge e along a path C in an electric field
E is —ejc E-dr. We may also note that Ampére’s law concerning the
magnetic field associated with a current-carrying wire can be written as
a tangential line integral,

f B.dr = pol, 3.12)
¢

where I is the current enclosed by a closed path C traversed in a right-
handed sense with respect to the current direction.

A very simple example of such a line integral, in which F is a force,
independent of position, is provided by part (iii) of example 6(e) of sec-
tion 2.10. There, the curve C consists of the straight line segments, HG,
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GF and FJ, whilst F,, F,, F, are —5/4/6, —5/4/6, 10/1/6 respectively.
As a slightly more complicated evaluation we consider the following.

Example 3.3, Evaluate f F.dr for the F and path of example 3.2.

y

Fig. 3.2 The paths C; and C; of example 3.3 and example 3 of section 3.8.
The path joining 4, (¢, ¢, d), and B, (2¢, 4c, d) and denoted by C; in
fig. 3.2 is given by
x =ct, y = ¢ft, z=4d.

Thus dx = ¢ d¢, dy = —¢/t? dt, dz = 0, and on substituting in (3.11) we
obtain

2/ct 2
[Fa-[E-200)a
¢ 1 \! t

i
o

w»
-
=]
N

I
o

»4. Evaluate the same integral between 4 and B, but this time along the
curve C, (straight line) 2y = 3¢ — x, z = d. Show that it has value
13 .4

16C — C.

It will be seen from these two examples that the value of the integral
depends not only on the vector F and the end points 4 and B, but also on
the path C taken. [The two values are numerically close because the two
curves C, and C, nearly coincide.] However, anticipating one of the re-
sults of chapter 4, we record here that for certain important kinds of vec-
tors F, the integral is in fact independent of the path taken. In these
cases, since f j = - j; for all integrals, the value of f F.dr taken round
any simply connected closed loop APBQA is zero for arbitrary positions
of P and Q.
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We conclude this section by obtaining a line integral which is a vector.
Consider a loop of wire L carrying a current / and placed in a magnetic
field B. Then the force dF on a small length dr of the wire is given by
Fleming’s left-hand rule as dF = I dr A B, and so the total force on the
loop is

F = zf dr A B. (3.13)
L

»S5. Write the Biot-Savart law of electromagnetism in vector form and
hence obtain as a double integral an expression for the total force between
two current-carrying loops.

35 Surface integrals

As with line integrals, integrals taken over surfaces can involve vectors
and scalars, and equally can result in either a vector or a scalar. The
simplest case involves entirely scalars and is exemplified by the computa-
tion of the total electric charge on a surface, or of the mass of a shell,
when the charge or mass density is known,

f p(r) ds. (3.14)

This is a double integral, since d.S is a general notation for an element of
area [note that here we are only concerned with the magnitude of the
area, hence dS not dS], and in particular cases could be dxdy or
r?sin § d8 d¢ or many others. However once a suitable coordinate system
has been chosen and dS and p expressed or given in terms of it, such a
scalar integral is straightforward to evaluate.

Next consider a vector field F defined throughout a region containing
the surface S and take, as a particular case of the scalar density, the nor-
mal component of F. If, as discussed in section 3.2, we define a unit vector
fi as the local outward normal to the surface, then the normal component
of F is the scalar density F-fi. The resultant integral is called the (outward)
Jflux of F through S,

fF-ﬁdS=fF~dS, (3.15)
s s

this last form being justified by (3.10). This is illustrated in fig. 3.3.
Ready examples of physically important flux integrals are (i) the total
volume or mass of a fluid crossing a given area in unit time inside a fluid

in motion, f s P(OV(r)-dS where v(r) is the velocity field, and (ii) the electro-
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magnetic flux of energy out of a given volume bounded by a surface S,

[s® A H)-dS.

dS;

Fig. 3.3 The flux of F through surface S is f F-dS. The contribution to the integral
is positive at 4 and negative at B.

As an additional example of a flux integral we note also that Gauss’s
theorem of electrostatics — over any closed surface, the integral of the
normal component of the electric displacement is equal to the total charge
enclosed - can be written in this form,

JDdS=Z%. (3.16)

If no dielectric is present D = ¢,E, and for an isotropic dielectric D =
e E.

The solid angle subtended at a point O by a surface [closed or other-
wise] can also be represented by an integral of the form (3.15) although it
is not strictly a flux integral [except for imaginary isotropic rays radiating
from O]. The integral

Q =f"ds, (3.17)
S

’.8

gives the solid angle subtended at O by surface S if r is the position of an
element of the surface measured from O. A little thought will show that
the expression r-dS/r® or #-dS/r? takes account of all three relevant fac-
tors, the size of the element of surface, its inclination to the line joining
the element to O and the distance from O. Such a general expression is
often useful for computing solid angles when the three-dimensional geo-
metry is complicated.

It will be noted that (3.17) remains valid when the surface S is not con-
vex and a single ray from O in certain directions would cut S in more than
one place [but we exclude multiply-connected surfaces]. In particular,
if the surface is closed, (3.17) yields zero if O is outside S, and 4~ if it is
an interior point.
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Surface integrals resulting in vectors are also possible, although they
occur less frequently in physical situations. However, by way of illustra-
tion, we may quote the example of the total resultant force experienced
by a body immersed in a stationary fluid, in which the hydrostatic pres-
sure p is given as p(r). The pressure is everywhere inwardly directed and
so the resultant force is the integral of —p dS taken over the whole sur-
face. An exercise relating this to the Archimedean upthrust is given in the
examples at the end of this chapter.

3.6 Volume integrals

Volume integrals are defined in an obvious way, and they too may result
in scalars or vectors. Two closely related examples, one of each kind, are
provided by the total mass of a fluid contained in a volume V and given by

f y,p(mdV, and the total linear momentum of that same fluid

f , P(N)¥(r) d¥, where v(r) is the velocity vector field in the fluid.

As a slightly more complicated example of a volume integral we may
consider the following example.

Example 3.4. Find an expression for the angular momentum of a solid
body rotating with angular velocity w about an axis through the origin.

Consider a small volume element d¥ situated at position r; its linear
momentum is p dVE, where p = p(r) is the density distribution, and its
angular momentum about O is r A pi dV. Thus for the whole body the
angular momentum H is

H = f (r A DpdV.
v
Putting = w A r yields

H=f(r/\(w/\r))pdV

=f wrzpdV—f(l“w)l'pdV.
v v

»6. Show that in a Cartesian system this result can be written in terms of
coordinates as

H, = Ty, j=xy2),

where Ty; is a 3 x 3 array in which

Tex = f (r? — x%)p dV, similarly Ty, 7.,
v
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Tx = _f xXyp dVv = T!lx’ Similarly TyZ’ sz'
14

[The T,,, etc. are called the moments of inertia and —T,, the products
of inertia. T;; is known as the inertia tensor and is discussed further in
chapter 15.]

3.7 Non-Cartesian systems

Because of the nature or symmetry of some physical situations it is useful
to be able to describe a system in other than Cartesian coordinates, and
for the work described in this chapter to be able to express, in particular,
lengths, areas and volumes in these other systems.

In three dimensions we will need three coordinates, call them u; (i =
1, 2, 3), in order to describe uniquely the position of a point in space by
a set of particular values (u;, 4y, 43) [in Cartesians they are x, y, z]. In
this brief treatment, we will confine ourselves to orthogonal systems of
coordinates, that is ones in which the three surfaces on which the u; have
constant values u; = «, 4, = B, u3 = y and which pass through the point
(e, B, v), meet at that point at right angles. For example, in spherical polar
coordinates, u; = r, u; = 8, u3 = ¢ and the three surfaces through the
point (R, ©, ®) are the sphere r = R, the circular cone 8 = ©, and the
plane ¢ = @.

We remark that u,, u,, u; need not themselves have the dimensions of
length. For example, of the polar coordinates r, 0, ¢ only r has dimensions
of length. However a small change du; in one of them, causes the point
originally at («, B, y) to move through a small length d/ given by d/ =
h; du; (no summation), where #; may be a function of the values «, 8, v,
but is independent of the size of du; so long as the latter is small. To take
a concrete example, if again u,, u,, u; are the polar coordinates r, 6, ¢,
then for a change d¢, d/ = rsin 8 d¢, i.e. h; = rsin 6.

Since we are considering only orthogonal systems,} and hence the
changes of position in space corresponding to changes du;, du, and du;
separately are at right angles to each other, the total change is given by

|dr|?> = h¥(du;)*>  (summation convention). (3.18)

This is to be considered as the defining equation for the A;.
We will be concerned almost exclusively with three common cases,
Cartesians, spherical polars and cylindrical polars. For these the elements

1 The extension to non-orthogonal systems can be seen by writing dr = (r/2u,) x
du; and then forming dr-dr. For non-orthogonal systems some terms of the
form du; du; (i # j) will remain.
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are set out in table 3.1 below and are sufficiently familiar for no further
explanation to be needed.

[Whilst r is the internationally recommended symbol in both spherical
and cylindrical coordinates, the two r’s are not the same, and the use of
p for the distance from the z-axis in cylindrical polar systems has something
to recommend it.]

Table 3.1
Cartesian Spherical polar Cylindrical polar
Uuguz xy z rodé re¢ z
hlhzha 111 1rrsiné 1ri
(dr)?  dx? + dy® + dz® dr? + r2d6? + r2sin20dé?  dr? + r2dé? + d2?
ds; dydz r?sin 6 df dé rd¢ dz
ds. dx dz rsin 0 dr dé drdz
dss dx dy rdrdf rdrdg
dv dxdyd:z r?sin 6 dr df dé rdrd¢dz
38 Examples for solution

1. Write the following physical laws or descriptions in vector nota-
tion:

(@) Newton’s second law for a variable mass particle;

(b) the equation of motion of a simple harmonic oscillator;

(¢) Faraday’s law for the electric field in a conductor cutting a
magnetic field;

(d) the motion of a charged particle in an electric and magnetic
field;

(e) the moment of all external forces acting on a system of particles
equals the rate of change of the total angular momentum.

2. Evaluate | [a(b-a + b-d) + &(b-a) — 2(3a-a)b — ba?] dr, where x
stands for dx/ds.

3. For the vector with components (xy? + z, x2y + 2, x) evaluate
the tangential line integrals along the curves C; and C; of fig. 3.2

(p. 89). Show that they are the same, each equal to c¢(d — 1). [The
equations of C; and C, are given in example 3.3 and »4.]

4. A single-turn coil C of arbitrary shape is placed in a magnetic
field B. Show that the couple on the coil can be written as

M=1If.B-rdr—1If B(-dr),

where I is the current carried by the coil.
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For a planar rectangular coil of sides 2a and 2b placed with its
plane vertical, at an angle ¢ to a uniform horizontal field B, evaluate
M, showing that it gives the expected answer (0, 0, 4abBI cos ¢).

5. Show that the solid angle subtended by a rectangular aperture of
sides 2a and 25 at a point a distance ¢ away from the plane of the
aperture, and on that plane normal which passes through the centre
of the rectangle, is

b ac dy
a-4 .
o (P2 + N+ + a?)?

Verify that if ¢ > a and b, then the expected approximate value
4ab/c® is obtained. [The integral can be evaluated exactly to give
Q = 4 arctan [ab/c(a® + b? + ¢2)Y?].]

6. An axially symmetric body with its axis AB vertical is immersed
in an incompressibie fluid of density p. By evaluating the vertical
(z direction) component of the resultant force (—f p dS) on the
body show that the Archimedian upthrust is as expected pgV, with

an obvious notation. [Take the radius as r = r(z), with r(z,) =
r(zp) = 0.]

7. In a Cartesian system A and B are the points (0,0, —1) and
(0, 0, 1) respectively. In a new coordinate system a general point P
is given by (w1, uz,us) with wy = ¥y + r2), 4z = Hri — r2),
uz = ¢, where r,, r, are the distances AP and BP respectively and
¢ is the angle between the planes ABP and y = 0.

(a) Express z and the distancc p from P to the z-axis in terms of
Uy, Uz, Uz.

(b) Evaluate éx/ou;, dy/ou;, ¢z/ou; (i = 1, 2, 3).

(¢) Show that the Cartesian components of 0, are (9x/éu,, &y/ou;,
oz/ou;). Hence show that the new coordinates are mutually ortho-
gonal, and evaluate the quantities A;, hy, hs and the element of
volume in the new coordinate system.

(d) Determine and sketch the forms of the surfaces #; = constant
(i=1,273).
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The next step in the theory of vectors is the introduction of vector opera-
tors and in particular the differential operators denoted by div, grad and
curl. It is usual to define these operators from a strictly mathematical
point of view as follows. For an arbitrary scalar ¢ and an arbitrary vec-
tor a,

(i) grad ¢ is a vector with components given by

op ¢ 8¢)
rad == — —]> 41
grad ¢ (8x oy oz @1
(ii) div a is a scalar given by
. éa, Oa, Oa,
diva= —+ — + — 4.2)
ox oy oz
(iii) curl a is a vector with components given by
da, ©a, ¢a, ©da, Ooa oa,
curla = ( -, = E 2 —) 4.3)
oy oz oz ox  0Ox oy

These mathematical definitions are then related to particular physical
situations.

However, in this book it is our aim to introduce ideas from as physical
a basis as possible, and we will use as our definitions more cumbersome
but more physically transparent expressions. We will then show that
they are equivalent to the above if certain (mathematical) conditions are
met, which in fact they are although we will not prove this.

4.1 Gradient of a scalar

Let us first consider a scalar field ¢(x, y) defined throughout a two-
dimensional space. For example, ¢ might represent the height above sea-
level of the ground at map reference (x, y) and would be represented on
a map by a series of contours which joined together all points with the
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same value of ¢. [On any realistic map of course, only representative
contours would be shown and each of these may consist of several dis-
joint parts.] Through any point P = (x, ) in the space there will be one
such contour and we can ask about the gradient (of the height) at that
point. Clearly the gradient will have a direction which is perpendicular
to the contour through P [since the direction of the contour is the direc-
tion of no change in height by definition} and a magnitude which depends
upon the ‘steepness’. On moving parallel to the coordinate axes, the
rate of change of height with distance is 0¢/0x or 8¢4/dy, and the total
gradient is represented completely by a two-dimensional vector with
components (8¢/0x, d¢/dy). Its direction gives the direction of the local
gradient and its modulus the steepness.

This can all be recast for three dimensions and for a general scalar
field ¢, defined throughout some volume. In this case, instead of lines or
contours of constant ¢, we have surfaces of constant ¢, one through each
point (x, y, z). The normal to the surface through any point is in the
direction of a vector with components (9¢/0x, 0¢/0y, 04/0z), and the
magnitude of this vector is precisely equal to the rate of change of ¢
with distance in the direction of the normal. We therefore define the
gradient of ¢, or grad ¢, to be the vector with these components, just as
in (4.1),

o, a¢)- (4.1 bis)

rad¢ =f —> —>» —
g ¢ (ﬁx dy 0z

It will be noticed that this can be written in the form of a vector operator
(associated with the operation of taking a gradient) acting upon a scalar
(giving the properties of the physical system), namely

grad ¢ =(%’ Ef’ %) = (58;’ _8%’ £)¢

ox oy 0Oz
=(V,, V,, V)¢ = V¢, (4.4)
where V stands for the linear vector operator
Vsii+ji+k£, (4.5)
ox oy oz

and is called del (or sometimes nabla). Equation (4.4) has the form ‘vec-
tor operator acting upon a scalar producing a vector’ and should be dis-
tinguished from ¢V which has components (¢ 8/0x, ¢ 0/dy, ¢ ¢/0z) and is
still a vector operator.

From its physical definition, grad ¢ is clearly a vector field associated
with the space and does not change its magnitude or direction in space,
even if the coordinates used to describe the space are changed — although
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of course the values of its components will change from one coordinate
system to another.

For a particular direction given by fi, the rate of change of ¢ is simply
obtained from grad ¢ by forming the scalar product fi- Vé. Other immedi-
ate extensions include

»1. V(uv) = uVv + vVu, (4.6)
»2. V(é(u)) = (0¢/ou)Vu. 4.7
4.2 Divergence of a vector

An important property of physical systems is the way in which the vector
fields that are associated with them vary with position. If the fields are
ones with which field lines are readily associated (e.g. electrostatic fields
or fluids in motion) then these variations are easily visualized as the
converging or diverging of the field lines.

In order to describe these variations in a quantitative way at the dif-
ferent points in space, we consider the net flux (per unit volume) of the
vector out of a small volume surrounding any particular point. Clearly
if field lines start or stop in the volume [sources or sinks present] then
this net flux will not be zero. Obvious examples include a small volume
surrounding an isolated charge, where the vector electric field is outwards
in all directions and must produce a non-zero net flux, and a medium
which is being raised in temperature as heat flows through it, more enter-
ing any particular volume than leaving it.

In a space in which a vector field a = (a,, a,, @) is defined, consider
a small volume V with surface S positioned in the neighbourhood of a
point P = (x, y, z). We will take the volume as a rectangular box with
P at one corner (fig. 4.1). The flux out of any surface element dS is a-dS

and the flux over the whole surface is fs a-dS, where S stands for the
six faces of the box, denoted by S,, S, (marked in the figure), S,, S,
S. and S,. The volume V of the box is just dx dy dz. We are thus led to
consider the scalar quantity

diva = lim -l— f a-ds. (4.8)
V-0 s

It is not apparent from our construction that a limit as defined in (4.8)

exists which is independent of the shape of the volume assumed, and from

this point of view a definition using (4.2) is to be preferred. However the

limit can be shown to exist and, as it is our approach to adopt the most
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~>
a

ay -7

‘4)", 2) &
dx

Fig. 4.1 The elementary rectangular volume for the calculation of the divergence
of a.

physical starting point, (4.8) is our definition of the divergence of the
vector a at the point P.

We now show the equivalence of this to the usual definition. On the
plane surface S, the flux is given by

a-dS = —a, dydz,

the minus sign appearing because the outward normal to S, is in the
negative x-direction. For the parallel plane S, a distance dx away, we
have by a Taylor expansion

0
a-dS=ga,dydz + ™ (a. dy dz) dx + higher orders.
x
Adding these two contributions together and retaining only terms which
are less than fourth order in small quantities, we have

oa,
D= dxdydz.
ox

Similar contributions come from the other pairs of surfaces to give for
the evaluation of (4.8),

. . da, da, oa,
diva= lim ( + — + dxdydz / dxdydz
ax,ay,a2-0 \ OX oy z
oda da oa, .
= od + v + > (42 blS)

x| oy | oz

which is just the definition more usually adopted.
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Like grad, the divergence can also be written in terms of V. Equation
(4.2) is just V.a, + V,a, + V.a, which can be written

diva = (li +ji + k—a—) - (ia, + ja, + ka,) =V-a. (4.9
Ox oy oz

The divergence theorem, which relates the total flux of a vector field
out of a surface S surrounding a finite volume ¥ to the properties of the
field inside the volume, follows almost immediately from our definition
of the divergence. The only step needed is that of going from infinitesimal
volumes to finite ones. To do this V, in which a is continuous and differen-
tiable, is divided into a large number of smaller volumes V;, each of which
will ultimately be allowed to tend to zero. We then apply the definition
to each infinitesimal volume and sum the results. The flux contributions
over all the corresponding surfaces S;, except those in common with S,
cancel in pairs to give the required result.

Carrying this out formally gives, using (4.8) for each small volume V;,
that

Vi(div a), v, = f a-ds.
Si

Both sides of this equation are now summed over / and each V; allowed to
tend to zero size. The left-hand side is then exactly the definition of
[v div a d¥, whilst the right-hand side 3 [, a-dS can be divided into two
parts, one integral over those parts of the S; which are also a part of S,
the other over those parts which are internal to S. For these latter, each
surface element appears in two terms with opposite signs, since the out-
ward normals in the two terms are equal and opposite, and so this part of
>4 fS‘ a-dS gives zero contribution.
Writing out the non-vanishing parts gives the divergence theorem

fdivadV =fa~dS. (4.10)
v S

Interpreted physically, it states that the sum of all net losses of flux for
all parts of a body or region equals the total loss from its surface.

The theorem finds most use as a tool in formal manipulations, but some-
times it is of value in evaluating surface integrals of the type _fF -ds
over a complicated surface S if a simple surface S” can be found so that
S and S’ enclose a volume ¥V in which divF is easily obtained. (See
example 3 of section 4.8.)

The reader will easily verify by direct calculation that the divergence
operation satisfies the following.
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»3. (i) V-(Aa) = AV.a (A is constant, independent of position).
»4. (i) V-(a + b) = V.a + V.bh.

»5. (iii) V-r = 3.

»6. (iv) V-[tf(nN] = 3f(r) + rf'(r), where r? = x% 4+ 3 + 22,

If the vector a is itself derived from a scalar as a = grad ¢ then V.a
has the form V-V4 or, as it is usually written, V24, where V2 (del squared)
is the differential operator

0? 02 0*

- 4. 4.11
ox? * 0y? + 0z° “1D

As an example of the use of the divergence theorem, involving V2 as
well, we will now prove Green’s theorems.

Consider two scalar functions ¢ and ¢ satisfying our usual differen-
tiability conditions, and apply the divergence theorem to the vector ¢V,
giving

quw;.ds =fvv-(¢v¢)dv

= f 6V + (V) (V)1 dV. (4.12)

Reversing the roles of ¢ and # in (4.12) and subtracting the two equations
gives

j (V4 — yV$)-dS = f V2 — pV2g) V. @.13)

Equation (4.12) is usually known as Green’s first theorem and (4.13) as
his second. In both it is common to replace Vi-dS by (&y/on) dS. The
expression (6y/én) stands for Vi-fi, the rate of change of ¢ in the direction
of the outward normal to S. [Despite its formal appearance, d/on is
not a partial derivative with respect to the magnitude of fi, which is unity
and therefore constant anyway.]

4.3 Curl (or rotation) of a vector

First consider a body which is rotating with angular velocity w about the
z-axis (fig. 4.2).

At the point (x, y, z) the velocity components are v, = —wrsin § = —wy
and v, = wrcos § = wx and so the velocity vector field a has the form

a = —wyi + wxj + O0k. 4.14)
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To make the connection with our previous usage, we would like to be
able to derive from this field the angular velocity vector (0, 0, w) which
characterizes the rotation.

y
wr
wX
wy — (x, ¥, 2)
d
p
p
4
p
r,’
.
4
7’
/\ 0
d

X

Fig. 4.2 The velocity field of a rigid body rotating with angular velocity » about

the z-axis.
y
(x + dx,y + dy, 2)
3
4 2
C
xy2 1

X

Fig. 4.3 A rectangular closed path in the xy-plane.

If, instead of a solid body, it were a liquid which had this velocity
distribution, the rotation would be immediately recognized if it were
required to swim round a simple closed path in the liquid. Clearly it
would be much easier to swim one way round than the other, and this
would be so even if the path did not enclose the axis. This help or hin-
drance, depending on which way round the path is traversed, is an indica-
tion of the rotation or curl of the liquid. Some quantitative measure of
this is the product of the velocity (counted positive or negative) and the
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distance travelled in the direction of the velocity i.e. for an infinitesimal

path length the product a-dl or for the complete course C, _‘ ca-dl In

general the bigger the area 4 of C, the bigger this integral, and as we are
interested in a local property, we consider the quantity

1
lim [—f a-dl], (4.15)
4-0 1A J.

around a simple closed curve C lying in one plane. The analogy with
(4.8) should be noticed, surface integrals have become line integrals and
volumes become areas.

We will take as C a rectangle in the xy-plane as in fig. 4.3. Then, taking
the sides in the order they are numbered, (4.15) is evaluated using (4.14)
for a as

1
lim —f a-dl
4-0 4 Jo
lim —wydx + w(x + dx)dy — o(y + dy)(—dx) + wx(—dy)
dx,dy =0 dxdy

Il

wdydx + wdxdy

im 2w.
dx,dv—0 dx dy

Now a path in the xy-plane described in the sense used, is associated with
a vector perpendicular to the plane, i.e. in the positive z-direction. Thus
we can by this procedure associate with the z-direction a value 2w.

If we now draw another rectangle C’ in the yz-plane (with normal in
the x-direction) and recalculate the line integral we obtain,

.1 . wxdy + 0 + wx(—dy) + 0
lim — a-dl= lm =0
4-04 Jor dy,dz—0 dy dz

Thus the value associated with the x-direction is 0, and similarly with
the y-direction. Hence we can define by this procedure a new vector with
components (0, 0, 2w), which, within a constant, is just the angular
velocity we sought. It should be noticed that this example gives the same
vector wherever the path is chosen; in a more general case than rigid body
rotation, the vector would change with position.

The general definition of the curl of a vector is based upon the same
notion. Namely that the component of curl a in a direction f at a point
P is given by (4.15) when fi is a normal to the plane contour C of area A
enclosing (or in the neighbourhood of) the point P. The vector field a is
here of course a general one. Similar mathematical questions to the ones
mentioned in connection with the definition of divergence arise here, but
it can be shown that any shaped plane contour produces the same limit.
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We conclude this section by showing the equivalence of this physics
based definition to the mathematical one of (4.3). The rectangular con-
tour of fig. 4.3 will again be used, but now a is a general vector field with
components (a,, a,, a,) which in general will all be functions of position.
Again taking the numbered sides in order,

a-dl = ax(x’ J’) dx + ay(x + dx, y) dy
+ a,(x + dx, y + dy)(—dx)
+ a,(x,y + dy}—dy) + second order.

Grouping the first and third terms together and letting dx — 0, and the
second and fourth with dy — 0, we have on substituting in (4.15)

»7. (curl a), = lim {ax(x, Y —adx,y+ dy)}
v

dy

a,(x + dx, y) — a,(x,
+ lim { A ») — a(x ) )} + lim (first order)
ax—0 dx
oa, + oa, 40
B oy ax ’

The other components of curl a are obtained by cyclic permutation of
X, y, z to give complete agreement with (4.3)
K (ﬁ‘f_ _ %)‘
ox ay

. (6a2 oa, .{Ca, Qa,
curla =i ——)+j(—— )+

ay dz oz ox
(4.3 bis)
An alternative form of (4.3), easy to remember, is a determinantal one,
i § k
curla = —:; :—y ;z— . 4.3b)
a, a, a,

[If determinants are unfamiliar, a discussion of them may be found in
the early part of chapter 14.]

»8. Using the relations (2.20) and (2.21) show that curl a can be written
as

curla =V A a. (4.16)

»9. Rework the case of a uniformly rotating body (about the z-axis)
using cylindrical polars (r, ¢, z) and planar paths, the sides of which lie
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in coordinate planes. Show that the vector obtained is (0,0, 2w) thus
supporting (but not proving) the stated independence of the limit in
(4.15) of the path shape used.

»10. Verify by direct calculation that
V. @aanby=b(VAaa)—~a(VAab)andthat VAT =0,

4.4 Stokes’ theorem

Stokes’ theorem is the ‘curl analogue’ of the divergence theorem and is
proved in an analogous manner. It states that if a simply connected
smooth, but not necessarily plane, surface S is bounded by a line L
(closed) then

J curl a-dS =j a-dl, 4.17)
S L

where a is a vector field defined in a region containing S.

Following the same line as previously, this time we divide the surface S
into many small areas S; with boundaries L;. Then, for one such area
j s, curl a-dS is equal to {the component of curl a parallel to the normal
to dS} multiplied by dS. But from the definition (4.15) of curl a this is
just fL‘ a-dl. Adding together all such results we have

Z,»L (V A 8)-dS =ZL a-dl.

The left-hand side of this is just the left-hand side of (4.17), whilst on
the right-hand side, all parts of all boundaries which are not part of L
as well, are included twice, being traversed in opposite directions on the
two occasions and thus contributing nothing, Those parts which are
common with L add up to produce exactly the right-hand side of (4.17)
thus proving the theorem. In all parts of the proof, boundaries are con-
sidered as traversed in the positive sense with respect to the outward
normal of the surface they bound.

As a simple example of Stokes’ theorem consider the following.

Example 4.1. From Ampére’s rule derive one of Maxwell’s equations in
the case when the currents are steady.
Ampeére’s rule for distributed current with current density J is

I B-dl = poj J.ds
c s
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for any circuit C bounding a surface S. Using Stokes’ theorem, the left-
hand side can be transformed into fs (V A B)-dS, and hence

jWAB—pmdS=Q
S

for any surface S. This can only be so if
V A B = F‘OJ9

which is the required relation.

»11. From Faraday’s law of electromagnetic induction, derive Maxwell’s
equation curl E = —2B/or.

4.5 Vector operator identities

As in chapter 2 for ordinary vectors, certain identities exist for vector
operators. Some of these we will merely record, leaving it for the reader
to verify them for himself. One or two will be discussed in a little more
detail.

A vector field a for which diva = V.a = 0 is said to be solenoidal,
and one for which curl a = 0 to be irrotational. If the vector a is itself
derived as the gradient of a scalar then it is necessarily irrotational. To
see this we simply write out the expression for curl a

ay oz
-GE) -6
- oy \oz oz 8y)" ,”)’
ie. curl a = (0,0, 0) if a = grad ¢. (4.18)

[This result might also be expected since curl a can be written as V A V¢
and looks like the vector product of a vector with itself, but with vector
operators such formal results cannot be safely presumed.]

»12. If a is derived as curl b for some vector b, then a is solenoidal, i.e.
V.-a =0. (4.19)
The analogue of the triple vector product is worth a little further study

and in particular the vector given by curl (curl a) and obtained when
both b and c are replaced by Vin ¢ A (b A a). The relationship is

VA(VAa) =V(V.a) — V2, (420 a)
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or in words,
curl (curl a) = grad (div a) — del squared a. (4.20 b)

It should be remarked that the right-hand side of (4.20) is not identically
zero, as can be easily verified by writing it out in Cartesian components.
For example,

V(V.a)], = —|— + —
[V(v-a)l ox\ ox oy 0z
o%a, &%a, o%a,

ox? ox¢dy o0xoz

0 (E?aJr éa, 802)

o%q, 0%, ¢%a,

whilst  [VZa], = + = 4 )
[V7al ox® oy? 0z*

In the expression V2a, the quantity VZ (called the Laplacian) is a linear
differential operator acting upon a vector [as opposed to the scalar dis-
cussed towards the end of section 4.2] with the vector itself consisting of
a sum of unit vectors multiplied by components. Two cases arise:

(1) If the unit vectors are constants [independent of the values of the
coordinates] the differential operator gives a non-zero contribution only
when acting upon the coordinates [with the unit vectors merely as multi-
pliers].

(i1) If the unit vectors vary as the values of the coordinates change [i.e. are
not constant in direction and magnitude throughout the whole space]
then the derivatives of these vectors appear as contributions to VZa.

Cartesians are an example of the first case in which (VZa); = V2g;. In
this case (4.20) can be applied to each component separately

[curl (curl a)}; = [grad (div a)}; — VZ3a,. 4.21)

On the other hand spherical and cylindrical polars come in the second
class. For them (4.20) is still true but the further step to (4.21) cannot be
made.

Equation (4.21) is proved for Cartesians in chapter 15, section 15.5,
whilst a counter example for cylindrical polar coordinates is indicated in
example 7 of section 4.8 at the end of this chapter.

4.6 Conservative fields and potentials

In this section we consider further the important result (4.18). This,
together with some other previous results and the ones proved below,
can be used to express four equivalent statements.



108 Vector operators
A vector field a is conservative if and only if any one (and hence all)
of the following is true:

There exists a scalar function ¢ whose value at the point
(x, , z) depends only on the point (x, y, z) and is such

that a = Vé. (4.22 a)
The integral fi a-dl is independent of the path from A

to B. (4.22b)
The integral f a-dl around any closed loop is zero. 4.22¢)
VAaa=0. 4.224d)

The validity or otherwise of any one of these statements implies the same
for the other three.

The full equivalence of (4.22 b) and (4.22 ¢) is almost self-evident and
is briefly discussed in section 3.4. Equation (4.18) shows that (4.22 a)
implies (4.22 d), and Stokes’ theorem (4.17) shows that (4.22 d) implies
(4.22 ¢) and hence (4.22 b). It thus only remains to show the equivalence
of (4.22 a) and (4.22 b), to imply the equivalence of all four.

If (4.22 a) is true, then

[ e [{E) e G+ )}

~[[as=4,- 4.

Now ¢é5 — ¢, depends only on the values of ¢ at A and B, and is indepen-
dent of the path taken between them, which establishes that (4.22 a)
implies (4.22 b).

Now suppose (4.22 b) is true, and consider a quantity ¢(P) defined by

P

H(P) = j a-dr,

¥
where A is a fixed point and P variable. Because of (4.22 b), ¢(P) is single

valued since the right-hand side is independent of the path from A4 to P.
Let Q be another point dr away from P, then

$(Q) = $(P) + a-dr,

since the path APQ is one way of reaching Q from A4 and a is substan-
tially constant along the infinitesimal path. Thus d¢ = ¢(Q) — ¢(P) =
a-dr and this means that a is just grad ¢, completing the establishment
of (4.22 a) and the equivalence of the four forms of (4.22).
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Example 4.2. In example 3 of section 3.8 it was shown that, at least for
two different paths, the tangential line integral of the vector field
a = (xy? + z, xZy + 2, x) was independent of the path between the end
points. This illustrates but does not prove condition (4.22 b); show that
the field is in fact conservative (a) by establishing condition (4.22 d),
and (b) by establishing condition (4.22 a).

(a) Applying (4.3) to a gives
curla=(0—-0,1 -1, 2yx — 2xy) = (0,0, 0),

thus immediately establishing condition (4.22 d).
(b) Suppose ¢(x, y, z) is to be the required function. Then firstly we must
have

oplox = xy* + z.

Thus, ¢ = $x%% + zx + f(y, z) for some function f. Secondly é¢/dy, =
x%y + of/oy, must also = xZy + 2. Hence f = 2y + g(z) and ¢ =
4x?y? + zx + 2y + g(z) for some function g. Finally 64/0z, = x +
0g/dz, must also = x. Hence g = constant = k. So we have explicitly
constructed a function

é(x, y,2) = $x%% + zx + 2y + k,

whose gradient is the vector field a, and thus established condition
(4.22 a).

»13. For the vector field of example 3.2 (section 3.3), namely
a = (x)?, 2, x), show that condition (4.22 d) is not satisfied and attempt
to construct a suitable function ¢, as above, showing where the procedure
breaks down. [Example 3.2 itself has already shown that condition
(4.22 b) and hence (4.22 ¢) are not valid.]

The quantity ¢ which figures so prominently in this section [and in
many subsequent chapters] is called the potential function of the vector
field a. More precisely it is the scalar potential function, since it is both
possible and useful at times to define a vector potential function. Its uses
in physics and engineering are so wide-spread that there is little point
here in giving particular examples, and so we merely record its great
importance in such representative areas as electrostatics, gravitation,
fluid dynamics, magnetostatics, and atomic and nuclear physics. But
before leaving it we summarize the main properties of the potential:

(i) It is a scalar.
(ii) Its value at the point P = (x, y, z) depends only on the quantities
x, y, z (and other fixed constants).
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(iii) Its value is equal to the tangential line integral of the vector field
from an arbitrary fixed point 4 [at which the potential is thus defined to
be zero] to P, the value of the integral being independent of the path
from A to P.

(iv) Its gradient V¢ is the vector field.

Scalar potentials which are multivalued functions of position (but in
simple ways) are also of value in describing some physical situations,
the most obvious example being the magnetic potential associated with a
current-carrying wire.

4.7 Non-Cartesian systems

The operators which we have discussed in this chapter, grad, div, curl
and V2, were all defined in terms of Cartesian coordinates, but for many
physical situations other coordinate systems are more natural. For example,
many systems, such as a single isolated charge in space, have spherical
symmetry and spherical polar coordinates would be the obvious choice.
For axisymmetric systems, spherical or cylindrical polars are the natural
system of coordinates. The physical laws governing the behaviour of the
systems are often expressed in terms of the operators we have been con-
sidering and so it is necessary to be able to express these operators in
these other, non-Cartesian, coordinates.

We will use the notation of section 3.7 and concentrate mostly on
spherical and cylindrical polars.

Gradient. The element of length associated with a change du; in one of
the coordinates is k, du; (no summation) and, since the gradient of a
function is the rate of change of that function with distance, the vector
grad @ is given byt

1 0@ 1 o 1 o0®
rad® =VP = —— @ + —— &, + ——— &,. 423
g hl aul ! h2 auz 2 h3 9u3 8 ( )

It should be borne in mind that the unit vectors & are not constant
throughout the space in general, but are defined locally to give the local
direction of increase of the coordinates ;. This is apparent from fig. 4.4
which shows the unit vectors for two different positions (r, 6, ) and
(r', ¢, ") in spherical polars.

t Here we use @ for the potential to avoid confusion with the azimuthal

angle ¢.
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Fig. 44 The unit vectors ¢, and e; in spherical polar coordinates at two different
positions r and r’.

Using table 3.1 and equation (4.23) we have in particular that the
components of grad ® are

(8(13 1o0® 1 00\ . herical pol 424
— — erical polars, .
o T 26 rsin08¢)m5p P @.24)
and
o0 100 od
(——, -— ——) in cylindrical polars. (4.25)
or rop oz

Divergence. Consider for definiteness the case of spherical polars illus-
trated in fig. 4.5, and let us apply the definition of divergence in (4.8) to
the small near-rectangular volume generated by making small increments
in each of the coordinates. As in the argument of section 4.2 the contribu-
tion to a-dS from faces S, and S, together is

0
— (a, rd@ rsin 8 d¢) dr.
or
Similarly the contributions from {S, and S;} and {S, and S} are
a(d in 6 d¢) d6 d8 drrdé) d
a—eaa r rsin 8 dé an 5;(% rrdf)dé
respectively, giving for the total surface integral

7] 0 0
L a-dsS = [a_r (r’sinfa,) + 29 (rsin 8 a;) + 8—4; (rad,)] dr dé dé.
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Fig. 4.5 The elementary volume in spherical polar coordinates for the calculation
of the divergence of a.

Now the volume of the solid is ¥ = dr x r df x rsin 8 d¢, so that from
(4.8) we obtain for the divergence of a in polar coordinates

1

V.a= [ (r’sin 8a,) + —(r sin 0 ag) + —(ra¢)]
r?sin o
1 1 @ 1 éa,
= e — 2 r —————— i 0 + " - 4.26
r¢or (r'a) + rsinoao(sm ) rsin 8 o¢ (4.26)

Following this same method it is straightforward to obtain the result
for a general orthogonal system.

»14. Va=—— [ ( 2h301) + — (hahlaz) + _— (h h2a3)]
hihzhy | Ouy
4.27)
In particular, for cylindrical polars,
18 2a,
»15. V.a= ——(r )+ -2 4 —a—- (4.28)

rog
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The operator V2. If we take the particular case of a = V& then (4.27)
yields an expression for V2 for a general orthogonal system. Substituting
for a,, a,, a; in (4.27) from (4.23) gives

V2D = L [i (”2"3 a_(D) + i(hahl @)
h1h2h3 aul hl 3u1 auz h2 8“2

@ (hihy 0O
+ —( : 2—)]- (4.29)
8u3 h3 3u3

For the two particular cases, we have in spherical polars;

10 o0 1 o oP 1 2P
>16. V2®=———(r2—)+————0(sin0—)+——-— ,

ror or r? sin 0 26 o0 r?sin® 8752_
(4.30)
and in cylindrical polars;
190 o0 1 820 020
»17. V2®=____(r_) —— e — . (4.31)
ror\ or r? o¢? 022

It will be noticed that in the expressions for V2®, the last term in (4.30)
and the last two terms in (4.31) have the formal appearance of being the
result of repeating the operations which produced the corresponding
terms in the expressions for V@ (equations (4.24) and (4.25) respectively).
This they have in common with all three terms of V2@ when it is expressed
in Cartesians. However, the first two terms of (4.30) and the first of (4.31)
do not possess this property.

The reason for the differences is to be found in the fact that for the
coordinates r and 6, the volume swept out in space by a given increment
in that coordinate (keeping the others constant) is dependent on the value
of that coordinate at the time, whereas for the others this is not so. For
example, the volume between the coordinate surfaces r = r; and r =
r; + dr in spherical polars is 47 dr, but that between the coordinate
planes ¢ = ¢, and ¢ = ¢; + dé is (dp/27) of the whole space and inde-
pendent of é,. So for r and 6 the geometry of the space itself has a ‘built-
in’ divergence which adds to that occurring in the scalar ®. To illustrate
this specifically, the r term of (4.30) is

1 o (26d>) _ &0 +26(D
rtor o) o® " ror

the first term on the right being the ‘expected’ one and the second that
deriving from the ‘geometry of the space’. Of course both must be in-
cluded in any use of the formulae.
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The reader is reminded also of the discussion at the end of section 4.5
in connection with the application of V2 to vectors, and of the complica-
tions which may arise when working with a general orthogonal system.
It is usually simplest in these circumstances to express VZa, by means of
(4.20 a), in terms of other vector operators.

Curl. Following from the defining equation (4.15) and the discussion of
section 4.3, we can construct in a straightforward manner the expression
for curl a in a general orthogonal system. By considering a small contour
lying in a plane u; = constant [and traversed in the right-handed sense
with respect to a normal in the positive u; direction] we obtain

1 0
(Curl a)a = lim {_—_‘— [— (a2h2 duz) dul

auy, aug—o0 Ay duy by du, [Ouy
d
— —(ayh, duy) duz]}
7
1 [8 (haas) 0 h )] (4.32)
= by 2w, Y T a1 '

The other two components are found by cyclically permuting subscripts
1,2, 3.

»18. Show that in spherical and cylindrical polars curl a has components:

spherical polars cylindrical polars
1 da, cot# 1 Oay 18a, Oa,
ry—— Ay — ———> Fim— — —
r o6 r rsin @ o¢ r o¢ 0z
1 éa, a, Oa, 4 da, Oa,
" rsin 0 2 r or " oz or
a aa 1 Ga, a da 1 éa,
¢;...£ _0__ N z;_¢+;‘:___.
r or r 00 r or r o¢
4.8 Examples for solution

1. Distinguish between the following expressions involving vector
a and scalar ¢, showing in particular: (a) = (d) # (¢); (d) # (e);
© =@+ ®B;®B=-(.

@ ¢VAra (b)) VéAaa, () VAda, (d (Vaa),
(e) (@ A V).

2. The field of a magnetic dipole of moment M, placed in vacuum
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at the origin, is given by H = —VQ, where Q is the magnetostatic
potential Q = —(1/4m)M.V(1/r). Show that

H = (1/47)[3t(M -r)r-* — Mr-3]

and deduce the fields in the Gauss 4 and B positions, of a short bar
magnet. (4 position is on the axis of the magnet; B position on the
‘equatorial’ line.)

3. Evaluate the surface integral f s F-dS over the open hemispherical
surface x2 + y2 + 22 =42, z2 0, when F = (y — x)i + x%zj +
(z + x?)k, (a) directly, and (b) by the use of the divergence theorem.

4. Show that the vector r™r is (i) irrotational for any value of n,
and (ii) solenoidal only if n = —3. Deduce the physically obvious
result that ‘any spherically symmetric vector field which is every-
where directed away from the origin is irrotational’.

5. A vector field a has components (—zxr=3, —zyr=3, (x2 + y?Hr-9),
where r2 = x? + y? + z2. Show that the field is conservative (a) by
showing curl a = 0, and (b) by constructing its potential function ¢.

6. A force F(r) acts on a particle at r. In which of the following cases
can F be represented in terms of a potential? When it can, find the
potential.

(@F=1[-j— 2r(x — y)]exp(—r?.
) F=[zk + r(x2 + y2 — D] exp(—r2).
@WF=k+(@Akr2

7. Using cylindrical polar coordinates (r, ¢, z) and a vector field a
with components (u, v, 0), where for simplicity ¥ and v are taken
as functions of r and ¢ only, show that the r component of
V(V-a) - VA (VAa)is

o%u u 1oéu 2 ov 1 &u

-+ —+ = —>

or? r2 r or r2 o r® od?
but that V2u4 contains only the first, third and last of these terms.
This shows that (4.21) is not valid in a general orthogonal system.

As a very specific example, take ¥ = constant = ¢ # 0 and v = 0
and evaluate V2a comparing it with VZq,.

8. For the coordinate system of example 7 in section 3.8, find the
most general function f of u, only that satisfies V2f = 0. (The re-
quired expressions for hy, o, hs are given in the solutions to chapter
3)



S

Ordinary differential equations

In the mathematical description of a physical system the basic laws are
usually expressed as equations connecting local quantities. The equations
consist of products and sums of the quantities and their derivatives, the
actual combination of forms depending upon which variables are chosen
to describe the situation.

The effect of external factors on the system is represented by the tying
of the values of some of the quantities to particular values of others. The
latter quantities are usually called the independent variables, and the
former the dependent ones. A complete description (solution) of the
physical system is obtained when the values of the dependent variables
are known for all values of (i.e. as a function of) the independent ones.

In cases where derivatives appear in the expression of the physical laws
it is thus necessary to convert a differential equation into a standard,
tabulated, or computable function. This may take the form of a series
or an integral which can be evaluated numerically. Methods by which the
conversion can be effected form the content of this and the next two chap-
ters and also (for equations containing more than one independent vari-
able) of chapters 9 and 10.

Equations of the types considered in the first three of these chapters —
those containing only one independent variable — are called ordinary
differential equations. The two other chapters deal with some methods of
solving partial differential equations, i.e. ones containing derivatives of
dependent variables with respect to more than one independent variable.

In discussing ordinary differential equations in a general way we will
take x as the independent variable and y = y(x) as the dependent one.
The derivatives of y with respect to x, dy/dx, d2y/dx?,..., d*y/dx", will,
where no confusion arises, be denoted for brevity by y’, y",..., )™,
respectively.

Two further definitions need to be made at this point. The first of these
is the order of a differential equation, which is the order of the highest
derivative appearing in the equation. The second is the degree of the
equation, this being the exponent of the highest derivative, after the equa-
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tion has been rationalized and all non-integral exponents of y and its
derivatives eliminated (if necessary).t Thus, for example,

M+GPM2=y+y

is of third order and second degree, since y” appears and after rationaliza-
tion it is raised to the second power.

We will be concerned almost exclusively with equations of the first
degree and will generally be dealing only with equations of first
and second order. Much of our attention will be on linear equations in
which all derivatives present and y itself appear only to the first power
and at most are multiplied by a function of x (not of y or its derivatives).

5.1 General form of solution

It is helpful when considering the general form of the solutions of an ordi-
nary differential equation (d.e.) to consider the inverse process, namely
that of how a differential equation can be obtained from a given group}
of functions, such that any one of them is a solution of the d.e. Suppose
the members of the group are given by a particular form

y=f(x9al9a2"~~,an), (5.1)

where the g; are a set of n parameters, with each member given by a dif-
ferent set of parameters. For example, if the group were all functions of
the [familiar] form

y = @a;cos X + a,sin x, 5.2)

then »n would be 2.

Since a d.e. is required for which any of the group is a solution, the
equation clearly must not contain any of the g;. As there are n of the g,
in expression (5.1), we must obtain #n + 1 equations involving them in
order that, by elimination, we can obtain one final equation without them.

Initially we have only (5.1), but if this is differentiated » times, a total
of n + 1 equations is obtained from which (in principle) all the 4; can be
eliminated to give one d.e. satisfied by all the group. The »n differentiations
will result in 3™ being present in one of the n + 1 equations and hence
in the final equation, which will therefore be of the nth order.

In the example of equation (5.2),

y = —a, sin x + a, cos x, (5.3a)

+ Some authors define degree as the highest exponent which appears of any
derivative (including y itself), after the equation has been so treated. In
this case ‘of first degree’ is synonymous with ‘linear’.

1 The word ‘group’ is not used here in any technical algebraic sense.
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and y' = —a, cos x — a,sin x. (53b)
Here the elimination of a, and a, is trivial (because of the similarity of
form of y” and y), resulting in

Y +y=0, 54

a second-order equation.

Thus to summarize — a group of functions with n parameters satisfy
an nth-order differential equation in general.t The intuitive converse of
this — that the general solution of an nth-order differential equation con-
tains » arbitrary parameters (constants) — will, for our purposes of phys-
ical applications, be assumed to be valid, although a totally general proof
is difficult.

»1. Suppose that a solution of (5.4) can be found of the form y(x) =
>% a,x'. Show that exactly two of the g; are arbitrary.

»2. If (5.4) is multiplied through by )/, it can then be arranged in the
form [(»)?] + [»*]' = 0.

Show, by carrying it out, that to obtain from this an expression for y
in terms of x requires 2 integrations, resulting in 2 arbitrary constants.

These two exercises illustrate, but of course do not prove, the validity of
the assumed result.

As mentioned earlier, external factors affect a system described by a
d.e., by fixing the values of dependent variables at particular values of the
independent ones. These externally imposed (or boundary) conditions on
the solution are thus the means of determining the parameters which
specify precisely which function is the required solution. It is apparent
that the number of boundary conditions should match the number of
parameters and hence the order of the equation, if a unique solution is to
be obtained. Fewer independent boundary conditions than this will lead
to a number of undetermined parameters in the solution, whilst an excess
will usually mean that no acceptable solution is possible.

For an nth-order equation the required n boundary conditions can take
many forms, for example, the value of y at n different values of x, or the
value of any n — 1 of the n derivatives y’, y",..., y™ together with that
of y, all for the same value of x, or any of many intermediate combina-
tions.

t In some degenerate cases a d.e. of less than nth order is obtained.
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»3. Solve, where possible, equation (5.4) with the boundary conditions,

(@ y©0) =4, y@=2)=—1;

®) y©0) =4, Y0 =2;

(©) y=/4) = 2;

@y0 =1, »0=-1;

(@ y(@/6) = % + 312, y(@/4) =3(2)"2,  Y(=/4) = — ()~
) y=/6) =%, y(=/4) =323, Y(=/4) = —-(2)" 12

5.2 First-order equations

We begin our study of more specific forms of differential equations with
those of first order (and first degree). Our main interest from the physical
point of view will be in linear equations but to start with we consider a
slightly wider class.

Let us take as the general form of first-order equation

0y +P=0, (5.9

where Q and P are, in general, both functions of x and y [but of course
not of y', y”, etc.].

If, by a rearrangement or by multiplying the equation through by some
function of x and y, it can be brought to a form where the quantity
multiplying y’ is a function of only one of x and y and the second term
a function only of the other, then the variables are said to be separated
and (5.5) can be written as

p(x)dx + q(y)dy =0,

with solution

f T px) dxy + f i) dys = .

Since the general equation (5.5) is of first order, its solution will contain
one arbitrary constant. Suppose that it is possible to express the solution
so as to make this constant ¢ the subject of the equation expressing the
solution, that is

¢ =f(x7). (5.6)

Then by differentiating (5.6) with respect to x we should recover the original
equation
_ o of dy

= 4+ ==, 5.7
ox oydx 7
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where 0f/ox is the partial derivativet of f with respect to x with y held
fixed, and similarly for 9f/oy.

Comparing (5.7) with the original equation, we see that for a solution
of the form (5.6) we must have

of lof
oo PJO. (5.8)

Alternatively we may say that to obtain a solution of the form f(x, y) = ¢,
the original equation (5.5) after possible multiplication through by a
suitable function g(x, y) should take the form (5.7). Since &%f/ox oy =
&*f/oy ox, this implies as a necessary condition that

6 P) = 0 5.9)
5(8 )—g(gQ)- (s

It can also be shown that (5.9) is a sufficient condition for a solution of
(5.5) to exist in the form (5.6).
Equations like (5.5) for which

oP  2Q

= , 5.10
Jdy  ox (5.10)

i.e. with g(x, y) = constant, are called exact equations and can be solved
immediately:

¢ =f(x,y) = f " Pxy, ) dxy + A(Y),

where A(y) is chosen to make

;;[fo(xl,y)dxl] +H(G) = 0. (5.11 a)

Clearly, depending on the actual forms of P and Q, it may be computa-
tionally easier to evaluate

v
e = fx.) = [ 003 s + k),
with
0 v
3_x[ f O(x, y1) dyl] + k'(x) = P. (5.11 b)
¥ This section assumes a little familiarity with partial differentiation, section

1.8 may be useful preliminary reading for the student without such famili-
arity.
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Example 5.1. Solve (x® + 2y)y’ + 3x%y = 0.

The solution is obvious, but for illustrative purposes we will go pedantic-
ally through the above procedures.

Here, comparison with (5.5) gives Q(x,y) = x* + 2y and P(x, ) =
3x2y. Hence (5.10) is satisfied, since each side of it has values 3x%, and the
equation is therefore exact. Using (5.11 a), its solution is

= f 3xiydx, + A(y) = X%y + A(y),
with
0
— () + W (y) = x® + 2p.
oy

Thus A(y) = »? and the solution is
x¥y + y? =c.

[All constants of integration may be taken as zero, i.e. formally absorbed
into c.]

Alternatively [carrying right through with our pedantic illustration],
using (5.11 b) the solution is

c=["(®+ ) dyy + k(x) = X%y + ¥ + k(x),

with o (% + %) + K(x) = 3.
Thus k(x) = 0 and the solution is as before.

We now return to (5.9) and study the quantity g(x, y), which because of
the purpose it serves is known as an integrating factor (IF). Expanding
(5.9) we obtain after rearrangement

P 99\ _ % % 5.12
g(ay 3x)_Q d G12)

If we now substitute for P from the original equation (5.5) into the last
term of (5.12) and recall that dg/dx = dg/ox + y' dg/dy, then we obtain

as the equation satisfied by the integrating factor g.
An explicit formula for g can be given for those cases in which the left-
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hand side of (5.13) is a function of x only (and not of y), for then simple
integration gives

_ * 1 0P(x,,y)  0Q(x1,y)
g(x)—exp[ f Q(xl,y)( 5 o )dxl] (5.149)

as the required integrating factor.

Often simple integrating factors can be determined by inspection, but
in more complicated cases, provided its integrand is a function of x only,}
(5.14) will provide the necessary IF and hence solution of the equation.
Notice that if the integrand is zero, the original equation is already exact.

»4. Solve the following by separation of variables to obtain y = y(x):

@y —x®=0;
(b) y' arctan x — y(1 + x%)~! = 0;
(¢) X&' + xp% = 42

»5. Show that the following equations are either exact or can be made
so, and solve them:

(@) y(2x%* + 1)y + x(y* + 1) = 0;
b) 2xy' + 3x + y =0;
(¢) (cos? x + ysin2x)y’ + y2 = 0.

If in (5.5), P(x, y)/Q(x, y) can be expressed entirely as a function of
(y/x), then the equation is said to be dimensionally-homogeneous and a
general form of solution can be found. This method is treated in example 1
of section 5.12.

53 Linear first-order equations

Turning to linear equations of the first order produces some simplifica-
tion of our general results.

For linear equations we have, using the notation of (5.5), that (i)
Q = Q(x) (and not Q(x,y)), and (i) P(x,y) = yR(x) + S(x). This
means that the important criterion quantity P/dy — 0Q/0x has the form

oP[0y — 8Q[0x = R(x) — Q'(x)

t This is not intended to imply that an IF cannot be found if the integrand
does depend on y — only that it must be sought by other means.
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and is therefore necessarily a function of x only. Thus an integrating fac-
tor

£ = exp| f " Q(Ll) [REx) — Q') 0

| * R(xy)
- dx, (5.5
o) exp[ 0xy) "] (5.15)

can always be found.
It is usually convenient in practice to divide the linear equation

Qx)y + R(x)y + S(x) =0 (5.16)

through by Q(x) before starting to find the IF; the equation then reduces
to

Y +rx)y + s(x) =0, (5.17)

and the integrating factor to

exp [J . r(x;) dxl] . (5.18)

Example 5.2. A particle of mass m starts from rest at time z = 0 and is
acted upon by an accelerating force m exp (—Bt). Its motion is opposed
by a viscous force of magnitude my times its velocity. Find its velocity
at subsequent times and the total distance it travels.

Denoting the distance by y and its velocity dy/d¢ by v, we have as the
equation of motion

mo = mexp (—Bt) — myo,
or o + nv = exp (—B1).

From (5.18) the integrating factor is

exp ( j Y dn) — exp (1),

giving o exp (4¢) + nvexp (y¢) = exp (n¢t — Bt).

Then, either by inspection or by applying (5.11 b) we obtain
vexp(nt) = (yp — B~ exp [(n — B)] + c.

The initial condition, v(0) = 0, gives

Y - o) = lexp (=0 — exp (1)
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The variables here are trivially separable, and integration gives the total
distance travelled as

1 1 1 ® 1
—y0) = — | — — - - — - .
y(@©) — y(0) (n B)[ ; exp (—Bt) + . exp ( 77‘)]0 B

»6. Solve, by finding a suitable 1F:

(@ (1 = x3)y + 2xy = (1 — x2)>2
(b) y' — ycotx + cosec x = 0;
(¢) (x + y')y’ = y [treat y as the independent variable].

54 Higher degree first-order equations

First-order equations of higher degree than the first do not occur often
in the description of physical systems,t since squared and higher powers
of first derivatives usually arise from resistive or driving mechanisms and
then an ‘acceleration’ or other higher derivative is present, and the equa-
tion is not first-order. They do however sometimes appear in connection
with geometrical equations. If the equation can be explicitly solved for
one of x, y or y', then either an explicit or a parametric solution can some-
times be obtained.

If the nth degree equation for y’ can be solved for y’, we obtain instead,
n equations of the first degree, which in simple cases can be treated by
previous methods. Somewhat more interesting from a technique point
of view, are the cases where attempted solution along these lines produces
an insoluble first-order equation.

Consider

x(y)P+y —y=0. (5.19)
Solving directly for y* gives two equations
Y= -2 £ 2x)71(1 + 4xp)'?,

which cannot be solved by simple methods. However a parametric solu-
tion can be obtained as follows.
Denote y’ by z, and write (5.19) as

= 2x + z. (5.20)

T With the alternative definition of degree given in the footnote at the begin-
ning of this chapter, this statement is no longer true, since Ricatti-type
equations involving y’ and powers of y higher than the first, have significant
physical importance.
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Differentiating with respect to x gives
z=y =22+ (2zx + 1),

which can be made into a linear equation for x, using z as the indepen-
dent variable

dx
— )t —1=
(z z)dz 2zx — 1 =0.
The integrating factor for this is

»7. (1 —2)z7?

yielding,
d 1 -z
—[x(1 — 2)?] =
- [x(1 - 2)°]
This on solution gives
1-22x=Inz-z+c. (5.21)

Together with (5.20), (5.21) gives a parametric representation of the
solution of (5.19) with z as the parameter.

»8. Obtain essentially the same result by the following procedure in which
the roles of x and y are reversed.

(i) Solve (5.19) for x.

(ii) Differentiate with respect to y, putting dx/dy = z71.
(iti) Arrange as a linear equation in y.

(iv) Find the integrating factor.

(v) Solve for y in terms of the parameter z.

(vi) Compare with y as obtained from (5.20) and (5.21).

55 Second-order equations

It is an empirical fact that many natural processes and laws, when put
into mathematical form, appear as second-order equations of the first
degree. Some, such as the wave equation

contain two second (partial) derivatives; others, for example the equation
of an undriven damped oscillator

my + 2by + ky = 0, (5.22)

involve only a single second derivative.



126 Ordinary differential equations

A further feature common to these two equations and to many others
of physical science is that they are linear. We will in consequence concern
ourselves almost exclusively with linear second-order equations in the
remainder of this chapter.

As we have shown previously, to obtain a unique solution for a second-
order equation, two independent boundary conditions are required, in
order to determine the values of two otherwise arbitrary parameters. We
next demonstrate the general method whereby the solutions of such linear
second-order equations may be sought and the two parameters deter-
mined.

We take the general linear equation for solution as

either  f5(x)y"(x) + /1(x)y'(x) + fe()¥(x) = f(x), (523 a)
or J2x)Y' () + [1(x)y' (%) + fo(x)p(x) = 0, (5.23b)

in which for the present we will assume that, in the range of x under con-
sideration, the fi(x) are continuous and, where necessary, differentiable.

It should be noted that (5.23 a) is not really linear, in that, if y,(x) and
¥2(x) are both solutions of it then y(x) = &, y1(x) + «,y.(x) is also a solu-
tion only if constants «; and «, add up to unity. However, if y,(x) is a
solution of (5.23 a) but y,(x) is a solution of (5.23 b) in which the right-
hand side is zero, then y,(x) + y,(x) is a solution of (5.23 a). Taking this
one step further, and recalling that the general solutions of both (5.23 a)
and (5.23 b) will each contain two arbitrary constants, we obtain the
general result as follows.

If y1(x) is any solution of (5.23 a) and y,(x) is the general solution of
(5.23 b), containing two arbitrary constants, then the general solution of
(5.23 a) is given by y(x) = y;(x) + pq(x).

The solution y,(x) for (5.23 a) with the full right-hand side is called the
particular integral, whilst that of (5.23 b) is known as the complementary
function. The result can be stated as ‘the general solution is the sum of a
particular integral and a complementary function’.}

It should be emphasized that for the practical purpose of obtaining an
explicit solution, any particular integral (PI), however simple, will suffice;
roughly speaking, the difference between any two possible PI will always
be compensated by the consequent need to assign a different pair of values
to the parameters in the complementary function (CF), when matching
the boundary conditions.

To illustrate these general results we consider a very simple example
in which all the f(x) are constants.

t This form of solution generalizes to any nth-order linear equation, the
only difference being that the complementary function then contains n
arbitrary parameters.
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Example 5.3. Find the solution of

V' =2 —-3y=6 (5.24)
which satisfies y(0) = »'(0) = 0.
We first seek the CF which will be the general solution of
y' =2y =3y=0. (5.25)

For reasons which are discussed more fully later, we try a solution of the
form y = A exp (mx) and find that this is indeed a solution if

»9. m=3 or m= —1.

Now (5.25) is linear and its general solution containing two arbitrary
constants is therefore the complementary function

Yo(x) = A exp (3x) + Bexp (—x).

All that remains now is to find one [the simplest possible] solution of
(5.24). The most trivial is y;(x) = —2, but this is a perfectly adequate
PI, and gives as the general solution of (5.24)

y(x) = Aexp (3x) + Bexp(—x) — 2. (5.26)
The two boundary conditions require that

A+B-2=0,
34 - B=0,

thus determining 4 and B and yielding as the final solution,

¥(x) = texp (3x) + exp (—x) — 2.

5.6 Linear equations with constant coefficients

In this section we consider specifically the class of linear second-order
equations typified by the damped oscillator equation (5.22), and given
generally by (5.23) when all the f(x) are restricted to be constants. Thus
we take our equation as

ay" + ary + apy = f(x), a, #0, (5.27)

with the a; as constants.

Here we treat only cases in which the right-hand side f(x) is either zero
or a given manageable form. Methods available when f(x) is unspecified
or complicated are developed in chapter 7.

Our first task is to find the complementary function y,(x) for (5.27)
since this will be applicable whatever the form of f(x). We need

ays + a1 ys + agys = 0. (5.28)
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It is clear that the best chance of finding a function which satisfies this
is to look for one which on repeated differentiation essentially repro-
duces its own form, which can then be cancelled out of (5.28) as a factor.
On this reasoning, an exponential function naturally suggests itself, and
0 as a test solution we try

Ya(x) = A exp (Ax), (5.29)

where A is at present undetermined.
Trying (5.29) in (5.28) leads to

(azA? + a;A + ag)A4 exp (Ax) = 0. (5.30)

From this it is apparent that (5.29) is satisfactory provided that the
auxiliary equation (an ordinary quadratic in A)

(12)\2 + alA + ay = 0, (5.31)
is satisfied. There will in general be two values A, A, of A which do this,
—a, + (af — 4a,a,)'?

A= 5.32
2 2a, ( )

Recalling that (5.28) is linear and that (5.30) is satisfied for any A pro-
vided A satisfies (5.31), we conclude that any solution of the form

ya(x) = A exp (Ax) + Bexp (A;x) (5.33)

will satisfy (5.28). This contains two arbitrary constants and thus is the
most general solution of (5.28) and hence the required CF. The general
form remains valid even if A is complex, the only exception being when
Ay = Ag, i.e. a = 4dasa,. In this case the general solution is

(A + Bx)exp (A,x), (5.34)

as is shown in part (iii) of the following example.

Example 5.4. Find the complementary functions for the equations:

i) y' — 6y + 8y = 16x + 12;
(i) y" — 6y’ + 13y = 6 cos 2x + 33 sin 2x;
(iii) y" — 6y’ + 9y = exp (2x).

For all three cases the auxiliary equation is

A —6A+p=0,
with p = 8, 13, 9, respectively. The roots of these quadratics are:
() 2, 4; (i) 3 + 2i, 3 — 2i; (iii) 3 twice.
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Thus the complementary functions for (i) and (ii) follow straightforwardly
from (5.33);

(1) ya(x) = A exp (2x) + Bexp (4x),
(ii) yo(x) = exp (3x)[A4 exp (2ix) + Bexp (—2ix)], or
exp (3x)[A4’ cos (2x) + B’ sin (2x)].

For case (iii), so far we have only a one-parameter solution y,(x) =
(A4 + B)exp (3x) = Cexp (3x). To obtain a second, but still trying to
maintain a ‘self-reproducing’ form like (5.29), let us try a solution

ya(x) = g(x) exp (Ax).
Substituting this into (5.28) we get, after a little rearrangement,
[(@:A* + @) + a0)g + (2a:) + a1)g’ + axg"] exp (Ax) = 0.

But A is a solution of the auxiliary equation and therefore the coefficient
of g vanishes. Also, since we are considering the case of equal roots of
the auxiliary equation, A = —a;/2a, and therefore the coefficient of g’
vanishes as well. Thus, since a; # 0 we must have g” = 0. This is trivially
satisfied if g(x) = D + Ex and the second part of the CF is Ex exp (Ax).
The D exp (Ax) term merely repeats, or is part of, the first solution found.
The completed complementary function is thus of the form given in
(5.34). For case (iii) of the example we obtain y,(x) = (C + Ex) exp (3x).

Although we will not pursue it in this chapter, the trial function method
can be applied in an obvious way to higher-order equations with constant
coefficients. Some exercises are set in the examples at the end of the chap-
ter.

The second part of the task of solving (5.27) consists of finding any
particular integral — to be added to the complementary function already
found.

Often a PI of a simple form can be obtained by inspection or by assum-
ing a parameterized form similar to f(x), but there is in general no straight-
forward way of doing this. There are however a number of rather ad hoc
ways of finding particular integrals, and since we have seen that the im-
portant thing is to find one such integral by some means or other [the
complementary function taking care of the rest of the generality], we
describe in the following sections some of these methods.

»10. Find particular integrals for the equations of example 5.4.
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5.7 The D operator

Instead of writing the original equation as it appears in (5.27) let us pre-
sent it in a more symbolic way as

L(D)y = (a,D? + a,D + ag)y = f(x). (5.35)

Here D is shorthand for the operator d/dx which acts upon the quanti-
ties [y only in this case] which appear to the right of it. The second deriva-
tive is

d? d/d D ( d D(D

dx?  dx (dx) B dx) = D),
and is therefore written as D?; similarly d*/dx" would be denoted by D"
The expression L(D) is an abbreviated way of naming the /inear operator
a;D? + a,D + a,, but may be considered to stand generically for an
nth-order linear operator with constant coefficients for any n.

This appears a highly artificial and complicating procedure, but it
will be seen that D, although it is an operator, can often be manipulated
as if it were a purely algebraic quantity. This is so because differentiation
obeys the distributive law and index laws D™D" = D™*" = D"D"™ [at
least for m, n > 0], and commutes with constants [but not with functions
of x].¥

Before using the D operator to find particular integrals we need to
establish certain of its properties. The proofs of these properties are given
in bare mathematical outline but the student should go through them
carefully to be sure that each step is followed.

In the proofs D is manipulated as an algebraic quantity except where
it acts upon a function of x, when either nothing further can be done
[e.g. when acting upon the arbitrary function u(x)] or the specific result
is used [e.g. when acting upon exp (Ax) or cos (px)]. It should be borne
in mind that L(D) is always a sum of terms of the kind a,D".

(i) D exp(Ax) = A" exp (Ax),
therefore  L(D) exp (Ax) = L(X) exp (Ax). (5.36)

(ii) D*u exp (Ax)] = 2": (’:\) [D” exp (Ax))[D*~"u] (Leibniz),
r=0

+ The methods of this section are, from a purist point of view, very dubious.
But because of their great practical importance, particularly in the field
of electrical engineering, the ends justify the means and the fact that
derived solutions can be resubstituted for checking provides the necessary
insurance.



5.7 The D operator 131

= exp () > (’r’ ) X[D*"u], by (),
— exp (W)D + . (5.37)

(iii) D2 cos (px) = —p? cos (px),
therefore L(D?) cos (px) = L(—p?) cos (px). (5.38)
Similarly, L(D?)sin (px) = L(—p?) sin (px).

Result (i) is in fact that used in obtaining the auxiliary equation (5.31).
We now use D in a heuristic way to try to find means of producing
particular integrals.
If it were permissible to treat (5.35) in a purely algebraic way then we
would have as the solution

1
yx) = D) f(x). (5.39)

But since L(D) is an operator, what meaning are we to attach to
[LD)]f(x)?

Consideration of the simplest case provides a part of the answer. If
L(D) were simply D then the equation would be

¥ =Dy =f(x),

and the formal and actual solutions would be

l x
y= =/ = j f(x) dx. (5.40)

This clearly indicates that D~ is to be interpreted as an integration sym-
bol, and, by extension, that D~™ represents integration m times.

This still leaves unresolved the general meaning to be attached to
(5.39), but the results (5.36)—(5.38) suggest that if f(x) has particular
forms such as exp (Ax) or cos (px), then it might mean, for example in
the former case, [L(A)] ! exp (Ax). This certainly seems to be pushing
pure symbolism rather far, but we know that any wrong solution will be
shown up by resubstitution, and any acceptable one is all that is needed.

In this spirit, let us try as a solution of

L(D)y = Aexp () (5.41)
the form
A
y = —— exp (Ax). (5.42)
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Using (5.36), the verification is immediate,

A A
L(D) [Z(_/\) exp (/\x)] = m L(D) exp (Ax)

- % L)) exp (\x) = A exp (Ax).

This result assumes that L(X) # 0. If it is equal to zero, then (D — A)
must be a factor of L(D) which can therefore be written as L(D) =
ADYD — A)™ with A(A) # 0. In the same way that (5.34) was derived
for a special case, we can in this special case try an extension to solution
(5.42) of the form

_ g(x)exp (M)
AX

Then evaluating L(D)y,

L(D)y = A(D)XD — ) a0
exp (Ax)

=4O

D™[g(x)],

where (5.37) has been used with A replaced by — A and u(x) by exp (Ax) g(x).
Using (5.36), the right-hand side becomes A4 exp (Ax) provided that the
last factor D™[g(x)] is equal to the constant A. This requires that g(x) =
Ax™/m! and hence gives the solution

_ Ax™exp ()\x)'
T m! AN

(5.43)

We will not continue any further with our generalized heuristic treat-
ment, but rather solve a number of examples illustrating how some forms
of f(x) on the right-hand side of the original equation can be treated. We
will here be concerned only with finding particular integrals. The method
of example (iv) for dealing with odd powers of D when f(x) is a sine or
cosine function should be noted.

The examples are based on the same operators as those of examples
5.4 and » 10, so as to illustrate the variety of forms f(x) which can be dealt
with, and so as to enable similar problems to be seen tackled by different
methods.
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Example 5.5. Use D operator methods to find particular integrals for the
following equations:

(@) y" - 6y + 9y = exp (2x) [as in »10 (iii)}.

1 1
YD Tep o P T TP
= exp (2x) (using (5.42)).

(i) y" — 6y + 8y = exp (4x).
Here L(D) = (D — 4D — 2) and L(4) = 0, and so we must use
(5.43) with A(D) = (D — 2) and m = 1.

_ x exp (4x)
1 4-2

= $x exp (4x).

(iii) y" — 6y + 9y = 2 exp (3x).
Again use (5.43) with A(D) = 1 and m = 2.

_ 2x% exp (3x)

= x% exp (3x).
2! 1 P (3%)

(iv) " — 6y + 9y = cos 2ux.
1

y = mcos 2x =m cos 2x, using (5.38)
1 5+ 6D 54+ 6D
= ST 6Ds+ 6D T35 3D 8
5+ 6D

1
= ————c0s 2x = — (5 cos 2x — 12 sin 2x).
25 — 36(—4) 169

Wy =6 + 9 =x2

1 ) 1( D\-2
y=-——s=x?=— 1——) Xx
(D - 3)? 9 3
=31 +4D + D% + .- )x®

=507 +3x + 3.
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(vi) y' — 6y + 8y = x%

1 1 1 1
- o )
(D-4D -2 2\D-4 D-2
—_1 1 D+D2 ...)+l(1+2+22+-...)]x2
SRR T2
= (b B R+ x D)
2(8x% + 12x + 7).

»11. Verify by direct differentiation and substitution that the solutions
of example 5.5 do indeed satisfy the equations given.

The algebra-like use of the D operator can be extended to cases in-
volving more than one dependent variable, which, for a solution, must be
connected by more than one differential equation. Without solving the
problem in full detail we show in the following example the general method
[almost a complete parallel of elementary algebraic methods).

Example 5.6. Two electrical circuits, both of negligible resistance, each
consist of a self inductance L and a capacitance C = G~!. The mutual
inductance of the two circuits is M. Find the current in the first coil after
the transients have died away?t if a generator in the first coil produces
an e.m.f. Esin wt.

If the charges on the two capacitances are ¢, and ¢,, then the two equa-
tions are

qu -+ qu + qu = ESin wt,
Mg, + L, + Gq, = 0,

or, in terms of the D operator [here D stands for d/d¢],

(i) (LD?* + G)q, + MD?%, = Esin wt,
(i) MD?%q; + (LD? + G)gy = 0.

Multiplying (i) by (LD? + G) and (ii) by MD? and subtracting
[(L? — M?D* + 2LGD? + G?)q, = (LD? + G)E sin wt

(5.44)

+ The actual resistance must be non-zero for this to happen.
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The complementary function gives the behaviour of the transients in
terms of the roots of
(L2 — M?)A* + 2LGA? + G2 = 0.
For the stated problem we need a particular integral of (5.44). Using
(5.38) this is immediate as
(G — wiL)Esin wt
(L? — M?) o* — 2LGw? + G2

q1 =

with the required current as
(G — w?L)E cos wt
(L2 ~ M?) o* — 2LGw? + G?

i1=41=

5.8 Variation of parameters

Having dealt at some length with the D operator techniques of finding
particular integrals, we now turn to a second somewhat artificial [but
successful] method of determining them. Again we will restrict our atten-
tion to second-order equations, but the generalization to higher orders
proceeds without difficulty.

It should also be noted that the method to be described is applicable
when the factors f; multiplying the derivatives »® are functions of x, and
not just constants. [In these circumstances D operator methods have to
be used with care, since D does not commute with such functions; but
see example 9 of section 5.12.]

The equation for which a particular integral is required is

L(y) = f2(x)y"(x) + L)Y (x) + fo(x)y(x) = f(x). (5.23 a bis)
Let the CF be [following the notation of section 5.5]
Ya(x) = auy(x) + bug(x), (5.45)

implying that L(u,) = L(u;) = 0. With a and b as constants, this also
means that L(y;) = 0. However if we replace a and b by two functions
of x, say A(x) and B(x), then L(y,) will no longer be equal to zero, but
might with suitable choices of 4 and B be made equal to f(x) thus pro-
ducing, not a complementary function, but a particular integral.

The reasons why such a procedure does not simply lead to a further
second-order differential equation are two-fold. Firstly, repeated dif-
ferentiation of products such as 4(x)u;(x) always produces terms in which
one of the factors is unchanged, and so the expression L(A(x)u;(x)) in-
cludes a term which contains A(x) only in the simple product form
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A(x) L(u1(x)), and this term will be zero. Secondly, with two functions
A(x) and B(x) available and only one equation [(5.23 a)] to satisfy, an
additional convenient constraint may be placed upon them. In these
circumstances we will see that we can obtain, not a differential equation,
but two simultaneous algebraic equations [for A" and B’). We now carry
through the procedure which is known as the method of variation of

parameters.
Assume that
y1(x) = Au(x) + B(x)uy(x) (5.46)
is a particular integral of (5.23 a). Differentiating (and rearranging),
yi = Aul + Bu; + (A'u, + B'u,). (5.47)

At this point we use the freedom to impose an extra constraint and re-
quire that the term in the brackets be zero.

A’ul + B’U2 = 0. (5.48)

This removes the derivatives of 4 and B from y) and results in (5.47)
taking the form

¥i = Aui + Bus. (5.49)
A further differentiation yields

y! = Aui + Bu, + A’'ui + B'us, (5.50)
and substitution into (5.23 a) from (5.46), (5.49) and (5.50) gives

AL(u,) + BL(up) + foA'uy + foB'up = f(x). (5.51)

As we have noted, L(u,) = L(u,) = 0, and so from (5.48) and (5.51) we
obtain two simultaneous equations for A" and B’, namely

A'u, + B'u, =0, (5.48 bis)
A'uy + B'uz = f(x)/fox). (5.52)

Finally provided that w;us; ¢ u,ui [u, is not a simple multiple of u,],
these can be solved to give

fo W™ LS
4 Tt =y T Ty O

For specific forms of u;, u; and f(x), these may be integrated to yield
closed expressions for A(x) and B(x), but even if this is not possible,
(5.53) provides a formal solution, enabling the general solution of (5.23 a)
to be written

Yx) = auy(x) + buy(x) + A(X)uy(x) + B(x)ux(x). (5.54)
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Of course a and b must still be determined by boundary conditions. This
generalized approach is used later in section 7.5 in connection with Green’s
functions.

Even though what we have just shown enables us to write down the
solution from (5.53) and (5.54), we will, for illustration, go through the
working again for a specific case in the following example.

Example 5.7. Solve y” 4+ y = cosec x subject to y(0) = y(=/2) = 0. The
complementary function is trivially

yo{x) = acos x + bsin x.
Assume a particular integral

yi(x) = A(x) cos x + B(x) sin x.
If we require, as in (5.48), that

(i) A’ cosx + B'sinx =0,
then

y; = —Asinx + Bcos x.
Differentiating again

yi =(—A + B')cosx — (A" + B)sin x.
Substitution in the original equation gives

A(—cos x + cos x) + B(—sin x + sin x)
— A’sin x + B’ cos x = cosec x,

or (ii) —A'sinx + B’ cos x = cosec x.
Solving (1) and (ii) gives
A = —sinxcosecx = —~1, B’ = cos x cosec x = cot x.
Hence a solution is
Ax) = —x, B(x) = In (sin x),
giving as the full solution of the original equation
¥(x) = (@ — x)cos x + (b + In (sin x)) sin x.

The given boundary conditions require both @ and b to be zerot thus
making the final solution

y(x) = sin (x) In (sin x) — x cos x.

1 The limit of u In u, as x — 0, is equal to 0.
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Although our attention is focussed on second-order equations, it is
worth remarking again that the method of variation of parameters can
be applied to higher-order differential equations, additional conditions
analogous to (5.48) being imposed on each derivative of the trial function
except that of highest order.

59 Partially-known complementary function

An alternative and, in principle, easier method of using the complementary
function to obtain a particular integral is described in this section. Like
the variation of parameters method it can be used when the f; in

L(y) = foy" + /1Y + foy = f(%) (5.55)

are functions of x and not just constants. The method is easier in principle
since only one of the integrals in the CF need be known. It is clear that
in most cases the other has to be found sooner or later for a complete
solution, but, as we shall see, it effectively comes from a first-order and
not a second-order equation.

Suppose one solution y,(x) of the complementary function equation
L(y) = 0 is known and try as a solution of (5.55)

»i(x) = zpa(x), (5.56)

where z is also a function of x. We now rely on a similar property to the
first of the two discussed in connection with the variation of parameters
(section 5.8); namely that when y; and y] are computed and substituted
in (5.55) we obtain an equation of the form

P12 foye2” + 2faye + [iy2)Z + ZL(ps) = f(X). (5.57)

Since L(y,;) = 0, this is a second-order equation in z, but with z absent.
Thus it is in fact a linear first-order equation for z’, which can be solved
for z’ and then integrated to give z and hence the particular integral y,(x).

To illustrate the method let us re-solve the equation of example 5.7,
y" + y = cosec x. Suppose that only the part of the CF, y, = cos x,
has been noticed (or chosen to be noticed). To try to obtain a particular
integral we use

y1(x) = zcos x,
giving
¥y + y, = z" cos x — 2z’ sin x = cosec x.

This is a linear first-order equation for z* with

»13.  integrating factor = cos x,
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ie. (z' cos? x)’ = cot x,

Zz' cos? x = In (sin x) + c.

z(x)

X

x
J sec? x, In (sin x,) dx, + J ¢ sec? x; dx,

tan x In(sin x) — x + k + ctanx.

Therefore the PI is [as in example 5.7}
y1(x) = sin x In (sin x) — x cos x + k cos x + csin x. (5.58)

It will be noticed that this includes both terms of the complete CF and
thus the labour of finding the second part has been done.

»14. Obtain the same solution (5.58), starting with y,(x) = sin x as the
partial CF.

5.10 General second-order equations

As mentioned before, the method of the previous section and the variation
of parameters can be applied to linear differential equations even when the
coefficients of the derivatives are functions of x. Examples using them
appear in the exercises of section 5.12.

A further class of equations for which the methods of the previous three
sections can be applied is the class of ‘dimensionally-homogeneous’
equations,t typified [for a second-order equation] by

a:x%y" + aixy’ + ay = f(x). (5.59)

By making the substitution x = exp (¢), the equation can be reduced to
one with constant coefficients. The general theory will not be worked
out here, but an illustrative example is provided by exercise 14 of section
5.12.

The useful application of this substitution is actually somewhat wider
than just equations of the form (5.59), and it usually results in a simplifica-
tion when made in any equation where the ‘dimensions’ of x and y
individually are the same in every term on the left-hand side. In this con-
text ¥™ has dimension 1 in y and dimension —r in x and, for example,
2x%y'y has the same dimensions as x°(y")2. Equations involving expres-
sions in which the dimensions of x and y taken together are the same in
every term (e.g. x2 + 3xy + y%)’) can be reduced to this amenable form
by the substitution y = zx, z then having dimension 0.

t Equations of the form of (5.59) are called homogeneous without qualifica-
tion in mathematics, but we will reserve this term for equations which are
linear and in which each term contains y or one of its derivatives.
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For the general second-order equation (linear or not) the occurrence
of certain forms will permit the use of methods previously discussed,
in particular those for first-order equations. The two most obvious cases
are:

(i) If y is absent from the equation. Then a new variable z = y’ can be
used and a first-order equation containing x, z and z’ obtained. This is
solved for z and then y’ = z solved for y.

(ii) If x is absent from the equation. Again use a new variable z = y’
and write y" = z’ = (dz/dy) x (dy/dx) = z(dz/dy). This gives a first-
order equation in y, z and (dz/dy) which is processed as in (i).

5.11 Laplace transform methods

Before leaving the methods of solution of ordinary differential equations
which yield solutions in the form of explicit or tabulated functions or in
the form of an integral (quadrature), we must consider the method of
Laplace transforms. Our treatment will be superficial since the area is a
large one and has filled many books by itself. We will not concern our-
selves at all with existence and uniqueness questions, but assume that all
‘plausible’ assumptions and operations are in fact valid.

The philosophy of the method is that a change in the variables appear-
ing in a differential equation is made, with the object of removing from
the equation all the differential and integral signs which appear so that
the resulting equation is purely algebraic. This gain is not made without
some penalty however, since, even if the resuiting algebraic equations are
soluble, the problem of transforming back to the original variables still
remains,

Let us be more specific. Suppose that we have a function f(x) defined
for all positive x, then its Laplace transform F(s) (or L(f)) is defined by

L(f)=F() = Jw exp (—sx) f(x) dx, (5.60)

provided this integral exists [which it will do for a wide range of functions
f(x) provided s > 0]. We here assume s is real, but complex values have to
be considered in a more detailed study.

In this way (5.60) defines a linear transformation which converts from
the variable x to a new variable s. As the simplest example, take f(x) = 1,
then

«

L(1) = F(s) =J~ exp (—sx)dx = s71, fors > 0. (5.61)

0
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Further simple examples are

o«

»15. L(x™) = j xtexp (—=sx)dx = nls~—"*Y, n=0,12,...,
0
(5.62)

o

»16.  L(sin bx) = j- sin (bx) exp (—sx) dx = b(s® + b%) 1. (5.63)
o

Clearly the inversion of this transformation is not going to be an easy
operation to perform, since an explicit formula for f(x), given the form
of F(s), is not straightforwardly obtained from (5.60). However a fair
amount of progress can be made without having to find such an explicit
inverse, since we can prepare from (5.60) a ‘dictionary’ of Laplace trans-
forms of common functions, and, when faced with an inversion to carry
out, hope to find the given transform (together with its parent function)
in the listing.

Before proceeding further we should show that this procedure will in
fact do what is intended — namely transform derivatives and integrals to
algebraic functions.

Consider first differentiation. We have to investigate the Laplace trans-
form, L(f"), of the derivative of f(x). Using the definition of L(f")

L) EL F) exp (—5) dx, (5.64)

we integrate by parts to obtain

L(f")

[exp (—sx) f()]5 — } (=) exp (—sx)f(x) dx
0
—f(©0) + sL(f).
Thus it is possible to relate the transform of the derivative f” to that of f,

L(f") = sL(f) — f(0). (5.65)

This could be repeated explicitly for /7, f7,. .., f™, or (5.65) can be used
repeatedly to give

L(f®) = stsl. . 6L = JO) = -
= 1790) = S22} - f1(0)

It

»17. = s"L(f) — j s* T 1FO(0). (5.66)

This shows that the Laplace transform of any derivative of f can be writ-
ten in terms of L(f) together with the values of all lower derivatives
evaluated at x = 0.
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We have here assumed that f and its derivatives are continuous. If
they are not, additional terms appear on the right-hand side; these can
be found by breaking up the integral into ranges in which the integrand
is continuous and repeating the above procedure. We will not consider
such cases further except to note that if a discontinuity in f occurs at
X = Xx, then (5.65) is modified to

L(f) = sL(f) = f0) — [f(xo+) — f(x0=)] exp (—sxo),
(5.67)
where f(x,+) means the limit of f(x) as x — x, from above and similarly
for f(x,—). It will be apparent that if f(x) has a discontinuity at x = 0

then f(0) is to be interpreted as f(0+).
We turn now to integration; this is more straightforward. From the

definition

L (J: f(x,) dx, ) = J.w dx exp (—sx) J: f(xy) dx;

o

If

(=9 exp (=5) j Sy dx |

0 [}

- r (—5-2) exp (—s0)/(x) dx.

0

The first term on the right vanishes at both limits to give

L( j': 1(x) dxl) = s2U(S). (5.68)

»18. Deduce (5.68) directly from (5.65).

Of these two results, we will in this chapter be particularly concerned
with that showing that differential coefficients can be replaced, in the
transformed description, by polynomials. It will be apparent that the
coeflicients in these polynomials are closely connected with the boundary
values of the derivatives.

Before using Laplace transform techniques to solve ordinary differen-
tial equations (their use in partial differential equations appears in sec-
tion 9.11 of chapter 9), we must compile some standard ‘dictionary’
entries so that we will be in a position to complete the final stage of the
operation — converting the solution back into the given variables. Three
have already been covered in (5.61)—(5.63). These and several other com-
mon cases are given in table 5.1. In the last column is given the value s,
for which s must satisfy s > s, in order that the transform exists. (This is
not of importance for the present work so long as s, is finite.)
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Table 5.1
S L) So
1 1 st 0
2 X" n !s-(n+ 1) 0
3 sin (bx) b(s? + b1 0
4 cos (bx) s(s? + bH-1 0
5 exp (ax) (s—a! a
6 x" exp (ax) nl(s — gy~ +v a
7 sinh (ax) a(s® — a?"? |a)
8 cosh (ax) s(s2 — a®)"? |a|
9 exp (ax) sin (bx) bl(s — a)® + b2)? a
10 exp (ax) cos (bx) (s —a)(s —a)® + b*]? a
1 xl2 ms— L2 0
12 x-uz (m]s)V? 0
13 Ux —x0) =1,x 2 xo s~ exp (—sxo) 0

=0,x < X

»19. Verify from the definition some of the entries in the table, say results
5,6,7, 10 and 13.

»20. Proveresult 12 by using f : exp (—12?) dt = 4=*?and putting t% = xs.
Deduce result 11 by integrating by parts.

In carrying out these exercises and from the results in table 5.1, it will be
apparent that multiplying a function by exp (ax) has the effect on its
transform that s is replaced by s — a. [Compare results 1 and 5, or 2
and 6, or 3 and 9]. This is easily proved generally

Liexp (@) /() = J' " £(x) exp (ax) exp (%) dx

- rf(x) exp [~ (s — a)x] dx
0

= F(s — a), if L(f(x)) = F(s).

(5.69)

As it were, multiplying f(x) by exp (ax) moves the origin of s by an amount

a

If we multiply the transform by exp (—bs), b > 0, what does this cor-
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respond to in the original function? We take the negative exponent since
0 < s < o0, From the definition (5.60)

a

exp (—bs)F(s) = j exp [—s(x + b)]f(x) dx

= J'w exp (—s2)f(z — b) dz, (5.70)

on putting x + b = z. Thus exp (—bs)F(s) is the Laplace transform of a
function g(x) defined to be

gx) =0 for 0<x<b,
=f(x —b) for x> b. (5.7D)

In words, the function has been translated to ‘later’ x by an amount b.

The results (5.69) and (5.70 and 5.71) are generally known as the sub-
stitution and translation properties respectively of Laplace transforms.

We now turn to the solution of differential equations using these
methods. This will be treated by working through a number of examples
of various kinds, and, so that Laplace transform methods can be seen
in relation to other approaches, some of the same equations we have
already considered will be re-solved here.

Consider first the solution of (5.4)

Yy +y=0, (5.4 bis)

with the boundary conditions, say, y(0) = A, y'(0) = B. As on previous
occasions, although the solution is immediate, we work pedantically
through the steps of the method purely to illustrate them.

We first multiply the equation through by exp (—sx) and integrate
with respect to x from 0 to o

@

jm y'(x) exp (—sx) dx + J y(x)exp(—sx)dx =0, (5.72a)

0 0

or symbolically,
L(y") + L(y) = L(0) = 0. (5.72 b)

If functions for which the Laplace transform is not known were to ap-
pear in the original equation, the next step would be to evaluate the
corresponding integral along the lines of (5.72 a). There is of course al-
ways one function which falls into this ‘transform-unknown’ class,
namely y(x) itself. Let us denote its transform by Y(s). It is an algebraic
equation for Y(s) which we must construct and solve in order to find the
unknown function y(x).
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For the present example both terms are in convenient forms, and so,
using (5.66) with n = 2 to deal with the first term, we have

[s2Y(s) — sp(0) — y'(O)] + Y(s) = 0.

Substituting the boundary values for y(0) and y’(0) and rearranging we
have
As + B As B

Y(s) = = + .
© 1 + 52 1 +52 1+ s2

Now if we consult table 5.1, results 3 and 4 [with b = 1] show that the
right-hand side is the Laplace transform of

y(x) = Acos x + Bsinx,

which is therefore the required solution [with the boundary conditions
correctly included].
As a second illustration, consider [yet again] example 5.4 (i) (p. 128)

y' — 6y + 8y = 16x + 12.
This time we omit explicit intermediate steps and go, with the help of
(5.66) and results 1 and 2 of table 5.1, straight to the transformed equa-
tion

[s?2Y — sy(0) — y'(0)] — 6[sY — »(0)] + 8Y = 16572 + 12571,
Rearranging,
2B + s?A(s — 6) + 16 + 12s

5s%(s? — 65 + 8) ’

where »(0) and y’(0) have been written as 4 and B respectively. The right-
hand side can be arranged in partial fractions as

Y(s) =

v ola 4B 10-44+B
ST R a5 —9) 2% - 2)

Again using table 5.1 to transform back the right-hand side term by term,
this means that

yx)=3+2x+ (2 — 4+ 1B)exp (4x)
— (5 — 24 + 4B) exp (2x),

which is of course the same form as has been obtained previously [example
5.4 and »10].

We lastly illustrate the use of the transform to solve simultaneous
differential equations by basically re-solving another of our previous
examples, example 5.6, but with slightly changed conditions. Suppose
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there is no external e.m.f. impressed, but that initially the second capaci-
tance is given a charge CV, with the first one uncharged, and that at time
t = 0, a switch in the second circuit is closed. Find the subsequent cur-
rent in the first circuit.

Subject to the initial conditions ¢,(0) = ¢,(0) = ¢,(0) = 0 and ¢,(0) =
CV, = V,/G we have to solve

Lg, + M§, + Gq, = 0,
Mg, + L, + Gg, = 0. (5.73)

Here L is the self-inductance of the circuits and is not to be confused with
the symbolic Laplace transform operator. Writing the transform of ¢,(¢)
as Q(s), we have on taking the transform

(Ls* + G)Q: + Ms?Q,
»21.  Ms?Q; + (Ls* + G)Q,

sMV,C, C = 1/G,
sLV,C.

Eliminating Q. and rewriting as an equation for Q,

»22. Qys) = MVos
(L + M)s® + GI(L — M)s® + G]
_ Vo (L + M)s _ (L— M)s '
26 [(L+M)s2+G (L—M)s2+G]

Thus using table 5.1

q:(t) = 3VoClcos (w,1) — cos (wst)],
where wi(L + M)=G and «iL — M) =0G. (5.74)

This gives finally that
il(t) = %Voc[wz Sin (wzt) — Wy Sin (wlt)].

With these three examples we finish our very superficial treatment of
Laplace transforms for this chapter. As indicated earlier, the general
subject is a large one and the interested reader can only be referred to
one of the many books devoted to the subject for other aspects, e.g. the
properties of the transform under differentiation and integration with
respect to s, and all existence and uniqueness results. We will briefly
return to the technique in connection with partial differential equations
in chapter 9, and an outline of the method for finding an untabulated
inverse by contour integration of a complex variable is given in chapter
16.
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Examples for solution

1. Dimensionally-homogeneous equations. Suppose P(x, y)/Q(x, y) of
(5.5) can be written as —f(y/x). Then by putting y = zx show that
the general solution is

dz
Inx = f———— +c
fz) -z
Solve (a) x?y" — (¥ + 3x)? = 0; (b)) ¥ = (¥/x) + sin (y/x).
2. Find the general solution of y* + 2(x + 1)"'y = x + 1.

3. Obtain a parametric solution of the equation y’2 — y* = exp (x)
with y = 0 when x = 0.

4, Using the auxiliary equation find the general solutions of the
following:

(@) y" — 12y" + 16y = 32x — §;
b) y" — 6y" + 11y" — 6y’ + 10y = 1 [i is one root of the equa-
tion).

5. Use the D operator to solve y” — y" — 2y = 10 cos x with
»0) = y'(0) = 0.

6. Solve y” + 2y’ + 3y = exp(—x) cos (v/2 x). Use D operator
methods and consider the real part of exp [(—1 + +/2i)x].

7. Continue the analysis of example 5.6 (p. 134). Show that if the
resistance of the circuits is truly zero, then the transients do not die
away but oscillate with a form

Aexp (iw,f) + Bexp (iw-_1),

where w2 = G(L + M), [See line (5.74).] Find also the ultimate
value of the current in the second circuit if the resistance is small
but finite.

8. A particle of charge ¢ and mass m moves in magnetic and electric
fields. The electric field E is parallel to the x-axis and the magnetic
field B to the z-axis. Its equation of motion is

mi = et A B + ¢E.

Find the two simultaneous equations describing the motion in the
xy-plane and solve them using D operator methods (to obtain un-
coupled equations) for the case when the particle starts from rest
at the origin.

9. Factorization of the operator. Suppose we need to solve xy” —
(3 + x)y + 3y = f(x). Using D operator notation this is

(D2 -3+ x)D+3)yy =1,
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in which the operator can be written as the product of two factors
(D - 3)D - D)y = f.

[It should be noticed that this is not the same as (D — 1) x
(xD — 3)y = fsince D and x do not commute.] If such an arrange-
ment is possible then the problem can be reduced to two consecutive
first-order equations; solving first

(XD - 3)2 = fs
and then using z from this to solve
D-~-Dy=-=z

(@) If f(x) = x*exp (x), use this method to find the general solu-
tion.

(b) Apply the method to, say, equation (i) of example 5.4 (page 128)
to show that the solution for constant coefficients is as found by
more direct methods.

10. Use the method of variation of parameters to solve y” — 6y’ +
8y = exp (x) cos (x).

11. Solve x%y” + 2xy" — n(n + 1)y = x™, (a) by trial function,
(b) by variation of parameters. Assume m # nand m # —(n + 1).

12. Using the methods of section 5.9 solve:

(i) x?y” + (x2tanx — 2x)y" + (2 — xtan x)y = x° sin 2x,
MA-xHy +202+x -1y —x*+2x — 1y =0, [Try
y = exp (x).],

(i) " = (1 — x3)y — x2y = 0.

13. Solve: (i) y” + 2x(¥")? = 0; (i) yy” + ()2 = yy".

14. By putting x = exp (¢) reduce x%y” + 2xy’ + %y = x~12 with
y(1) = y(e) = 0, to a simpler equation and hence solve it.

15. Solve the non-linear equation

Xy — (X 4+ xp)y + (P + x) = 0.
16. Use Laplace transforms to solve example 5.4 (iii) (page 128)
with the conditions »(0) = 3, »'(0) = 9.

17. An electrical circuit consists of an uncharged capacitance G 1,
an inductance L and a resistance R, all in series with a generator of
e.m.f. Vsinwf. A switch in the circuit is closed at time ¢ = 0. If
the charge on the condenser is g(¢), identify the transient and per-
sistent terms in Q(s), the Laplace transform of g(z).

(a) Show that the transients die away with a time constant 2L/R.
(b) Show that the character of the transient response depends on
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whether 4GL is greater than, less than, or equal to R2. What general
form is it in each case?

(¢) Show that in the persistent response, the current is a phase angle
¢ ahead of the applied voltage where tan ¢ = (G — Lw?)/Rw.

18. Two unstable isotopes 4 and B and a stable one C have the
following decay rates per atom present: A —> B, 3s~!; 4> C,
1s~1; B— C, 2s~* Initially a quantity x, of A4 is present and none
of the other two types. Find the amount of C present at any sub-
sequent time. [Use Laplace transforms.]

19. The quantities x(¢), y(¢) satisfy the simultaneous equations

X4 2ni +n’x =0,
J+ 2np + nly = ux,

where x(0) = ¥(0) = y(0) = 0, and %(0) = A. Show that
W) = SuArZ exp (—nt)(1 — Lnt).
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Series solutions of differential
equations

In the preceding chapter the solution of ordinary differential equations in
terms of standard functions or numerical integrals was discussed, and
methods for obtaining such solutions explained and illustrated. The pre-
sent chapter is concerned with a further method of obtaining solutions of
ordinary differential equations, but this time in the form of a convergent
series which can be evaluated numerically [and if sufficiently commonly
occurring, named and tabulated]. As previously, we will be principally
concerned with second-order linear equations.

There is no distinct borderline between this and the previous chapter;
for consider the equation already solved many times in that chapter

y +y=0. (6.1)
The solution in terms of standard functions is of course
y(x) = acos x + bsin x, 6.2)

but an equally valid solution can be obtained as a series. Exactly as in
»1 of chapter 5 we could try a solution

»x) = i a,x" (6.3)

and arrive at the conclusion that two of the g, are arbitrary [¢, and aq,]
and that the others are given in terms of them by

ap = (—1)"(2n)!a,,,

a, = (=D"2n + Dlag,+q- 6.4)
Hence the solution is
xz  xt x3 x5
y(x):ao(l__z_!+z!__...)+al(x_§i.+_5_?_...).
(6.5)

It hardly needs pointing out that the series in the brackets are exactly
those known as cos x and sin x and that the solution is precisely that
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of (6.2); it is simply that the cosine and sine functions are so familiar that
they have a special name which is adequate to identify the correspond-
ing series without further explanation.

It will also be true of most of our examples that they have a name
(although their properties will be slightly less well known), but the methods
we will develop can be applied to a variety of equations, both named and
un-named.

Our principal ‘demonstration models” will be Legendre’s and Bessel’s
equations and since these two equations and their solutions play such a
large role in the analysis of physics and engineering problems, we will
also, at the same time, consider in detail some of their properties not
strictly connected with their series representation. These properties will
be used in later chapters (particularly in chapter 10).

In the course of establishing the properties of the Legendre and Bessel
functions, the idea of generating functions will be introduced and illus-
trated as a convenient and compact way of representing and manipulating
a series of parameter-dependent functions.

6.1 Ordinary and singular points
We take as the general form of second-order linear equation

¥y + P(x)y + Q(x)y = 0. (6.6)

[The general equation (5.23 b) of the previous chapter has been merely
divided through by f5(x).] Our reason for making the coefficient of y”
unity is that with this form we can say in a fairly general way when a
solution in the form of a series is possible.

Expressed in this form the two model equations are

Legendre’s equation,

2, g+
Y= ;7 T 27 =0, (6.7)
- X 1 — x

1 m?
y”+;y’+(l—;)y=0. (6.8)

In normal usage the x of Legendre’s equation is the cosine of the polar
angle in spherical polar coordinates and thus —1 < x < 1. In Bessel’s
equation, x is usually a multiple of a radial distance and therefore ranges
from 0 to co.

Suppose now that we wish to find solutions of (6.6) expressed as power
series in (x — x,) for any x, in a certain domain with the possible excep-
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tion of a (finite) number of singular points. We are then led to consider
whether both P(x) and Q(x) can themselves be expressed as series of
(ascending) non-negative integer powers of x — x, (i.e. are analytic).
If they can, x, is called an ordinary point of the equation. If either or both
cannot be so expressed, then x, is a singular point. By the expression
non-negative integer powers, we allow the possibility of constant terms
in the expansions of P and Q.

Even though an equation may be singular at the point x,, it does not
follow that all its integrals are. [An ‘integral’ of a differential equation
is the name often given to a function which is a solution of the equation.]
In fact the necessary and sufficient conditiont that a non-singular (finite)
integral of (6.6) exists at the point x = x, is that (x — x,)P(x) and
{x — x,)*Q(x) can be expressed as non-negative power series in (x — X,).
[In complex variable language (x — xo)P(x) and (x — x,)*Q(x) are
analytic at x = x,.]

Points at which the equation is singular but a non-singular solution
exists are called regular singular points of the equation. If both the equa-
tion and all its integrals are singular, x, is known as an irregular singular
point.

In our subsequent discussion we will consider only ordinary and regular
singular points. In addition we will take x,, the point about which the
expansion is to be made, as the origin, i.e. x, = 0. If this is not already
the case, the substitution X = x — x, will make it so. With these limita-
tions included we can multiply our original equation through by x2 so
that it becomes

x%y" 4+ xp(x)y" + q(x)y = 0, 6.9)

where p(x) and g(x) are analytic, i.e.
px) = > px',  qx) = gx. (6.10)
i=0 j=0

These last two expansions are valid for 0 < |x| < R for some non-zero
R.

It will be readily noted that if the origin is an ordinary point of the
original equation (6.6), then p, = ¢, = ¢, = 0.

»1. Verify that regular singular points occur at x = 0 for Bessel’s equa-
tion and at x = +1 for Legendre’s equation.

1 See, for example, Jeffreys and Jeffreys, Methods of mathematical physics,
3rd ed. (Cambridge University Press, 1966) p. 479.
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6.2 General method and indicial equation

We are seeking a solution of (6.9) of the form
yx) = x"Za,,x" =x (g +ayx+ - +ax"+ --), (6.11)
0

in which g, # 0 and the value of o has yet to be determined. We expect
this series to be convergent for |x| < some R’ except possibly (depending
on the value of o) at x = 0.

Differentiation of (6.11) and substitution into (6.9) leads to the follow-
ing equation

20+ W+ 1= DX+ > (0 + napaxttn
+ D agnx®t™m =0, (6.12)

where all summations are from 0 to co.
Each power of x must separately have its coefficient on the left-hand
side equal to zero. The lowest power present is x? and so

[o(c — 1) + apy + golas = 0. (6.13)
But g, # 0 and so [defining at the same time the function 8(o)]
0(c) = o(o — 1) + opo + go = 0. (6.14)

This equation is called the indicial equation. It is a quadratic in ¢ and in
general has two roots, the nature of which determines the forms of pos-
sible series solutions, as will be seen in the next sections.

»2. Show that for an equation for which the origin is an ordinary point,
the indicial equation has roots 0 and 1.

Equating to zero the coefficients of higher powers of x, we get for
x6+n(n > 1)’

n-1

n-1
8(c + Man + D, (0 + Npus@s + > gu_str =0, (6.15)
r=0 r=0

where, as defined in (6.14),
o+n=@+nc+n—1)+(c+ np, + qo. 6.16)

Thus (6.15) gives a recurrence relation for the a,, expressing each a, as a
function of previous a, (0 €< r € n — 1) and the coefficients of the
original equation.



154 Series solutions of differential equations

If it were not for special circumstances, the procedure from this point
on would be straightforward, namely:

(1) Solve the indicial equation to obtain two roots, ¢, and o,.

(ii) Select one of the roots, say o,, and also choose a, arbitrarily.

(iti) Compute a,, a5,... successively from (6.15) to generate one series
x%1 >& a.x'.

(iv) Repeat the last two steps using the other root o,.

(v) Take as the general solution

W(x) = x"1(ap + a1 X + ax®> + )
+ x"2(b0 + blx + b2x2 + . '). (6.17)

As an example carry through the following exercise.

»3. Consider an expansion about x = 0 of the solution of
X%y = 3xy" + (1 + x)y = 0.

(i) Show the roots of the indicial equation are 2, 4.

(ii) Find the recurrence relation corresponding to o = 2.

(i1i) Write down the general term of the series.

(iv) Similarly find the general term in the series corresponding to o = }
and hence show that the general solution is

d (—2x)"
x) = 3apx? > ————
) = 3a gn!(2n+3)!!
® (—2x)"
1/2 3/2 __ 1/2 .
M b°[xl o x Z n\(2n — 3)!!]

[The double factorial symbol (2n + 1)!! = 1-3-5- ... :2n + 1, although
not included in the list of internationally recognized symbols, is a con-
venient notation for the more cumbersome equivalent in terms of ordi-
nary factorials, (2n + 1)!/2"n!. However, it must not be mistaken for the
factorial of a factorial.]

(v) Show that the series converges for all finite x.

The difficulties with the described procedure, apart from its cumber-
someness if p(x) and g(x) contain more than one or two terms, occur when
either the roots of the indicial equation are not distinct or 8(c + n) = 0
for some positive integer n (# 0). The latter case arises when o, and o,
differ by an integer. [Since 8(¢) = 0 is a quadratic and has only two roots
and say 6(c,) = 0, then 8(¢; + n) = O implies that o, + n = o,.] These
special (but common) cases are considered in the following sections.
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6.3 Equal roots of the indicial equation

We have just noted that if the indicial equation has only one distinct
root o, then the procedure of the previous section, whilst giving one valid
series solution will not yield a second. The method of obtaining the
second solution seems slightly ad hoc but proceeds as follows.

The calculation of a first series x°: > a,x™ goes exactly as in the pre-
vious section, but rather than putting ¢ = ¢, from the beginning of the
calculation of the a,, it is kept as a variable parameter. This means that
the a, computed are functions of o and that the computed solution is
now a function of ¢ and x.

¥o, x) = x7 > a,(o)x™. (6.18)
If we put ¢ = o, in this we immediately obtain the first series, but for the
moment we leave it as a parameter.
For brevity let us denote the differential operator on the left-hand side
of 6.9) by L, i.e.
2 d
L=x?— + xp(x)— + , 6.19
o p(x) ix q(x) (6.19)
and examine the effect of L on the y of (6.18).
Along the lines of the argument in section 6.2 we obtain

Liy(e, ] = aor'do) + 3 x7* {0(0 T nay(o)

+ nil [(o + PPa-r + qn-s] ar(a)}~ (6.20)

The factors a,(o) for n > 1 have been written explicitly as functions of ¢
because they are calculated specifically to make each of the terms in the
summation vanish individually for any given value of o, and therefore
depend upon it.

Since we are considering the case of equal roots of the indicial equation,
#(c) has the form

8(c) = (0 — ay)*. 6.21)

We therefore have the situation that the first term of L[y(o, x)] varies
as (¢ — o0,)% as o varies near o; [actually for all o] and equals zero at
o = o,, whilst the second term of L[y(s, x)] is always zero whatever
value o has [because of the way the a, are calculated for #» > 1]. Thus,
not only do both terms vanish at ¢ = a,, but so too does their derivative
with respect to o, i.e.

ai [L(¥o, x))] =0 at o =o,. (6.22)
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But ¢/60 and L are operators which differentiate with respect to different
variables [o and x respectively] and so we can reverse their order, thus

L(Z—y (o, x)) =0 at o=o. (6.23)

But L(z) = 0 is exactly the condition that z is a solution of the original
equation (6.9) and so we have found that for the equal roots case
0y(o, x)/00 evaluated at ¢ = oy, is a second solution of that equation
[the first being y(o;, x)}.

If we carry out the differentiation explicitly, treating y as a product,
we obtain

a0

8_}7 8(x°) ®© . da,,(a) n] =0
P = . [% a,(o)x ] + x° [zl———da x at 1
= (In x)x"l[ia,,(ol)x"] + X0 [i dac"‘ial) x"] . (6.24)

It will be seen from this that the general form of the second solution for
the repeated-root case is always ‘the first solution multiplied by In x
plus an additional series obtained from the first solution by differentiation
with respect to the root at the value of the repeated root’.

We illustrate this with a worked example — Bessel’s equation for
m=0.

Example 6.1. Find series solutions of the equation
Yy +x Yy +y=0.

We first note that x = 0 is a regular singular point of the equation and
if we write it as

X% + xy + x% =0,

then p, = g, = 1 and all other p; and ¢, are zero. The indicial equation
is thus

o) =0(c — 1) + 0 =02=0,

with repeated root ¢ = 0.

First the series for a general o is calculated, taking a, as arbitrary.
Applying (6.15), and recalling that g, = 1 is the only relevant non-zero
quantity we have that

Ay -2

a, = —————
" (o + n)?
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with g, = 0. Thus

Yo, x) = apx’ {1 -

x? xt

@+ G+ @

(=1)rx?n N } 6.25)
(c+ 20 +4).. (et 20F '

We can now obtain both series. First putting ¢ = 0 in (6.25) yields
(if we choose a, = 1)

2 (=1 ( x)u
Jo(x) = 0, x) = > —=— (=) - 6.26
) = 30,0 = 3 s (5 (6.26)
the zeroth-order Bessel function.

The second series solution is obtained by differentiating (6.25) with
respect to ¢ at ¢ = 0;

ay d
g =Inx JO(X) + zanxzn»
where
_ day(o) d (=1 }
T T4 1y do e+ D +4).. 0+ 20P) 40
d 1
= —2 3 t =
>4 a,(o) Zl —— ato
(-1 Z 1

2 n)? e 2

Thus the second series solution is

@® (__l)n
y(x) = In x Jo(x) _21W
1 x 2n
X(l L4t ;)(5) . (627)

and the general solution any linear combination of (6.26) and (6.27).

6.4 Roots differing by an integer

The second reason why the straightforward method of section 6.2 may
fail to produce two series solutions for the second-order equation is that
the two roots of the indicial equation may differ by an integer. Clearly
no problem arises for the series determined by the larger of the roots o,
but it is easily seen that if o, = o, + N where N is an integer, then the
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formula (6.15) for finding the a, runs into trouble when calculating the
series for o = o, at the stage when n = N. At this point 8(c + n) =
6(cy + N) = 0(s,), and this necessarily equals zero.

Two cases now arise — either the summation terms in (6.15) add up to
zero or they don’t. If they do, i.e.

N-1
S [o2 + Npycs + ay-Jda, = 0, (6.28)
=0

then (6.15) is automatically satisfied for any value of ay which therefore
becomes arbitrary and can be chosen at will. It is best (but not essential)
to choose it equal to zero, since to do otherwise merely adds in a multiple
of the o; solution. The rest of the computation of the a, then proceeds
normally.

The more difficult case is when (6.28) is not satisfied and then ay is
formally required to be infinite. We can get around this difficulty by a
device similar to that of the preceding section. In the present case the
indicial equation has the form

6(c) = (c — o )(c — 6, + N). (6.29)

Thus if in the series solution y(e, x) corresponding to a general value of
o, we replace the constant @, by k(¢ — o,) — where now we require that
not ag,, but k, does not vanish - the extra factor will ensure that the new
form of (6.28) is satisfied at ¢ = a,.

Denoting the new function by y,(o, x), just as in (6.20)-(6.23) we will
find that

L(yi(o, ¥)] = k(o — o1)(o — 02)*x7, (6.30)

showing that both y,(o,, x) and &y,(o,, x)/éc are solutions of L(y) = 0,
i.e. equation (6.9).

These series are in addition to the solution already found in which
¢ = o,. However, only two of the three solutions are independent, since
the series obtained from y,(o,, x) always has just enough of its early
coefficients vanishing for it to be in fact only a simple multiple of y(o;, x);
this is shown in the next paragraph. Thus the two independent series which
go to make up the general solution are &y,(o;, x)/éc and either y(s,, X)
or y1(oq, X).

The quoted result in the previous paragraph is shown as follows.}
We first need to show that the coefficients a,, . y(o,) satisfy the same defin-
ing relationships as a,(c;) and hence that they are related by a common
factor for all n. [As it were, the coefficients have all been shifted by N

+ This and the next paragraph could be omitted on a first reading.
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between the two series.] This is easily seen since from (6.15), the a, , x(c2)
satisfy

n+N-1

> o+ Npasn-r + Gn+n-r] aloz)

Gyanlog) = — == T—— (6.3
2

Now if we write r = N + s and o, = 0, — N where appropriate, this
reads

n-1

Z [(o1 + $)Pu_s + qn—s]aN+s(°'2)
@ninfog) = — =28 Bo v : (6.32)

But (6.32) is exactly the set of equations satisfied by a,(o,), thus showing
that apart from a possible common multiplier [because of the arbitrari-
ness of one coeflicient in each series] the coefficients of x?2x™*¥ in the one
‘series and x%1x™ in the other are identical. But of course o + n + N =
o, + n and this shows that the series are essentially the same for all
powers of x greater than o,.

Further, with the additional factor (¢ — o,) in the coefficients of the
o, series, all the early values of a,(c) will vanish for that series at ¢ = o,
until an »n is reached such that 6(c + n) in the denominator contains a
factor (¢ + n — o,) which also vanishes at the same value of o. This, of
course, occurs when n = N and so the first non-vanishing coefficient in
this series is @y, making o, + N the leading power of x, i.e. the same as
in the o, series. This and the previous paragraph together prove the re-
sult previously quoted.

Example 6.2. Solve Bessel’s equation (@) when m = 1, and (b) when
" "l?hel 'equation is as before

x4+ xy + (x2 = m?)y =0. (6.33)
The indicial equation is 8(¢) = o(c — 1) + o — m? = 0 and yields

c= +tm,
and hence for both cases the two roots differ by an integer.

(@) Whenm = %:
With only p,, g, and g, non-zero the recurrence relation is simply
—Qn-2

T e+n -4

a,
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For o, = 4 and arbitrary a, this leads easily to

a2n+1 = 09
>R (e
2 @n+ 1!

and a series solution

»>6 ¥(x) = apx'’® i -(-:—%-Z—n = aox~ Y% sin x. (6.34)
' Zo(2n + 1)
For o, = —% we again take an arbitrary a, and applying (6.15) require

that

0(—% + Da, = (3p1 — q1)a0.

The fact that 8(3) = 0 does not cause difficulty here since, as it happens,
both p, and ¢, are zero; so a, is arbitrary and we take the simplest choice,
a, = 0. Proceeding as before, we obtain the second series solution as
= (=1
»7. X) = @ox~ 12 —_——
Mx) o "Zo @n)!
If a, is chosen as (2/7)''2 in (6.34) and (6.35) the resulting functions are
denoted by J,,5(x) and J_;,,(x) respectively, and the general solution of
(6.33)form=41is

Yx) = aly;o(x) + bJ_y9(x).

(b) Whenm = 1:
The two roots here are o = +1. The larger root o; = 1 will not give
trouble and can be shown to yield

= a,x" V2 ¢os x. (6.35)

@ ( — l)n x )211
» 8. = _ =) - 6.36
w9 =ax 5 (3 (6.36)
However for o, = — 1 we have as the recurrence relation
_ —ap-2
n(n — 2)

and since a, is deliberately chosen non-zero, this implies an infinite a,.
We must therefore find the second solution by the method developed at
the beginning of this section. The first job is to calculate y(o, x) for an
arbitrary ¢. The recurrence relation is
_ —Qn_2
M rnr -1
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and thus a,, ., = 0, whilst
" 1
n=a(-D)"]] ——— = 1).
a: a(—1) r_IjIl G+ 2% — 1 (n )
The solution y(o, x) is therefore given by

n

y(o, X) = aox" I:l +'zl (—' l)"xz" J:Il m_—l] . (637)
From this we must construct y,(o, X)
= k(o — 03) (o, x)/a,
= kx? {(o + 1)
® (_ l)nx2n
+,,Z=1 [(c+3)c+5. (0+2n— Do+ 21 + 1)}’ (6.38)
and its derivative dy,(a, x)/00
= In x yy(o, x) + kx°
§ {1 £ 3 (= (o, n) }
Silo+3)o+5...(64+2n—DPo+2n+1)
(6.39)
where
9. JSom=- o+ 2n+1 Z(o+2s+l) (6.40)

These expressions are long, but evaluation of them is straightforward.
It only remains to put o = —1 in (6.38), (6.39) and (6.40) to obtain two
series solutions of (6.33) with m = 1. The first few terms of the second
[and independent] series solution are

Inx y,(—1,x) + kx~? [

x8
g Cioi-b |
»10. Put ¢ = —1 in (6.38) and evaluate the first few terms showing that

it gives as a solution

o x2 x* x8
yi(—1,x) = kx —7+22'4—m+”‘ .
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Evaluate the corresponding terms of (6.36) in which ¢ = 1 and verify
that the two series are related by a constant multiplier. [From the way it
was obtained, the factor enclosed in the square brackets in the denominator
of (6.38) takes the value 1, not 0, whenn = 1 and o = —1.]

»11. Find series solutions of the equation y” — 2xy’ — 2y = 0. Identify
one of the series as y = exp (x*) and verify that this is a solution by
direct substitution.

6.5 Convergence of series

Although we have discussed almost exclusively the solutions of Bessel’s
equation for various values of the parameter m?, we have during the course
of the discussion demonstrated each of the cases which can arise in the
determination of two independent series solutions. Other equations for
solution in ranges containing only ordinary and regular singular points
can be treated by parallel methods. Some examples are provided in the
exercises at the end of the chapter.

We have not mentioned, in any general sense, the range of x for which
the solutions are valid. As indicated in connection with (6.11) we expect
convergence for |x| < some R’ (except possibly at x = 0). Clearly we
cannot expect the solution to be valid for any |x| larger than that for
which the representation (6.10) of p(x) and ¢(x) is valid, so R < R. It
can be shown as a general result that R” = R, so that (6.10) and the solu-
tions have the same domain of convergence. Clearly, if, as is nearly always
the case for any tractable recurrence relation, p and ¢ are finite poly-
nomials, then R = oo and the solution converges for all x.

»12. Verify that all solutions of examples 6.1 and 6.2 converge for all x,
except in some cases at x = 0.

6.6 Finite polynomials

As has been seen, the evaluation of successive terms of a series solution
to a differential equation is carried out by means of a recurrence relation.
The form of the relation for a, depends upon =, the previous values of
a, (r < n), and the parameters of the equation. It may happen as a result
of this that for some value of n = N + 1 the computed value ay.; is
zero, and [particularly if only one or two p; and g, are non-zero] that all
higher 4, (r > N + 1) also vanish. If so, we are then left with a finite
polynomial of degree N as a solution of the original equation

Hx) =3 ax", ay #0. (6.41)
0
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In many applications of theoretical physics (particularly in quantum
mechanics) the termination of a potentially infinite series after a finite
number of terms is of crucial importance in establishing physically accept-
able descriptions and properties of systems. The condition that such a
termination occurs is therefore of considerable significance.

For the discussion of finite polynomials, Legendre’s equation

2x K+ 1
Yy - ¥+ ¢ ) y=0, (6.7 bis)

1 — x? 1 — x?

will be our ‘demonstration model’. Writing it in the standard form we
have
2x? , o+ Dx?

= 2 Xy +—1—7y=0, (6.42)

x%y" —

in which, for an expansion about the origin,

plx) = =2(x* + x* + x5 + .-.),
gx) = I(l + D(x® + x* + x® + .- ). (6.43)

Recurrence relation (6.15) can now be used repetitively to find the con-
ditions under which a, vanishes for each N and the two values o = 0,
o = 1. However, as is almost always the case when p(x) and ¢g(x) contain
more than one or two terms, the general condition for a general N is
complicated to deduce.

»13. Show by explicit use of (6.15) that all a,,,; = 0 and
(i) foro=0,a,=0if /] =00r —1,a, =0if l =2 or —3;
(i) foro=1,a,=0if/I=1o0or —2,a, =0ifl =3 or —4.

A simpler method of obtaining finite polynomial solutions is to
assume a solution of form (6.41) exists for some N and then substitute it
in (6.7 bis) rearranged as

(1 —xB)y —2xy' +I(l+ 1)y =0. (6.44)

To avoid any confusion with our previous use of a, we will take (6.41)
as

N
Wx) = D bax", by #0. (6.41 bis)
0o
This gives

N
> (1 = xDn(n — Dbyx~2 — 2xnbyx*~* + I(l + b,x"] = 0.
n=o (6.45)
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Instead of starting with the lowest power of x, we this time start with
the highest; such a one now exists because of our assumed form of solu-
tion. Thus the coefficients of x¥ yield

[=N(N = 1) — 2N + I(l + Dby = 0,
ie. (- NI+ N+ Dby =0. (6.46)

Since by # 0 we must therefore have either / = Nor/= —(N + 1) asa
condition for obtaining a finite polynomial solution.t With either choice
I+ 1)=NWN+1).

Moving to the more general coefficient of x™, we have that

(m+ 2)m + Dbpig — m(m — b, — 2mb,, + I(I + 1)b,, = 0,
which can be rearranged as the recurrence relationship

by = — I+ 1) —mm+ 1) 5. 6.47)
(m+ D(m+ 2)

Since by., = 0 this immediately shows that by_; = by_g = --- =0,
the final equation being b, = 0 if N is odd and b, = 0 if N is even.

Thus to summarize: A polynomial solution of degree N can be found
for Legendre’s equation provided that/ = Nor —(N + 1) with the proper-
ties:

(i) All terms in the polynomial have the same oddness or evenness in x
(parity) as x¥ = x! has.

(i1) The coefficients of the powers present in the polynomial are related
by (6.47), one coefficient being arbitrary.

6.7 Legendre polynomials

Apart from the arbitrary constant multiplier, the polynomials developed
in the preceding section are known as Legendre polynomials of degree /
and denoted by Py(x). For most physical purposes —1 < x < 1, since x
is the cosine of a polar angle, but some applications involve |x| > 1
or x complex. In addition the second solution of (6.44) [which is not
analytic at x = + 1] is sometimes relevant.

Our purpose in the remainder of this section will be to study in some
detail the particular properties of the finite polynomials P,(x).

1 A result of great importance in the quantum mechanical theory of angular
momentum,
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It is conventional to normalize P,(x) (that is to choose the value of the
constant multiplier) so that

P() =1, (6.48)
and thus, as a consequence of our previous observations,
P(—1 = (-1. (6.49)

We begin by explicitly constructing the first few Legendre polynomials.
(i) I = 0. Only a constant term is present, which must therefore be unity,
Py(x) = 1. (6.50)

(ii) / = 1. b; # 0, and thus from (6.47), b, = 0. Together with the normal-
ization condition (6.48) this determines that

Py(x) = x. (6.51)
(iti) / = 2. b, # 0. From (6.47), b; = 0 and
b, = — [2(2+ 1) — 000 + l)] by = —3by.
O+ )0 + 2)

Requiring that P,(1) = 1 establishes b, as —4, to give
Py(x) = (—3x2 + Db, = 1(3x%2 - 1). (6.52)

»14. (@) Show that Py(x) = $(5x% — 3x), Py(x) = $(35x* — 30x2 + 3).
(b) Verify (6.49) forl=0,1,...,4.
(c) Sketch as a function of x the first few P,(x) for (say) / = 0 to 3.

Mutual orthogonality of Legendre polynomials. The first additional property
of the P,(x) that will be established is their mutual orthogonality, i.e. that

jl P(x)P(x)dx =0 if [#k. (6.53)

This result will be established on more general grounds in chapter 7,
but we will prove it here specifically, as well.
First write the defining equation (6.44) in the form

[(1 = x)P) +I1(0+ P, =0, (6.54)

where P; stands for dP,(x)/dx. Next multiply this through by P, and
integrate fromx = —1tox =1,

1 1
J P(1 — x®)P;) dx +j PJ( + 1)P,dx = 0.
-1

-1
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Integrating the first term by parts and noting that the boundary contribu-
tion vanishes at both limits because of the (1 — x2) factor, we obtain

1

1
—J Pl — x?)P] dx +j

1 -

P + 1)P, dx = 0.
1

Now if we reverse the roles of / and k, and start again at the stage (6.54)
with the defining equation for P,(x) we obtain

1

1
—J. P/(1 — x?) P} dx +J
-1

Pk(k + )P, dx = 0.
1
Subtracting the last two equations, we conclude that
1
ktk + 1) — I( + 1)]j P.P,dx =0,
-1

and therefore since & # / we must have the result (6.53).
As a particular case we note that if we put k = 0,

1
J P(x)dx =0 for [#0. (6.55)
-1

»15. Verify by inspection of the sketches of »14 (¢), that they are not
inconsistent with this orthogonality result.

Rodrigue’s formula. As an aid to establishing further properties of the
Legendre polynomials we next develop Rodrigue’s representation of the
polynomials. This is
1 4
—_ (2 _ 1}
P(x) = ST 3 (x 1) . (6.56)
To prove this representation we denote (x*> — 1)) by z, thenz' =
2Ix(x2 — 1))t and

2’(x* = 1) — 2Ixz = 0. (6.57)
If we differentiate (6.57) / + 1 times using Leibniz’ theorem

[22(* = 1) + (I + Dz P2x + 31 + DIz02]
- 2xz"*P 4+ (I + D] = 0,
(% — 124+ 4 2xz¢+D _ [(] + 1)z = 0. (6.58)

Changing the sign all through (6.58) and comparing with (6.44) we see
that z® satisfies the same equation as P(x). Thus

z0(x) = BiP(x), (6.59)
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and to establish B, we note that the only term in the expression for the
Ith derivative of (x2 — 1)! which does not contain a factor (x2 — 1) and
therefore does not vanish at x = 1, is (2x)'/!(x2 — 1)°. Putting x = 1
in (6.59) therefore shows that 8, must be 2!!, thus completing the proof
of (6.56).

As an immediate use of Rodrigue’s formula let us show

I, = Jq P(x)P(x)dx = 21—2— (6.60)

The result is trivially obvious for / = 0 and so assume / > 1, then by
Rodrigue’s formula

o Jl [d«x2-1y][dxx2-1y]dx
22002 ), [ dx dx!

Repeated integration by parts, with all boundary terms vanishing, reduces
this to

»16. I, = 22'—(11';2j (x? - l)ld — [(xz - 1)) dx
= -(—212— J (1 — x®)'dx. (6.61)
221(1!)2 -
If we write

1
Jl = j (1 - Xz)l dx,
-1

then integration by parts gives the recurrence relation
’17. (21 + I)Jl = 21‘]1--1’

and

Py A 17

A+120-1 3 @+ DT @+t
(6.62)

20 20-2 2 2in 5 2214 1(J1y2

l =
Finally putting (6.62) into (6.61) establishes (6.60).

6.8 Generating functions

A useful device for manipulating and studying sequences of functions or
quantities which are labelled by an integer variable [here the functions
P(x) labelled by /] is the generating function. The generating function
has perhaps its greatest utility in the areas of probability theory and
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statistics. However, we will also find it a great convenience in our present
study.

The generating function for (say) a series of functions f,(x) for
n=20,12,... is a function G(x, h) containing, as well as x, a dummy
variable A, and such that

G(x, h) = i Sk, (6.63)

i.e. fu(x) is the coefficient of A" in the expansion of G in powers of h. The
utility of the device lies in the fact that sometimes it is possible to get a
closed form for G(x, h).

For our study of Legendre polynomials let us consider the functions
P,(x) defined by the equation

G(x,h) = (1 — 2xh + b?)~12 = i Po(0)h". (6.64)

n=0

We will prove as a result of the considerations that the {P,(x)} so defined
are identical with the Legendre polynomials and that the function
(1 — 2xh + A%)~12 is in fact the generating function for them. In the
process we will deduce several useful relationships between the various
polynomials and their derivatives; these will be displayed for future refer-
ence in their final form, in anticipation of the ultimate identification of
the functions, in (6.70).

In the following derivation dP,(x)/dx will be denoted as usual by Pj,.
First differentiate (6.64) with respect to (wrt) x

h(1 — 2xh + K®)~32 = 3 P,h". (6.65)
Also differentiate it wrt A

(x — B = 2xh + B®) 32 = I nPh"" 1. (6.66)
Equation (6.65) can be written

hY Ph" = (1 - 2xh + h%) 3 Ph",
and thus equating coefficients of A"+

P, =Py — 2xP, + P; 4. 6.67)
Equations (6.65) and (6.66) can be combined as

(x — k)2 Ph" =h3nPh 1,
from which the coefficient of A" yields

xP, — P}_, = nP,. (6.68)
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Eliminating P, _, between (6.67) and (6.68) gives the further result
(n+ )P, =P,., — xP,. (6.69)

If we now take result (6.69) with n replaced by n — 1 and add x times
result (6.68) to it, we obtain

»18. (1 — x»P; = n(P,_, — xP,).
Finally differentiating both sides wrt x and using (6.68) again we find

(1 = x*)Py — 2xP, = n[(Pr_y — xPy) — P}
n(_nPn - Pn)
— —n(n + DP,, (6.70)

i.e. the P,(x) defined by (6.64) satisfy Legendre’s equation. It only remains
to verify the normalization. This is easily done at x = 1| when G becomes
[A-m1""=1+h+h +..., and thus all the P,(x) so defined
have P,(1) = 1 as required.

This completes the proof that G(x, h) = (1 — 2xh + A%~ 12 is a gener-
ating function for the Legendre polynomials and validates all the formulae
(6.64) to (6.69) for the properties of the Legendre polynomials.

»19. (@) Substitute from (6.64) into (6.66) and hence prove the recurrence
relation relating Legendre polynomials of different / at the same value of x,

( + DP1(x) — @ + DxP(x) + IP,_(x) = 0. (6.71)

(b) Start with P, = 1 and use (6.71) to generate Py, P,, P;, P,. Check
your results against previous derivations.

To summarize the position concerning Legendre polynomials, we now
have three possible starting points which have been shown to be equiva-
lent, the defining equations (6.44) and (6.48), Rodrigue’s formula (6.56),
and the generating function (6.64). In addition we have proved a variety
of relationships and recurrence formulae [not easily rememberable, but
collectively useful] and, as will be apparent later and particularly from
the work of chapter 10, developed a powerful tool for use in axially sym-
metric situations in which the V2 operator is involved and spherical polar
coordinates are employed.

6.9 General remarks

As was our intention, we have concentrated to a very marked degree on
Bessel’s equation in connection with infinite series and Legendre’s equa-
tion for finite polynomials. The techniques used are, however, applicable
to many more functions than these, but since they are in all essentials the
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same, we will not deal with them explicitly. Some further examples, e.g.
Hermite polynomials, will be found in the exercises of the next section.

An extended form of Legendre polynomials, the spherical harmonics
Y™(8, ¢) in which x = cos 6 and ¢ is an azimuthal variable, are used ex-
tensively in chapter 10 in connection with physical situations involving
Laplace’s, Poisson’s or Schrodinger’s equation. Qur present motivation
has been the solution of differential equations to a large extent in a
purely mathematical context, but this has at the same time laid the founda-
tion for the future treatment of more directly physical equations.

6.10 Examples for solution
1. Find solutions, as power series in x, of the equation
4xy” + 2(1 — x)y' — y = 0.
Identify one of the solutions and verify it by direct substitution.

2. Find the solution J,(x) of Bessel’s equation which is finite at the
origin, for a general integer m. The conventional definition of J,(x)

takes ap = 2" ™(m!)~ 1.

3. For what range of values of x is a power series solution in x
valid for the equation (x®> + 5x + 4)y” + 2y = 0?

4. Find the general power series solution about x = 0 of
xy" + (2x —~ 3)y" + 4x"ty = 0.

5. Continuation of w11 (p. 162). Using the methods of chapter 5
find the second solution of the original equation and hence show

x % 2nx2n+1
exp (—u?) du = exp (—x* _—
J; Ploidu=ew (=9 2 oy n

[Establish the constants involved by comparing coefficients for small
x.]

6. For the equation »” + x~ 8y = 0, show that the origin is a regular
singular point if the independent variable is changed to & = 1/x.
Hence find the solution of the form

o) = z-j—

Do not use the general theory, but seek a second solution of the form
f(x) times the first one, showing that as x — o the second solution
becomes ¢(x + In x) + O(1) where ¢ is an arbitrary constant.

7. Show that, if n is a positive integer, the differential equation
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Yy’ — 2xy" + 2ny = 0 has a polynomial solution (Hermite poly-
nomial) of degree 7. Find the general term of the polynomial.
8. The Hermite polynomialst H,(x) are defined by

@©

D(x, h) = exp (2xh — h?) = > i' (X
n!

n=0
Show that
20 o oP
—2x— + 2h— =0,
ox2 ox oh

and hence that H,(x) satisfy the equation of example 7. Use @ to
prove

(l) Hr;(x) = 2"I{n—l(x)’
(i) Hpy1(x) — 2xHy(x) + 2nH,_(x) = 0.

9. By writing ®(x, &) of example 8, as a function of (A — x) rather
than A, and by noting that for a function of (& — x)

of of

oh ox

’

show that an alternative representation of the nth Hermite poly-
nomial is

L exp (—x9)]
i xp (—x2)].

[Note that H,(x) = o"®/éh" at h = 0.]

Hu(x) = (- 1)"exp (x?)

10. Carry through the following procedure as an alternative proof
that

1 . 2
[ trwrar = 2

(i) Use the generating function equation for the Legendre poly-

nomials and square both sides.

(ii) Express the right-hand side as a sum of powers of 4, obtaining

expressions for the coefficients.

(iii) Integrate the right-hand side from —1 to 1 and use the ortho-

gonality resuits (6.53).

(iv) Similarly integrate the left-hand side and expand the result in

powers of A.

(v) Compare coeflicients.

11. A charge +2e is situated at the origin and charges of —e at
distances +a from it along the polar axis. By relating it to the gen-

+ Of importance in the quantum mechanical harmonic oscillator problem.
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erating function for the Legendre polynomials, show that the electro-
static potential ® at the point (r, 8, $), with r > a, is

@(r, 0,4) = Er—e i Pyy(cos 6) (%\) *
s=1



7

Superposition methods

In the previous two chapters we have dealt with the solution of a differen-
tial equation of order n by two methods. In one, by finding » indepen-
dent solutions of the equation and then combining them, weighted with
coefficients determined by the boundary conditions; in the other by
finding a solution in terms of a series whose coefficients are related by
(in general) an » term recurrence relation, and thence fixed by the bound-
ary conditions. For both approaches the linearity of the equation was an
important (essential) factor in the utility of the method, and in this
chapter our aim will be to exploit the superposition properties of linear
equations even further.

This present chapter is more formal than most in the book and is aimed
at a general introduction to the more specific methods of chapters 8, 9
and 10. It is intended to be sufficiently concrete for general ideas to be
grasped from it alone, but the reader may find some benefit from re-
reading it after assimilating the material of these three later chapters, since
they illustrate the ideas presented here.

We will be concerned with the solution of equations of the homogeneous
form

L(y) =0, .1)
but with the ultimate object of treating the inhomogeneous variety
L(y) = f(%), (7.2)

where f(x) is a prescribed or general function, and the boundary condi-
tions to be satisfied by the solution y = y(x) at the limits x = a and
x = b are given. In these two equations the expression L(y) stands for a
linear differential operator acting upon the function yp(x); for example,
in the case of the damped harmonic oscillator in chapter 5, L has the
form
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x having the physical interpretation of time and y that of the displacement
of the oscillator. For this system (7.1) then gives the equation of free
oscillations whilst (7.2) corresponds to forced oscillations, For a more
general differential operator the coefficients of d"/dx™ may be functions
of x [but clearly not of y if L is to be linear].

In general, unless f(x) is both known and simple, it will not be possible
to find particular integrals of (7.2), even if complementary functions can
be obtained from (7.1). The idea is therefore to exploit the linearity of L
by building up the required solution as a superposition, generally contain-
ing an infinite number of terms, of some set of functions which each indi-
vidually satisfy the boundary conditions. This clearly brings in a quite
considerable complication, but since, within reason, we may select the
set of functions to suit ourselves, we can obtain sizeable compensation
for this complication. Indeed, if the set chosen is one containing functions
which, when acted upon by L, produce particularly simple results, we
can ‘show a profit’ on the operation. In particular, if the set consists of
those functions y(x) for which the resultant function L(y;) is simply
— Ay, where A is purely a constant,t then a distinct advantage may be
obtained from the manoeuvre because all the differentiation will have
disappeared from (7.2).

Let us carry this out in a slightly more formal manner. Suppose that
we can find a set of functions {y;(x)} where i is a label running from O to
00, such that

Ly} = — Ay (7.3)
As a possible solution of (7.2) try
y(x) = 2y ayi(x), (7.4)

which automatically satisfies the boundary conditions, since each y, does
so. Now, making full use of the linearity of L we have

f) =Ly = LC ay) = 2 a;L(y)) = =2 aidiyi. (7.5)

Thus we are left with an equation which contains no differential opera-
tors — but at the price of having introduced the unknown g;. This, how-
ever, can also be put right if, in addition, the set {y,(x)} is in some sense
mutually orthogonal, e.g.,

‘r yi@)y(z2)dz =0, if i+#]. (7.6)

a

+ The minus sign is conventional and is included here only to give the Sturm—
Liouville equation (7.9) its usual form.
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Here y%(x) is the complex conjugate of y,(x). The orthogonality expressed
by this equation is more strictly called Hermitian orthogonality, although
the word ‘Hermitian’ is usually omitted. Straightforward orthogonality
of functions y; and y; would not involve taking the complex conjugate of
one of them in the integrand. This latter type of orthogonality has some
uses in physics, but we will take the word ‘orthogonal’ in the Hermitian
sense expressed by (7.6).

If (7.6) is satisfied, both sides of (7.5) can be multiplied through by y*%,
the integration carried out, and an explicit formula for a; obtained

b * d
o - _Llyi@s@d an

X P y3@yda) dz

This would complete the solution of the equation since each a; is given
in terms of the original function f(x) and the required solution is given
by y(x) = 3 a;yi(x). All that remains is to establish whether it is indeed
possible to find a set of functions {y(x)} with the property (7.3), which
satisfy the boundary conditions, and have the necessary mutual orthogon-
ality. Functions which satisfy (7.3) are called eigenfunctions of the operator
L, and ), are the corresponding eigenvalues.

In the next section we will show that at least for linear operators L
of a particular form, such suitable sets of functions can be found, in the
sense that if they satisfy an equation like (7.3) then they will have the
necessary orthogonality properties and that certain (fairly broad) types
of boundary conditions can be accommodated.

7.1 Sturm-Liouville theory
Second-order linear differential equations in which L(y) has the form,
L(y) = p(x)y" + r(x)y" — q(x)y with r(x) = p'(x), (7.8)

and p, g and r are real functions of x, were first intensively studied by the
French mathematicians Sturm and Liouville in the 1830s. Here y = y(x),
and a prime denotes differentiation with respect to x.

As will be seen in the subsequent discussion the class of differential
equations of the form

L(y) = —2p(x)y, (7.9)

with L(y) of the form (7.8), includes very many of those occurring naturally
in physics and engineering.
Writing (7.8) and (7.9) together we obtain the equation

(py) —qy + Apy = 0. (7.10)
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This is known as the Sturm-Liouville equation, and its properties and
uses will form the main content of the remainder of this chapter. Second-
order linear differential operators L, for which L(y) can be written in
the form

L(y) = (py) —qy,

where p and g are functions of x, are known as self-adjoint operators.t

Equation (7.9) is a slight extension of (7.3) to include on the right-hand
side a weight function p(x) and so allow a somewhat wider class of equa-
tions to be treated. In particular a linear operator in an equation which
is not already self-adjoint, can be made so by multiplying the equation
through by a suitable function, as is explained more fully in section 7.2.
In many applications p(x) is unity for all x and then (7.3) is recovered;
in general it is a function determined by the choice of coordinate system
used in describing a particular physical situation. The only requirement
on it is that it is real and does not change sign in the range ¢ < x < b,
and can therefore, without loss of generality, be taken to be non-negative
throughout.

We now turn to demonstrating that the solutions of the Sturm-Liouville
(S-L) equation have the required properties to enable us to carry through
the solution of differential equations by superposition methods.

Let us introduce the assumed boundary conditions immediately, so as
not to interrupt the general argument later. Naturally they will appear
ad hoc by being introduced at this stage, but the reasons for the choice
will soon be apparent. We assume they are such as to satisfy

[V¥pyile=a = [ViPY{)x=s, forallij, (7.11)

where y(x) and y«(x) are any two solutions of the S-L equation (perhaps
corresponding to two different values A;, A; of the constant A, if i # j).
This is in fact a fairly mild assumption about the boundary conditions and
is met by many commonly occurring cases, e.g. ¥(a) = y(b) = 0, y(a) =
y'(b) =0, p(a) = p(b) = 0, and many more. The important point to

t For our present purposes this will suffice. More generally, the (Hermitian)
adjoint of L is found by integrating the expression j' v(x)L[u(x)] dx by
parts until it has the formf u(x) L*[v(x)] dx together with boundary contri-
butions. This then defines the adjoint L*, and L is self-adjoint if L and L*
have the same form. In particular if, in terms of the D operator of chapter $,
L(u) = Zini<m an(x) D u(x) then L*(u) = Zinjcm (— 1) D"[an(x)u(x)]. This
procedure generalizes to equations involving more than one independent
variable, when dx represents dx; dx;. ... It should be emphasized that the
* in L* does not simply mean complex conjugation of the various terms in
L.
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notice is that to satisfy (7.11), one boundary condition must be specified
at each end of the range.

Reality of the eigenvalues. Let y; be a solution of (7.10) corresponding to
a particular value of A;, and consider the complex conjugate of (7.10)

(py¥Y — qyf + Xfpyf = 0. (7.12)

Multiplying this through by y; and integrating from a to b (the first term
by parts) we obtain

b b

mwwwjym—WMM=u(ma

a

Apl - |
The first term vanishes by virtue of the complex conjugate of (7.11) and
a second integration by parts gives

b b
(E02A) 59 +§ (py}Yyt dx —J- g = Atp)yfdx = 0. (7.19)

a

Again the first term is zero because of (7.11), yielding

b
f [(py)) — qy; + Afpy;lyt dx = 0. (7.15)

But, from the original S-L equation for y;, we obtain by multiplying
through by yf and integrating, that

b
jumﬁ—Wmew¢M=o. (1.16)

Subtracting (7.16) from (7.15) gives
b
at =3 [ stovax —o. @.17)

However, p(x) is non-negative and so, if we take i = j, f ¥§py; dx cannot
be zero, and so we conclude that A¥ = A,, i.e. that the eigenvalﬁes of the
S-L equation are real.

Further since A* = A comparison of (7.10) with (7.12) shows that y*
and y are eigenfunctions corresponding to the same eigenvalue and hence,
because of the linearity of the S-L equation, that at least one of (3* + )
and i(y* — y) is a non-zero real eigenfunction corresponding to that
eigenvalue. Henceforth we will therefore assume that the eigenfunctions
are real or have been made so by taking suitable linear combinations (the
necessity for this occurs non-trivially only if a particular A is degenerate,
i.e. corresponds to more than one linearly independent eigenfunction).
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Orthogonality and normalization of the eigenfunctions. Two further results
follow from (7.17). The first shows that two different eigenfunctions are
orthogonal in the sense

b
f yipy;dx =0,

where the weight function has been included. This is trivially obvious if
A; % A;. The small extension of this proof needed for the case when
Ay = A; in order to establish mutual orthogonality for a suitable set of
independent eigenfunctions is considered in example 1 of section 7.7.

The second point concerns the normalization of the y,(x), which be-
cause of the linearity of the S-L equation is arbitrary. We will assume for

definiteness that they are normalized so that f yipy; dx = 1 or, combining
this with the other result, thatt

b
f yipy; dx = 8. (7.18)
a

A quadratic form. It is convenient to note here, as a by-product, a result
which will be useful in the variational methods discussed in chapter 13.
Referring to (7.13) and recalling that A, and y; can be taken as real and
that the first term is zero, we have

b b
f oyl + yiqy)dx = A J. Yipy; dx
a a

= A8, (no summation), (7.19)

the last step applying if the functions are normalized. Hence this integral
of a particular quadratic form in the y; and y; has a value related to the
corresponding eigenvalue,

7.2 Examples of Sturm-Liouville equations

In order to illustrate the wide application of the S-L theory we will in
this section make a short catalogue of some common equations of physics
which have the Sturm-Liouville form. The sceptic will no doubt remark
that such equations are common precisely because they have a manage-
able form, but it should be noted that any second-order linear differential
equation

p(x)y" + r(x)y" + q(x)y + Ap(x)y =0, (7.20)

t 8,5, which has the value 1 when i = j and the value 0 when i # j, is known
as the Kronecker delta.
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can be converted to the required type by multiplying through by the factor

F(x) = exp [fx r—(i)—’;(_z—fg dz], (7.21)

provided that the indefinite integral is defined. It then takes on the S-L
form

1. [F)px)y'T — [-F)g(X)]y + AF(x)p(x)y = 0,

but clearly with a different [but still non-negative] weight function. Note
that this procedure is analogous to the use of an integrating factor in
section 5.2.

One example of an S-L equation, which has already been discussed and
solved by the series method in chapter 6, is Legendre’s equation (6.7)
which has the form,

(1 —=x2y" =2y +1(/l+ 1)y =0, (7.22 a)
or (1 —x»yT +1(0+ )y=0. (7.22b)

Clearly this is an S-L equation with p =1 — x2, g = 0, unit weight
function, and eigenvalue /(/ + 1). The mutual orthogonality property
of its solutions y; = P,(x) has been previously demonstrated (equation
(6.53)).

»2. How should «; be chosen so that the set y,(x) = «, P,(x) satisfy (7.18)?
»3. Use (7.19) to evaluate [_ [P{(WP(l — p?) dp.

Legendre’s equation and its solutions (the Legendre polynomials)
appear most readily in the analysis of physical situations involving the
operator V2 and axial symmetry, since the linear differential operator
involved has the form of the polar angle part of V2, when the latter is
expressed in spherical polars. Immediate examples include the solution
of Laplace’s equation in axially symmetric situations and Schrodinger’s
equation for a quantum mechanical system involving a central potential.

Very closely related to these situations are those involving the associated
Legendre equation

(- xy7 + [1(1 + 1) - ] y =0, (7.23)

1 — x2
and its polynomial solutions. These arise in physical situations in which
there is dependence on the azimuthal angle ¢ of the form exp (im¢) or
cos (m¢). From the point of view of the S-L equation, they are the same
as for the Legendre equation itself, except that ¢(x) is now m*(1 — x?)~1.
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Both of these equations will appear again in connection with the method
of separation of variables considered in chapter 10.

Bessel’s equation which arises from similar physical situations, but ex-
pressed in a cylindrical polar coordinate system, is also treated in chapter
10. It has the form

xy" + xy + (x2 — nd)y =0, (7.24)
but on changing variables to £ = x/a, it takes on the S-L form with
»4, p=§&  q=n?lé, p=¢ and A= a%

The most trivial of Sturm-Liouville equations, in which p = 1,4 =0
and p = 1, is the simple harmonic motion equation

V' + oy =0, (7.25)

The whole of chapter 8 is concerned with solutions of this equation and
their properties and we will not consider it further here.

Two further examples of solutions of linear second-order differential
equations taken from the quantum mechanical study of simple physical
systems are:

(i) the Hermite polynomials involved in the description of the wave func-
tion of a harmonic oscillator and satisfying

Yy = 2xy" + 20y =0, (7.26)
and (ii) the Laguerre polynomial solutions for the hydrogen atom, satis-
fying

xp"+ (0 ~x)y +eay=0. (7.27)

Both of these can be converted to Sturm-Liouville form, although there
are some formal difficulties associated with a singularity of the Laguerre
equation at the origin.

»5. Find the ‘integrating factors’ for (7.26) and (7.27) and arrange them
in the form (7.10).

»6. Do the same for the Chebyshev equation (1 — x%)y” — xy’ +
n?y = 0.

7.3 Application of superposition

Now that we have developed in sections 7.1 and 7.2 a class of functions
with the necessary properties to make an eigenfunction expansion solu-
tion of an equation of the type (7.2) a possibility, we will, in this section,
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work out in detail an application to a specific problem. We will use one
containing only a very simple operator (d2/dx?) so that the corresponding
eigenfunctions are familiar.

Example 7.1. Solve the equation y" + ty = f(x) with y(0) = y(=) = 0.
The operator on the left-hand side of this equation is already self-
adjoint and so we seek its eigenfunctions satisfying the S-L equation

V+iy+ 2w =0,
with unit weight function. These are obviously
Yn(x) = A, sinnx + B, cos nx,
corresponding to eigenvalues A, given by
n? =, + 1.

The boundary conditions, which clearly satisfy (7.11), require that »
is a positive integer and that B, = 0. Thus the appropriate functions are
given by

Yu(x) = A, sin nx

and the normalization condition (7.18) requires

T

» 1/2
f A2sin? nxdx = 1, hence 4, = (—) .
0

Thus if we write as the solution of the original problem y(x) = 3, a,y.(x),
we obtain, as in (7.5) and (7.7),

Gy = —()"1 f IDf () dz

=—-n?-H? J;n (7—27-)1/2 sin (nz) f(z) dz,

and finally that the solution in terms of the given function f(x) ist

xS

i121 (_n);) J;” f(2) sin (nz) dz. (7.28)

A

2
y(x) = -

Example 7.2. A particle moves in a potential such that if it is displaced
from the origin it executes simple harmonic motion of angular frequency 4.
As it moves through the origin it is suddenly subjected to an additional

1 This result is also the Fourier series form because of the particular form
of linear operator involved. However the above method is a general model
for all equations involving S—-L-like operators.
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acceleration of +1 for a period =/2 and then to one of —1 for the
next 7/2 period. Use the results of example 7.1 to find the particle’s initial
velocity, if it is to be at the origin at the end of the second period.

The equation of motion is clearly

J+iy=1 0<t<af2
=—-1, m2<t<m,

with (0) = y(=) = 0. Thus writing ¢ for x in (7.28) we have an explicit
expression for y(¢) for all 0 < ¢ < =, once we have evaluated

» 7. fﬂ f(@)sin(nz)dz = n=[1 — 2 cos (nn/2) + (—1)"]
’ — 4jnifn =4m + 2,
= 0 otherwise.
Thus we obtain as the displacement at time ¢,
8 2 sin [(4m + 2)¢]
Y= "7 2 am ey am v 2 -
and, by differentiation at ¢ = 0,
8§ & 1
o mzzo (4m + 2)? — &

»0) = ~ —08l1,

as the required initial velocity.

7.4 Green’s functions

The Green’s function method described in this section relies heavily on
the properties of the é-function, which is treated in the next chapter
(section 8.8). The reader who does not have prior knowledge of these
properties is advised to omit this section at present, and, as mentioned
elsewhere, to return to it later.

In a preceding section we saw that

y=—25%mfymmaw (129

gave a solution of

L(y) = f(»), (7.30)

where the set {y;(x)} depended upon L. Now let us assume that we may
interchange the order of summation and integration and write (7.29) as

y= f {,Z [—/\,lef(x)y,*(z)]} f(2) dz. (1.31)
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In this form the solution has clearer properties. We first observe that the
expression in the curly brackets, being summed over j, is a function of x
and z only, and could therefore be written as G(x, z). Equation (7.31)
is then

b
nx) = f G(x, z)f(2) dz. (1.32)
Now the structure of the solution of (7.30) is even more apparent, being

the integral of the product of two factors, of which:

(i) the first, G(x, z), is determined entirely by the boundary conditions
and the eigenfunctions y;, and hence by L itself, and
(ii) the second, f(z), depends purely on the right-hand side of (7.30).

It is apparent from this that we have the possibility of finding, once
and for all, for any given L, a function G(x, z) which will enable us to
solve (7.30) for any right-hand side. The solution will be in the form of
an integral which, at worst, can be evaluated numerically. This function,
G(x, z), is called the Green’s function for the operator L.

One expression for the Green’s function has already been given, namely

G(x,2) = = D A7 yxp}). (7.33)

But for an alternative way of finding the form of G(x, z), we also note that
expression (7.32) is by construction a solution of (7.30). Hence,

o) - [ " LG 2@ dz = 1), (7.34)
But, as in equation (8.48 iii) of the next chapter,

f(x) = fb f(@)3(z — x)dz, a<x<b,
where 8(z — x) is the Dirac 8-function, and so

f " (LG, 2)] — 8z — )} f(2)dz = 0. (1.35)
However ihis is to hold for any f, and so we must have

L[G(x, 2)] = 8(z — x). (7.36)

In words, the Green’s function G is the solution of the differential equa-
tion obtained by replacing the right-hand side of (7.30) by a é-function.
Note that in (7.36) z is only a parameter and all the differential operations
implicit in L act upon the variable x.

Looked at directly from the superposition point of view, our result is
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that the solution of (7.30) is the superposition of the effects of isolated
‘impulses’ of size f(z) dz occurring at positions x = z. Each ‘impulse’
of course has effects (propagated by (7.36)) at positions other than that
at which it occurs and so the total result at any particular x has to be ob-
tained by integrating over all z.

»8. Use the preceding results to show the closure property of the eigen-
functions of L, namely

> y®YHE) = 3z — x). (7.37)

7

[If the spectrum of eigenvalues of L is anywhere continuous, then the
eigenfunction y,(x) must be treated as y(j, x) and an integration carried
out over j.]

7.5 Forms of Green’s functions

To illustrate the form that Green’s functions may take, we will find ex-
pressions for them in two cases. In the first of these, boundary conditions
will be prescribed at two different positions, whereas in the second we will
consider a case in which time is the independent variable and the system
starts from rest.

For the first example we will re-solve our earlier illustration of example
7.1, but by a different method, giving an alternative expression from which
a Green’s function can be extracted by inspection. This is done purely
to illustrate the form of the function, since clearly the Green’s function
method would be pointless if it were always necessary to solve the prob-
lem another way first in order to extract the Green’s function.

Example 7.3. Let us apply the method of variation of parameters (section
5.8) to

Y+ 3y =/(x), y0) =y =0.
Putting y = A sin (x/2) + B cos (x/2), we require A(w) = 0 and B(0) = 0.
If we make 4 and B satisfy A’sin (x/2) + B’ cos (x/2) = 0, we obtain
in the usual way,
»9. 44’ cos (x/2) — 4B’ sin (x/2) = f(x),
and hence the results
»10. " = 2f(x) cos (x/2), B’ = —2f(x) sin (x/2).

On integrating, and taking into account the boundary conditions on A
and B, we obtain for y(x) the solution,
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»11. ¥(x) = —cos (x/2) f ) 2f(z) sin (z/2) dz

— sin (x/2) f ’ 2f(z) cos (z/2) dz.

From this it is apparent that the Green’s function G(x, z) has the form

G(x,z) = —2cos (x/2)sin(z/2), 0<z< x,
—2sin (x/2) cos (z/2), x <z < 7. (7.38)

This is an [more readily computable] alternative to our previous expres-
sion (from (7.28)),
®, sin (nx) sin (nz)

G(x,z) = —= z _ (7.39)

It will be noticed in (7.38) that G(x, z) changes its form as z passes
through the value z = x. This is to be expected since (7.36) in the present
case is

y” + %y = 8()( - Z)a

and if we formally integrate this with respect to x between x = z_ and
x = z,, two values one each side of x = z we obtain

1 2y £
[z +Zf ydx=f (x —z)dx = 1.
As we let z, and z_ tend to z, the second term on the left tends to zero,
showing that

V') —y@E) =1, (7.40)

i.e. the derivative of y has a discontinuity of unit magnitude at the point
x = z [and also that y itself is therefore continuous there].

In our next example we can expect that not only will the Green’s func-
tion change its form at x = z, but that it will be identically zero for
z > X

Example 7.4. A damped harmonic oscillator of mass m initially at rest
is driven by a time dependent external force mf(t), for ¢+ > 0. Find the
subsequent motion.

The equation of motion is of the form

# + 28% + wx = f(¢), with x(0) = %(0) = 0. (1.41)

Formally we will have as the solution

x(t) = f i f(2)G(, z) dz, (7.42)
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where G (1, z) satisfies
G + 286G + w?G = 8(z — 1). (7.43)

Our qualitative discussion of section 7.4 in terms of ‘impulses’ is even
more physically appropriate here, since the x of that discussion now
has the role of time and mf(z) dz is an impulse in the mechanics sense.
Since G(t, z) effectively represents the effect at time ¢ of a unit impulse
occurring at time z, we would expect on physical grounds [‘causality’]
that

G(t,z) =0 forz > 1. (7.44)

We now have to solve (7.43), treating z as a fixed parameter, for the
region 0 < z < ¢. This we will do using the complementary functions
for z < t and the step function condition (7.40) on G at t = z.

Putting G(z, z) = A exp (pt) into (7.43) with the right-hand side set
equal to zero, we obtain

pe = —B (B - ) (7.45)
Thus G = Aexp(p,t) + Bexp(p-t), fort > z.

Continuity at ¢t = z, together with (7.44), gives

0= Aexp(p.,z) + Bexp (p-2), (7.46)
whilst the condition on G yields
1l=p,Aexp(p.2) + p-Bexp(p-2). (7.47)

Solving (7.46) and (7.47) for A and B gives finally that

G(t,2) = (ps —p-) Hexp[p.(t — 2)] — exp[p-(t — 2)]}
»12. = (B? — w?¥) " 2exp [-B(t — 2)]
x sinh [(8%2 — w?)Y3(t — 2)], (7.48)
for 0 < z < t. [Not surprisingly a function of (¢ — z) only.] Combining

(7.48) and (7.44) with (7.42) thus produces an integral expression for the
motion of the oscillator

w0 = [ O e -p - 2)
x sinh [(8® — w?)12(t — 2)] dz. (7.49)

Figure 7.1 iliustrates the form of the Green’s function for a few sample
values of B and w. It should be remembered that the curves give the re-
sponses of the system to a unit impulse at the time ¢ = z, under the
various conditions,
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Fig. 7.1 Some Green’s functions described by equation (7.48). All vertical scales
are in units of w~*. The bottom curve shows the input to the system.
(a) For B = 0 the response is an undamped sine wave. (b)) For 8 = {w
the response is a damped sine wave. (¢) For 8 =  the response is critic-
ally damped of the form (r+ — z) exp [—w(t — z)]. (d) For B = 2w no
oscillations occur but the effect of the impulse is long-lived.

7.6 Generalization

Finally, we formally collect together the elements of the Green’s function
method in a slightly more generalized way. If we seek solutions, for a
self-adjoint [Hermitian] operator L, of the equation

L) + pp(x)y = f(x), (7.50)

then, in terms of the functions y;(x) which satisfy [for generality taking i
as continuous]

L(y) = —Apyis (7.51 a)

jy,*(x)p(x)yxx) dx = 8 — ), (7.51 b)

j PP di = 8(x — 2), (1.519)
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y is given by

o = [ 6 sz, (.52
with

G, 7) = j y(x)yi(z) (Z) (7.53)

Y

»13. Verify by substitution that (7.52) is in fact a solution, when the
original equation (7.50) contains a term involving a weight function p(x).

1.7 Examples for solution

1. Suppose that a particular eigenvalue of (7.9) is N-fold degenerate
i.e. Ly, + Apy; = 0 for i = 1, N, and that in general fyfpy, dz#0
even if i # j. Then show that the new set of normalized functions
u(x) defined by

uy = A{nj,

= /V{)ﬂ- fll,py,dz)} i=2,3,...,N,

are (a) all eigenfunctions of L with eigenvalue A, and (b) mutually
orthogonal with respect to the weight function p. Here A {v(x)}

stands for v(x)/f v*(2)p(2)v(z) dz. [Use a process of induction.]

5

2. Express the Gauss equation
=)y 4+l +a+BPx—y]y +efy=0,
where «, B and y are parameters, in Sturm-Liouville form.

3. A particular associated Legendre function y, corresponding to
eigenvalue n is a solution of

with yn(0) = ya(c0) = 0. Show that this implies
f xya(xX)ym(x)dx =0, ifm # n.
4]

4. Use the solutions of the equation y” + Ay = 0 with boundary
conditions y(0) = 0, y’(m) = 0 to find an expansion of the function
f(x) = x%2 — 2mx. Hence solve y” + y = x2 — 27x, with these same
boundary conditions.
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5. (a) Find the solution of (1 — x?)y” — 2xy" + by = f(x), valid
in the range {—1, 1] and finite at x = 0, in terms of Legendre poly-
nomials.

(b) If b = 14 and f(x) = 5x3, find the explicit solution and verify
it by direct substitution.

6. By substituting x = exp (¢) find the normalized eigenfunctions
yn(x) and eigenvalues A, of the operator L defined by

L) =x"+2xy + 4y, 1 <x<e,

with y(1) = »(e) = 0. Find, as a series > a,y.(x), the solution of
L(y) = x7*2

7. Express the solution of Poisson’s equation in electrostatics
V24(r) = —p(r)/eo, where p is the non-zero charge density over a
finite part of space, in the form of an integral and hence identify
the Green’s function for the V2 operator.

8. Extension to example 7.4 (page 185). Consider the particular case
when f(¢t) = Fsin (pt) and 82 — w? < 0 = —n? (say). Evaluate the
integral (7.49) and show that it leads to decaying transients and
steady state terms, the same as would be obtained by the comple-
mentary function and particular integral methods of chapter 5.
[The algebra is rather lengthy but straightforward.]

9. In the quantum mechanical study of the scattering of a particle
by a potential, a (Born approximation) solution can be obtained in
terms of a function y(r) which satisfies an equation of the form

(=V2 — K9)y(r) = F(r).

Assuming that yi(r) = (2m) 32 exp (ik-r) is a suitably normalized
eigenfunction of — V2 corresponding to an eigenvalue —k2, find a
suitable Green’s function Gk(r, r’). By taking the direction of the
vector r — r’ as polar axis for a k-space integration, show Gk(r, r’)
can be reduced to

1 ®  wsinw

dnr — 1’| J_o w? — wt

where w, = K|r — r’|. [This integral can be evaluated by contour
integration (chapter 16) to give (4=jr — ')~ exp (iK|r — r’|).]
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Fourier methods

It will undoubtedly have been observed by the reader who has only a
moderate familiarity with the mathematical methods used for physical
problems, that harmonic waves (of the form exp (iwt) or cos wt) are
very convenient functions to deal with. It is straightforward to differen-
tiate, integrate and multiply them; their moduli are easily taken, and each
contains only one frequency [or wavenumber, for forms like exp (ikx),
using an obvious notation}. This last point is important since the response
of many physical systems, such as an electronic circuit or a prism, depends
most directly on the frequency content of the input the system receives.

Even if we were not familiar with the results of the Sturm-Liouville theory
discussed in the previous chapter, these properties by themselves would
indicate that it may be advantageous in some cases to express all the
functions involved in a problem as superpositions of harmonic wave
functions (Fourier series or transforms). The otherwise difficult parts of
the problem might then be carried through more simply, and finally, if
necessary, the output functions reconstituted from the ‘processed’
waves.

In fact, we recognize the harmonic wave y(x) = exp (ikx) as an eigen-
function of the simplest non-trivial Sturm-Liouville equation, with
p=1,g=0,p=1and A = k?, and thus, provided that [yy']? = 0, we
may apply the general results of chapter 7. This boundary condition is
clearly going to be satisfied if we consider periodic problems of period
b — a, and so we are led to Fourier series, or if g— —o0 and b — 0,
to Fourier transforms.

There are thus at least three different but connected ways in which the
harmonic waves of Fourier methods may be considered to arise; as sets
of mathematically simple and manageable functions, as the set of eigen-
functions of a particularly simple S-L equation, and, most physically,
as the set of functions arising naturally in the description of a wide range
of physical situations, such as the vibrations of a finite string, the scatter-
ing of light by a diffraction grating, and the transmission of an input signal
by an electronic circuit.
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8.1 Sets of functions

All that is required to be known about the sets of functions needed can
be obtained directly from the Sturm-Liouville theory, namely their
completeness [any ‘reasonable’ function can be expressed as a linear sum
of them] and mutual orthogonality over an appropriate range, but it is
both straightforward and instructive to obtain these properties in an
empirical way as well.

Let us suppose that we are given a function which is periodic, e.g. that
describing a circuit input voltage consisting of a regularly repeating wave
train [periodic in time], or the potential experienced by an electron in a
regular crystal [periodic in space], or a single-valued gravitational poten-
tial [periodic in azimuthal angle ¢]. This function is to be represented as
a (generally infinite) sum of Fourier terms.

We will work with ¢ as the variable in which the periodicity occurs and
with T as the period, but of course the physical interpretation of ¢ will
not necessarily be that of time. In periodic situations the origin of ¢ is
arbitrary but we will choose it so that the basic period is —7/2 to T}/2.

Consider first the set of functions

h,(t) = cos Qmnt/T), 0 < n < oo, (8.1)

Could this be a possible set for the expansion, using all integral values
of n? We test first their mutual orthogonality over (—T7/2, T/2). Using
w to denote the quantity (2#/T), we have

jm (27rnt) (Zwmt)
cos | —— | cos dt
-T2 T T

72

= j‘ 4{cos (n + m)wt + cos (n — m)wt] dt
~-T/2

= 0 unless n = m, (8.2)

since the integral of a cosine (or sine) function over a complete number of
cycles [here n + m and n — m cycles] is zero. If n = m the integral has
the value T/2, as is easily verified. Thus the functions A,(¢) are mutually
orthogonal as required.

We now have to ask whether any periodic function f(¢) can be expressed
in terms of them, i.e. f(t) = 2, a.h.(t), with a, constants. This is clearly
not so, since cos (nwt) is an even function of ¢ and so therefore is any
function of the form 3, a,h,(t); hence any odd periodic function of ¢
such as tan (wt) cannot be represented by such a sum. We conclude there-
fore that the set of functions given by (8.1) is not suitable.
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In a similar way, the set
£.(t) = sin 2mwnt/T), 0 < n(integral) < oo, (8.3)

is inappropriate.

»1. Show that the g,(¢) are mutually orthogonal, but do not enable all
periodic functions to be expanded in terms of them.

The set g,(¢) fail because even functions of ¢ cannot be expressed in
terms of them. However, any function f(¢) can be written as the sum of
an odd and an even part,

f(@) = 3f@) + f(=0] + 3 Sf(0) - f(—1)]
=feven(t) +f0dd(t)s (84)

and so by combining the sets A,(¢) and g,(¢) together, f(¢) could be ex-
pressed in terms of the larger set so formed [ f.ven in terms of the 4,, and
foaa by the g,]. All that remains is to determine whether the enlarged set
is still a mutually orthogonal one. This is easily done since

jm ha(t)gn(t) dt = J‘m cos (nwt) sin (mwt) dt

-T2 -T/2

T/2
=j 4[sin (m + n)wt + sin (m — n)wt] d¢
-T2

= 0 for all m and n [even m = n]. 8.5)

We thus arrive at the set of functions cos 27nt/T) and sin 2m=mt/T),
with » and m running over all integral values. This is the same set as could
have been obtained from the simple case of the Sturm-Liouville equation
discussed above, but here arrived at in a more heuristic way.

As noted in chapter 7, the set of functions is not always unique if the
eigenvalues are degenerate and in the present case an alternative, and in
some cases preferable, set of functions can be obtained by taking linear
combinations of the previous set,

P (iZTmt cos (21rnt) +isi (217nt)
= _— ism{—§
T ) T T

—oo < n(integral) < . (8.6)

This alternative set allows some economy of expression, useful in formal
manipulations, and is the natural set from which to proceed to the Fourier
transform (section 8.6).
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8.2 The expansion and coefficients

Returning to the expansion of a periodic function of period T (see fig.
8.1), we assume that f(¢) can be written as a Fourier series (FS), namely

£0) = 340 + 3 [y cos (nwt) + B, sin (rwt)], 8.7)
o fy= S Cyexp (iner), 8.8)

where, as before, 27/T has been written as w, the fundamental frequency.

1)

-T2 T/2 t
|~ [N |

N N O

Fig. 8.1 A periodic function of period T.

Physically both formulae contain a superposition of amplitudes having
the fundamental frequency and its harmonics, together with a possible
constant [n = O term]. The factor 4 in (8.7) is conventional and, as will
be seen later, is included in order to make the calculation of A, the same
as that of other A4,. Clearly C, = 14,.

By writing cosine and sine in terms of exponentials it is straightforward
to show that,

»2. C, = ¥4, —iB,) and C_, = ¥4, + iB,). 8.9

These equations and their inverses establish the link between the two com-
monest sets of functions.

The next requirement is that of obtaining explicit expressions for 4,
and B, once f(¢) is given. To do this we multiply (8.7) through by cos (mw?)
and integrate it from —772 to 7/2. [This will ‘project out’ all parts of
both f and the series which are orthogonal to cos (mwt).]

/2 T2 (A,
s J(t) cos (mwt) dt = j {—2— cos (mwt)

=T/ -T/2

+ i [A, cos (nwt) cos (mwt) + B, sin (nwt) cos (mwt)]} de.
net (8.10)
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The first term on the right-hand side is zero unless m = 0 when it has
the value 44,7, and, in view of the previously shown mutual ortho-
gonality of the set of functions {cos nw?, sin mwt}, the only non-zero term
appearing in the summation is that from the cosine series for which
n = m # 0; this term has the value 14,T.

With this enormous simplification of the right-hand side, (8.10) can
be rewritten to give an explicit expression for A4,

2 T2
A, = -j f@)ycos(mwt)dt, m=0,1,..., 0. (8.112)
T J-112

»3. Follow a similar procedure to show that

2 TI2
B, = — j f@sin(mwt)yd:, m=12,..., . (8.11b)

-Ti2

»4. Deduce that

1 {72
C,=— J. f@yexp(—imowt)dt, —oo <m< . (8.11c¢)
T ) 72

»5. Show that if the function f(¢) is real, then C_, = C¥.

Using these explicit formulae it is now possible to write any given
periodic function f(¢) of period T = 2n/w in the form of a series of
sinusoidal terms, containing the fundamental frequency « and some
or all of its harmonics (together with a possible constant). The ampli-
tudes of the various harmonics are obtainable from the original function
by means of equations (8.11).

As an example (which will be used for illustration throughout this
chapter) consider the square-wave function f(¢) illustrated in fig. 8.2
and given by

=+1, 0t <T)2. 8.12)

This function is to be represented as a Fourier series [perhaps so that
the effect of a frequency dependent integrating circuit on an electrical
input of this form can be determined] and is therefore assumed to be
representable in the form of expression (8.7). The required coefficients
are obtained by substituting (8.12) in (8.11 a, b). Since f(¢) is in this
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f@®

-72 0 )2

Fig. 8.2 The square-wave function f(#).

case an odd function of ¢ whereas cos (mwt) is an even one, all 4, given
by (8.11 a) are zero. Recalling that wT = 2, we have also that

2 (12
B, = — j f(2) sin (mwt) dt
T J-r2

4 (12 d
- t)dt
T J:) sin (mwt)

_2 (1 — (=1)"). (8.13)
m™Tm

This is zero if m is even and equals 4/7mm for m odd.
Thus, instead of (8.12), we can write f(t) as

. in (St
sm(3wt)+sm( w)+ ]’
3 5

i.e. expressed in terms of its component frequencies with simple sinusoidal
functions [but at the price of having introduced an infinite series]. As
the number of terms in the series is increased the function f(z) given by
(8.14) approaches more and more closely the original function given by
(8.12) and fig. 8.2.

The general question as to under what circumstances a series generated
by the above procedures (expanding according to (8.7) with coefficients
given by (8.11)) is a valid representation of the original function is mathe-
matically complicated, but for practical purposes the answer may be sum-
marized as:

(8.14)

471 |
f) =— [ sin (wt) +

If (i) there exists only a finite number of maxima, minima

and discontinuities of the function f(z) in one period, and
(i) f T 27/2 [f(t)| dr is convergent, then the Fourier
series converges to f(¢) as the number of terms — 0. (8.15)

At the discontinuities (if any) of f(¢) a further result is needed. If f(¢)
is discontinuous at ¢t = ¢, then the series converges to 3[f(¢,—) + f(t.+)]
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at that point. Here the quantity f(¢,+) is the limit of f(¢) as ¢ — ¢, from
values greater than ¢,, and f(¢, —) is the corresponding limit as t — ¢,
from below. It should be remembered that in the series, ¢ is fixed at the
value #; and it is the increasing number of terms that brings about the
convergence.

Referred specifically to our example, these results mean that in the
range 0 < t < T/2 the series (8.14) tends to a limit in value of 1 for all ¢,
that in —T/2 < t < 0, series (8.14) tends to —1 for all 7, but that at
t = 0 we must expect it to yield the value $[(—1) + (+1)] = 0. Like-
wise at ¢t = T/2, we expect the series to give 3[(+1) + (—=1)] = 0. Since
at ¢+ = 0 or T/2 every term of the calculated series individually vanishes,
its values at the discontinuities are immediately verified. For values of
t outside the range (— 772, T/2), the series repeats periodically the values
it takes inside the range.

In order to illustrate pictorially the convergence of the series (8.14) to
the original function, the value of the series is shown graphically super-
imposed upon the original function in fig. 8.3, after various numbers of
terms have been added. In each picture except the last, the next contribu-
tion to be made (but not yet included) is shown dashed. It will be seen
that after only a few terms the series is a reasonable approximation except
near the discontinuities of 7(¢).

B’
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TG0 Vs 0 772
}O Ne /
vj\v/\\/ -1 A —qf — 1
(© (@)

Fig. 8.3 The evaluation of equation (8.14) after various numbers of terms have
been added. The next term to be added is shown dashed. In (d) & gives
the Gibbs overshoot. For an explanation of A4, A’, etc. see the text.
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It will be noticed how in any particular range of ¢ values and after any
particular number of terms have been included, the next term generally
has, at around that value of ¢z, the correct sign to (over-) compensate the
discrepancy between the sum so far and the original function. This is
not true for every ¢t value [or consequently for every range of ¢ value],
but can be illustrated by examining, for example, the values near the
points A4, B, C of the next terms to be added and the corresponding dis-
crepancies 4', B', C' between the sum so far and f(t).

As the number of terms in the series is increased the ‘overshoot’
nearest a point of discontinuity moves closer to the discontinuity (see
8.3 (d)), but in fact never disappears even in the limit of infinitely many
terms, although it moves in position arbitrarily close to the discontinuity.
This behaviour is known as the Gibbs phenomenon. It does not contradict
our previous results since for any ¢ inside the range 0 to 72 for example,
the partial sum to N terms of the series can be made arbitrarily close to
+1 for all N > some N,, by taking N, large enough. [Roughly speaking,
the Gibbs overshoot has to be squeezed into the non-zero gap between ¢
and the position of the discontinuity, 0 or 7/2.] The Gibbs phenomenon is
characteristic of Fourier series at a discontinuity, its size being propor-
tional to the magnitude of the discontinuity. For the unit square-wave
function discussed here, its value 6 = 0.179... (see fig. 8.3 (d)).

8.3 Symmetry considerations

In the example of the previous section all the coefficients 4,, were shown
to be zero on account of the antisymmetry of the particular function f(¢).
In general, if the given function f(¢) possesses some degree of symmetry
about the point t = 0 or ¢t = T/4, then some economy of labour can be
affected in the calculation of the expansion coefficients.

Since cos (mwt) and sin (mwt) are even and odd functions of  respec-
tively it is apparent by (8.11 a, b), that as general results:

If 7(¢) is an odd function of ¢, i.e. f(—¢) = —f(t), then

A, = 0 for all m. (8.16)
If f(¢) is an even function of ¢, i.e. f(—¢) = f(¢), then
B, = 0 for all m. 8.17)

Nothing beyond the oddness or evenness of f(r) is required for these
results, since they each depend only on the fact that the integral from
—T/2 to T/2 of an odd and an even function multiplied together is neces-
sarily zero. A general function f(z) will usually be neither even nor odd
and so both A4,, and B, are in general non-zero.

The consequences of symmetry or antisymmetry of f(¢) about ¢t = T/4
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are a little harder to see, but the following argument gives the required
result.

Suppose f(z) has either even or odd symmetry about ¢t = T/4, i.e.
J(—5) = +f(s), where s has been written for ¢+ — 7/4. Then according
to (8.11 b)

2 T2

B, = —j F0)gnlt) d1, (8.18)
T -T2

where g,.(¢) = sin (mwt). Expressed in terms of s, g, becomes G,(s) =

sin (mws + mwT/4), and, recalling that T = 2x, we have

Go(s) = sin (mws) cos (mm[2) + cos (mws) sin (mm/2).

If mis even then sin (m7/2) = 0 and G,(s) is an odd function of s, whilst
if mis odd cos (mn/2) = 0 and G,, is an even function. For the evalua-
tion of B,,, the independent variable in the integral can be changed from
t to 5. The limits of integration can in fact be left unaltered since fis of
course periodic in s as well as . Two particular combinations of circum-
stances of interest now arise,

(i) if f(~s) = f(s) and m is even [i.e. G, is odd] then the integral is zero,
(ii) if f(—s) = —f(s) and m is odd [i.e. G, is even] then the integral is
zero.
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Fig. 8.4 Contributions to B, for a function (solid line) with symmetry about
t = T/4. The contributions are + «, etc., and the dashed curve is sin (2wt).

As a pictorial way of visualizing these results, fig. 8.4 illustrates case (i)
for some periodic function (solid line) which is symmetric about t = 7/4
(but has no other particular symmetry). The function sin 2wt) is also
shown (dashed line). The range —7/2 to 7/2 has been marked off into
sections and labelled with the contributions each section would make to
the integral (8.18) for B,. Where the function and sin (2wt) have opposite
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signs the contribution is negative. The quantities «, B, y are positive but
their actual values are irrelevant for our purpose, the important point
being that because of the symmetry of the function about 7/4 the contri-
butions cancel in pairs.

»6. By making a similar sketch for say sin (3wt) verify that the integral
does not necessarily vanish for odd values of m.

Corresponding results about the A4,, for functions with some symmetry
about ¢t = T/4 can be obtained by considering the symmetry properties
of cos (mws + mwT/4). These and the other results of this section are
summarized in the following table, where those coefficients 4,, and B,
which are necessarily zero are indicated.

A2n A2n+1 B2n B2n+1

feven aboutr = 0 0 0

fodd aboutt =0 0 0

feven about t = T/4 0 0

Jfodd about t = T/4 0 0 (8.19)

All of the above resuits follow automatically when (8.11 a, b) are evalu-
ated in any particular case, but a prior knowledge of them will often enable
some coeflicients to be set to zero on inspection and so substantially re-
duce the computational labour. As an example the square-wave function
of equation (8.12) and fig. 8.2, is

(i) an odd function of ¢, and therefore all 4,, = 0, and
(ii) even about 7/4 and therefore B,, = 0.

Thus we can say immediately that only sine terms of odd harmonics will
be present in the series and therefore need to be calculated; this is con-
firmed in expansion (8.14).

»7. Find, without calculation, which terms will be present in the Fourier
series for the periodic functions f(¢r) of period T, given in the range
—1T/2 to T)2 by,

@) f=2for0< |t| <T/4 f=1for T/4 < |t] < T/2;

(i) f(z) = exp [-(t — T/4)%];

(i) f= —1 for —T/2<t< —37/8 and 378 <t < T2, f=1 for
—T/8 < t < T/8, and the graph of f is completed by two straight lines
in the remaining ranges so as to form a continuous function.
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8.4 Function continuation for fixed intervals

Even when a physically occurring function is not periodic, Fourier analysis
can in some cases still be usefully employed. If a function is defined only
over a fixed finite interval [for example, the displacement of a violin
string] and the physical behaviour of the system is required only in that
interval, then, by assuming that the function is mathematically defined
outside that interval in a suitably periodic way, a Fourier representation
of the function can be used. This is so, since (provided the function satis-
fies the conditions of statement (8.15)) everywhere within the interval
the Fourier series will certainly converge to the function, and it will also
do so at the end points if the choice of mathematical continuation makes
the function continuous there.

Rather than discuss the choice of continuation in general terms we will
use a specific example and treat it in some detail.
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Fig. 8.5 Plucked string with fixed ends: (@) the physical situation; (b)—(d) show
possible mathematical continuations; (c¢) is antisymmetric about 0 and
(d) symmetric.

Consider a string of length / which is plucked at some point along its
length, as in fig. 8.5 (a). Inside the range O to / [here distance x replaces
time)] the displacement is given by f(x), whilst outside it is undefined.
The most natural assumption is that it is zero outside the range, but in
order to express the displacement as a Fourier series we must make the
function periodic. The choice of continuation is by no means unique.
Figure 8.5 (b) shows the most obvious periodic continuation, producing
a series of period /, but with no particular symmetry properties.

A second choice is shown in (c). Here the period is 2/ and so in the
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resulting series there will be twice as many wave numbers [spatial analogue
of frequencies] below any given wave number, but on the other hand the
function is now an odd function of x and so only sine terms will be present.
Since for analytically tractable cases all the required coefficients are thus
found from a single formula, this means a saving in computational labour.
Choice (d) is similar to (c) except that here only cosine terms appear.

Example 8.1. Find Fourier series to represent the displacement of the
string when it is pulled aside by y, at the point x = //4.
The function to be represented is

yx) = 4yox/l, 0 < x <14,

Solution 1. Take the continuation as in fig. 8.5 (b) and then the series is

) = % + S [aycos (nkx) + b, sin (nkx)],

n=1

where k = 2=/l and is the fundamental wave number.
Then, from (8.11) we have (taking the integral from 0 to / rather than
—1/2 to I/2 for convenience),

2 [Utdyox

=..l—o

21 4
cos (nkx) dx + - j e (1 - f) cos (nkx) dx.
I Jus 3 )

a,

Using integration by parts the student should show that this gives

»8. a, = Yo forn=0,

= —8y,/3n*z% for n odd,
—16y,/3n?=% forn = 4m + 2,
=0 for n = 4m (m # 0).

The values of b, are similarly obtained from

2 rus g
b, = = YoX
I'Jo

2 (i
sin (nkx) dx + — J —4& (l - -{) sin (nkx) dx,
IJys 3 !

and are

»9. b, = 8yo(— 1) *~V/3n272, for n odd,
=0, for n even.
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The first few terms of the Fourier series thus obtained are

Yo 8y [ (wa) ) (21-rx) (417x)
== — —lcosf—) — sin|{—} + 3 cos(—
=53 e WA R

6 6 10m
+ %cos(Tx) + %sin(_’l’i) + -zls-cos( l")— ] (8.20)

Solution 2. This time we continue the function as in fig. 8.5 (¢) so that the
series contains only sine terms

¥x) = 2 B,sin (nk'x),
n=1

where here k’ = 2x/2l. The coeflicients B, are given by
[}

2
B, = — y(x) sin (nk’x) dx
21 J-1

1 i
= 27.’. y(x) sin (nk’x) dx,

[

since the integrand is symmetric about x = 0.
Proceeding as before the integral is found to be

»10. B, = 32y, sin (nw/4)/3n=2,

This solution thus gives a series

) = 32y, [(2)-1/2 sin (Zli) + %sin (?)

3n?

2" (Bax\ (D)"Y [5wx
+ 9 Sin (’—1—) - 25 sin (—l—-) - ] (821)

»11. Show that the series corresponding to the continuation in fig. 8.5 (d)
is

Yo 8yo = 4cos(nmfd) —3 — (=1 (nﬂx\)
= — + ——— C PR
¥(x) 5t 3 ?::1 = os | =

(8.22)

It will be apparent to the reader who has carried through the calcula-
tions needed to obtain equations (8.20)-(8.22), that the introduction of
some symmetry, in the latter two, produces a significant saving in computa-
tional labour. It should be emphasized that all choices of continuation
give series which converge to the function in fig. 8.5 (a) in the interval
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0 to /, but of course differ widely outside that range. A further considera-
tion in the choice of continuation is the convergence of the resultant
series. We will again show this by considering a specific example.

Example 8.2. Find Fourier series to represent the function y(x) = x
in the range 0 < x < =.
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Fig. 8.6 The function y = x in 0 € x < = and two possible continuations.

The function is shown in fig. 8.6 (a). Two possible continuations with
period 27 and fundamental wave number =1 are shown in fig. 8.6 (b)

and (c¢). Continuation (b) is symmetric and yields a cosine series with
coeflicients

2 n
A,,=—><2J' x cos (nx) dx
2 0
=0 for n even (n # 0),
= for n = 0,

—4/mn? for n odd,

giving
cos 2m + 1)x
X)=—m—- = ) ——. 8.23
»x) mzo E—" (8.23)
On the other hand continuation (c) yields a sine series
»12. yx) =2 Z (=1 SR @) (8.24)
n

Again both series converge to »(x) = x in 0 < x < =, but (8.23) is
clearly preferable for numerical computation since (@) it has an n-2
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convergence whereas (8.24) converges only as n~1, and (b) it does not show
the Gibbs phenomenon which accompanies the discontinuous function
produced by the continuation in fig. 8.6 (¢). The choice of continuation
or period is not always as wide as this section may have suggested. For
some situations additional physical conditions at the ends of the given
interval limit or determine the allowed forms or periods. Examples of this
occur, for example, in connection with the Fourier solutions of flow and
diffusion problems considered in chapter 10.

8.5 Differentiation and integration

Since in a Fourier expansion both sides are functions of the independent
variable, it is natural to consider differentiation and integration with
respect to that variable. We will not prove the relevant properties but
merely state them and give an illustration.

(i) Differentiation. The Fourier series for the derivative f'(¢) can be ob-
tained from the FS for f(¢) by differentiating term by term.

(ii) Integration. The Fourier series for the indefinite integral F(¢) =
f ! f(s) ds can be obtained (to within a constant) by term by term integra-
tion of the FS for f(¢).

In terms of formulae, for f(¢) given by (8.7),
f(@®) = > [—nwA,sin (nwt) + nwB, cos (nwt)], (8.25)

n=1
and
F(t) =4—Oi + [ﬁ (1 — cos nwt) + ﬁ sin (nwt)]’ (8.26)
2 o1 Lhw nw
where the constant of integration is > (B,/nw) and is chosen here so as
to make F(0) = 0.

As shown in (8.25) each differentiation produces an additional factor
ne in the numerator of each term and consequently the convergence of
the series becomes less and less rapid. In any case, the process can only
be used as many times as f(¢) is itself differentiable.

As an example we may use the function already considered in fig.
8.6 (b) and given by (8.23) as

m 4 & cos(Cm + Dx .
X)) = — — — — . 8.23 bis
W) = ”’go o T 1 ( )
Differentiating term by term yields
d 4 & sin(2m + 1
d_4SsinGm+ Dx, (8.27)

dx Tace 2m+ 1
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This is just the series given in (8.14) with, as in this case, T = 27, w = 1
and a change of notation. The series (8.27) is thus that for the periodic
function g(x) = —1, for —7» < x < 0and g(x) = 1, for 0 < x < =; but
this is precisely the value of the derivative of the original function, thus
verifying the differentiation property for this case. The validity of the
integration procedure for this example worked backwards is obvious,
the constant of integration having to be determined separately.

»13. Using a set of tables evaluate the series (8.23) for the function
y(x) = x, by adding on successive terms. Use values of x of (say) r»/6
for r = (0, 6). Note how the factor (2m + 1)~2 produces rapid conver-
gence.

»14. Illustrate the limitations of the differentiation property by ‘deducing’
from (8.24) that, if the differentiability or otherwise of the original func-
tion is ignored, then

l+1+1+ - =3
»15. As far as possible, determine by inspection the form of the functions
of which the following are the Fourier series,

(i) cos 6 + L cos30 + Fcos50 + ---;

(i) sin 6 + 5% sin 36 + yissin 50 + ---;

(iii) A [cos (”x 1 cos (2’”‘) + % cos (377)‘
3 w2 _l—) ) ° T) ]

{You may find it helpful to deduce from (8.23) that
So = Zm=0(2m + 1)72 = #%/8,

and other summation relationships derivable from this.]

8.6 Fourier transforms

So far we have considered physically periodic functions and functions
defined in a fixed finite interval, in so far as representing them as super-
positions of sinusoidal functions is concerned. For the reasons discussed
at the beginning of the chapter it is desirable to obtain such a representa-
tion even for functions defined over an infinite interval and with no
periodicity. The representation we will obtain in this case is called the
Fourier integral or transform of the particular function, and is obtained
formally by letting the interval T of the Fourier series become infinite.



206 Fourier methods

Before carrying out this procedure properly, we give a qualitative outline
of what is involved.

The frequencies present in a Fourier series are all those of the form
w = 2mn/T for all integral values of n. If T tends to infinity the ‘quantum’
of frequency 2n/T becomes vanishingly small and the spectrum of fre-
quencies allowed becomes a continuum. With this continuum of admitted
frequencies the Fourier sum goes over into an integral and the expansion
coefficients A4,, B, or C, become functions of the continuous variable w.
In previous parts of this chapter the symbol » has been used to indicate
the fixed quantity 2=/T, but in connection with Fourier transforms (FT)
it will be used as the continuous variable analogous to the integral variable
n of Fourier series. For passage from the series to the transform it will
be more convenient to use the exponential base set exp (i2mnt/T) for the
series, rather than the sine and cosine set.

Turning the above discussion into equations we expect that on letting
T — oo, expansion (8.8) will take on the general form

f@) = Klf g(w) exp (iwt) dw, (8.28)

and that (8.11 ¢) for the series coefficients C,, will become an equation
for g(w) of the form

gw) = Ksz f(t) exp (—iwt) dr. (8.29)

Here K, and K, are constants and their relative values are clearly
arbitrary as any increase in K; can always be compensated by a decrease
in K,. However since (8.29) can be substituted back into (8.28) and hence
f(t) obtained on both sides of an equation, the product K,K, is not
arbitrary.

Having sketched in outline the procedure to be followed in making
the transition to continuous frequencies and the Fourier integral, we
now carry it through in a quantitative way. We first note, for any function
f(t) given by a series, the trivial result that
T 27

> = F. (8.30)

fy= > F.= w27

n= -

For our particular case fig. 8.7 shows that > (2#/T)F, has a readily
interpretable meaning. Plotting F, as a function of n and w = 2#n/T
simultaneously, it is clear that (2#/T)F, is just the area of the nth rectangie
(—o0 < n < o) and that the sum approximates the area under the solid
curve. Expressed in terms of w it is ffm F(w) dw where now F is treated
as a function of w. This now is not merely an approximate relationship



8.6 Fourier transforms 207

UL P

R s

T T T T L T T
_ 27 27 47 w—
T T 7T
-1 0 1 2 n—»

Fig. 8.7 The relationship between the Fourier terms F, for a function of period T
and the Fourier integral fF(w) dw of the function. The solid line shows
F(w).

but is, as 7— co and consequently the widths of the rectangles tend to
zero, the mathematical definition of the integral. Recalling that in the
Fourier series F, = C, exp (i2#nt/T) = c(w) exp (iwt), we obtain from
(8.8) that

o}

T .
f@) = o j:w ¢(w) exp (iwt) dw,

whilst from (8.11 ¢) we get

T2
Sf(t)exp (—iwt) dt.

-T2

1
(w) = —

Finally writing Tc(w)/(27)!2 = g(w) and letting 7 — o0 we obtain the
two defining relationships for the Fourier transform

1 © .
@) = W j:w g(w) exp (iwt) dw (8.31)
and (w) = ! ) f(t) exp (—iwt) dt (8.32)
g(w) = (2‘")1/2 ‘/:m p w . .

Including the (27)~'2 in the definition of g(w), whose mathematical
existence as T — oo is here assumed without proof, amounts to choosing
the relative values of K, and K,. The actual choice made is aimed at mak-
ing (8.31) and (8.32) as symmetric as possible. The function g(w) is often
called the (amplitude) spectrum of f(¢). It is assumed of course that

[Z. 1f@)| dt exists.
To illustrate these definitions we consider the following simple example.
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Example 8.3. Find the Fourier transform of the exponential decay func-
tion f(t) = Ofort < O and f(¢) = exp(—At) fort = 0 (A > 0).
Using definition (8.32)

g(w) = n ‘1’2f® exp (—Ar) exp (—iwt?) dt

= 27 2 + iw)"?,

which is the required transform. [This may be verified by resubstitution
of the result into (8.31) to recover f(z), but evaluation of the integral
requires the use of complex variable contour integration (chapter 16).]

An important function which appears in many areas of physical science,
either precisely or as an approximation to a physical situation, is the
Gaussian or normal distribution. Its Fourier transform is of importance
both for itself and because, when interpreted statistically, it readily illus-
trates a form of ‘Uncertainty Principle’, independent of the introduction
of quantum mechanics.

We take the Gaussian distribution in the normalized form

f@) = l cxp( t2 ), —0 <t <, (8.33)

1
@m)'2 + 242
which, interpreted as a distribution, has zero mean and a root-mean-
square deviation At = 7. To find its Fourier transform or spectrum we
evaluate

]

2(w) = Q2nr)~? f exp (—123/27%) exp (—iwt) dt

-

© 1
= (2#1)_1f exp{— 2—; [t2 + 27%wt
- T

+ (TPiw)? — (-rziw)z]} ds,

where the quantity —(7%iw)?/272 has been both added and subtracted
in the exponent in order to allow the factors involving the variable of
integration ¢ to be expressed as a complete square. On bringing the last
[t-independent] factor outside the integral sign, the expression can be
written as

g(w) =

exp(—rw?2) 1 (® (1 + ir%w)?
P (217)1/21_[ exp B ]dt.

-

The last factor is in fact the normalization integral for the Gaussian
distribution (8.33) and equals unity, although to show this strictly, needs
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results from complex variable theory (chapter 16). That it is equal to
unity can be made plausible by a change of variable to s = ¢t + iT?w
and assuming the imaginary parts introduced into the integration path
and limits (where the integrand goes rapidly to zero anyway) make no
difference.

We are thus left with the result that

glw) = %{5 exp (— ’22“’2), (8.34)

which is another Gaussian distribution with zero mean and an R.M.S.
deviation Aw = 1/7. The R.M.S. deviation in ¢t was 7, and so it is seen
that the deviations or ‘spreads’ in ¢t and w are inversely related by

Aw-At =1, (8.35)

independent of the value of 7. In the physical terms of time and frequency,
the narrower an electrical impulse (say) is in time the greater the spread
of frequency components it must contain. Similar physical statements
are valid for other pairs of Fourier related variables, such as spatial posi-
tion and wave number. In an obvious notation Ak-Ax = 1.

Uncertainty relationships, as usually expressed in quantum mechanics,
can be related to the above if the de Broglie and Einstein relationships
for momentum p and energy E are introduced,

p=*tk and E = fhw.

Here # is Planck’s constant divided by 27. In quantum mechanics ()
is a wave function and the distribution of the wave intensity in time is
given by |f]? (also a Gaussian). Similarly the intensity distribution in
frequency is given by |g|2 These two distributions have R.M.S. devia-
tions of 7/4/2 and 1/(1/27), giving together with the above relations

AE-At =44 and Ap-Ax = }h.

The factors of 4 which appear are specific to the Gaussian form, but any
distribution f(¢) produces for the product Aw-At a quantity M in which
A is strictly positive [in fact the Gaussian value of } is the minimum pos-
sible].

Our second example, the diffraction grating is taken from optics and
illustrates a spatial Fourier transform. The pattern of transmitted light
produced by a partially opaque (or phase changing) object upon which a
coherent beam of radiation falls, is called its diffraction pattern, and in
particular, when the cross-section of the object is small compared with the
distance at which the light is observed the pattern is known as the Fraun-
hofer diffraction pattern. The essential quantity is the dependence of the
light amplitude (and hence intensity) on the angle the viewing direction



210 Fourier methods

makes with the incident beam. As will be seen, this is entirely determined
by the amplitude and phase of the light at the object, the intensity in a
particular direction being determined by the Fourier component of this
spatial distribution corresponding to a particular wave number directly
related to that direction.

Kk’

WL

-

Fig. 8.8 Diffraction grating of width 2Y with light of wave length 2x/k being dif-
fracted through an angle 6.

We consider a simple one-dimensional screen of width 2Y on which
light of wave number k& (=2n/}) is incident normally (see fig. 8.8), and
suppose at the position (0, y) the amplitude of transmitted light is /()
per unit length in the y-direction [ f(y) may be complex]. Both the screen
and beam are assumed infinite in the z-direction.

At a position ' = (x’, y’) with x’ > 0 the total light amplitude will
be the superposition of all the (Huygen) wavelets originating from the
various parts of the screen. For large #/, these can be treated as plane
waves to givet

Y f(y)exp [iK-(r' — yj)] dy (8.36)

Ar) = -
-y ll" - .VJ'

where j is the unit vector in the y-direction. The factor exp [ik’-(r' — yj)]
represents the phase change undergone by the light in travelling from the
point yj on the screen to the point r’, and the denominator represents the
reduction in amplitude with distance. [Recall that the system is infinite

t This is the approach first used by Fresnel. For simplicity we have omitted
from the integral a multiplicative inclination factor which depends on
angle 8, and decreases as 8 increases.
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in the z-direction and so the ‘spreading’ is effectively in two dimensions
only.]

If the medium is the same on both sides of the screen k' = (k cos 8,
ksin 8, 0), and if ¥’ > Y, expression (8.36) can be approximated by

exp (ik’

AF) = ) f " f(y) exp (—ik sin 8 ) dy. (8.37)

r
We have used that f(y) = 0 for |p] > Y, to extend the integral to infinite
limits. The intensity in direction 8 is then given by

27 .
16) = |4]° = = | f(ksin )] (8.38)

The function f(w) is an alternative notation for g(w), as defined by (8.32).

The amplitude in a direction @ is thus directly proportional to the Four-
ier component of the light amplitude distribution at the screen corres-
ponding to wave number k sin 8. This result is general and does not depend
upon any periodicity in the screen, but if the screen transmits light in
such a way that the amplitude is periodic in y, further, more specific,
results can be obtained.

)

A

| —
—4a —2a 0 2a

Y —

Fig. 8.9 The amplitude of light transmitted through a uniformly illuminated dif-
fraction grating consisting of alternate transparent and opaque strips,
all of width a.

As a particular case consider a grating consisting of 4N equal strips
of width a (in the y-direction), alternately opaque and transparent. Then,
if the grating is uniformly illuminated

fO)=Awhen(2n + Da<y<(@2n+2a —-N<n<N,
= 0 otherwise,

as is illustrated in fig. 8.9. Writing & sin = u, we require to evaluate

Fw = @n2 [ syenp (<im) dy

—@m Y j 2(y — 2ar) exp (—iny) dy,

r=-N
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where g(u) = A for a < u < 2a and g(u) = 0 elsewhere. Now in the
integral for the rth term replace y — 2ar by u to give

. N-1 2a
f) = Qm)~12 z exp (—i2ar;z)f A exp (—ipu) du
T=-N a
. i N
»16. = @m) 12 exp (—ipaf2) 150N
p cos (ap/2)
Hence,
A 2 12 N 2
1(6) = |A]* sin? 2apN) with u=ksinf = =T sin 0.
r'? p?cos? (au/2) A

This distribution has maxima and minima at those values of p which
make 2apN an odd or even multiple of =/2. For large N these are very
closely spaced and effectively give a low intensity background. More
pronounced maxima of intensity occur where 8 is such that the denomi-
nator vanishes, namely 3ap = 32m + D=, ie. asin = 3(2m + 1)A with
m integral. The value of | f(i)| under these conditions is

A sin(2apN)
(2m"2 cos (au/2)

lim
u=(2m+ Lynfa

5 2aN A cos (2auN)

= m -

u~@m+vuja| (2m)12 cos (apf2) — 4au sin (ap/2)
4aNA

T 2 2m + )m 8:39)

and as expected I(8) is proportional to N2, i.e. for these values of ¢ the
light from the 2N transparent slits interferes constructively.

The principal maximum occurs at u = 0, with (using the procedure of
(8.39)) the value |f(0)| given by 2aNA/(27)*'%. Hence the distribution has
a central maximum (6 = 0) with subsidiary maxima at angles arcsin
[(2m + 1)A/2a], with intensities reduced by factors of 2m + 1)272/4 relative
to the central one. This is illustrated schematically in fig. 8.10 for a
moderate value of N. Naturally, for a diffracted spectrum to be ob-
servable the corresponding value of |8] must be </2.

8.7 Properties of Fourier transforms

As would be expected, Fourier transforms have many properties analogous
to those of Fourier series (section 8.5) with regard to the connection be-
tween transforms of related functions. Here they will only be listed, but
the reader should verify them directly by working from the definition of
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I(6)

N k,. N
' 3

2a

“£sin § ——

Fig. 8.10 Diffraction pattern from the grating discussed in the text.

the transform. As previously we denote FT{f(¢)} by g(w). The unfamiliar
last term in (8.41) is discussed below.

»17. Differentiation FT{f ()} = iwg(w). (8.40)
»18. Integration FT{ftf(s)ds} = —iw g(w) + 27CH(w).

(8.41)
»19. Translation FT{f(t + a)} = exp (law)g(w). (8.42)

»20. Exponential multiplication FT{exp («t)f(¢)} = g{w + iz). (8.43)

In (8.43) « may be real, imaginary or complex. The last term 27C8(w)
in (8.41) represents the FT of the constant of integration associated with
the definition of the indefinite integral. The function involved, 8(w), is
fully discussed in the next section.

To illustrate both a use, and the proof, of one of the above relations,
we may consider (8.43) in connection with an amplitude-modulated radio
wave. Suppose a message to be broadcast is represented by f(¢). The
message can be added electronically to a constant signal a of such a
magnitude that a + f(¢) is never negative, and the sum then used to
modulate the amplitude of a carrier signal of frequency w,. Using a com-
plex exponential notation, the transmitted amplitude is now

F(t) = A(a + f(¢)) exp (iwct). (8.44)

Ignoring in the present context the effect of the term Aaexp (iw.?)
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which gives a contribution to the transmitted spectrum only at w = «,,
we obtain for the new spectrum

6w) = @224 [ 70) exp ) exp (~iar) a

= (2m)"12 4 f i f@) exp[—i(w — w)t]dt
= Ag(o — ), (8.45)

which is simply a shift of the whole spectrum by the carrier frequency.
The use of different carrier frequencies enables signals to be separated.

8.8 The S-function

In the previous section the 8-function was referred to without having been
either introduced or defined; this was done so that related properties of
the FT could be presented together. In this section we remedy this omis-
sion.

Referring back to the defining equations (8.31) and (8.32) and substi-
tuting from one into the other we obtain the equation

f@®) = Q2m)~12 Jl dow exp (iwt)

x (2m)" mj dt’ exp (—iwt’)f(t")

—@®

@®

=J‘ dr’ f(t’) x 2m)~! j dw exp [iw(t — t7)]. (8.46)
Here we have written the differentials immediately following the integral
signs to which they refer and in obtaining the second line from the first
we have assumed that the order of the integrations can be reversed.

Now, if it is recalled that f(¢) is an arbitrary [but sufficiently well-
behaved] function, and also noted that in (8.46) the left-hand side refers
to a value of fat a particular value of t, whilst the right-hand side contains
an integral over all values of the argument of f, then it is clear that the
expression

(217)‘1J dw exp [iw(t — t1)], 8.47)

considered as a function of t’, has some remarkable properties. The

expression is known as the Dirac d-function and is denoted by 8(z — ¢').
Qualitatively speaking, since the left-hand side of (8.46) is independent
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of the value of f(¢’) for all ¢* # ¢ and fitself is an arbitrary function, the
d-function must have the effect of making the integral over ¢’ receive
zero contribution from all ¢” except in the immediate neighbourhood of
t’ = t, where the contribution is so large that a finite value for the integral
results. We are thus able to rewrite (8.46) in the following (somewhat
unrigorous) form

=" arswyse -
© t+e
=f(t)f 8t — t)dr =f(t)j 8t — t)de,
—© t—¢
where ¢ is any quantity >0. Expressed in another way,

j&(t—t’)dt’=l

if the range of integration includes ¢ = 1.

The é-function is a less obviously valid mathematical function than
most which are encountered in physical science, but its admissibility has
by now been well justified by pure mathematical methods and its utility
demonstrated in many applications, both idealized and practical. Its for-
mal properties may be summarized as,

@ 8x)=0 for x %0, A

(ii) jb dx)dx =1, allg,b>0,
(iti) J. f(») 8x — y)dy = f(x)  if the range of P (8.48)

integration includes
the point y = x,

. 8(x — x))
i) 3h(x)) = 2, ——-
Z ,h (xi)l /
The last of these in which the x; are those values of x for which A(x) = 0

and A'(x) stands for dh/dx, may be verified by considering an integral of
the form f J(x) 8(h(x)) dx and making a change of variable to z = A(x).

The 8-function can be visualized as a very sharp narrow pulse (in space,
time, density, etc.) producing an integrated effect of definite magnitude.
For many practical purposes, effects which are not strict 8-functions may
be analysed as such, if they take place in an interval which is much shorter
than the response interval of the system on which they act. The idealized
notions of an impulse at time £, j(t) = J 8(t — 1), or of a point charge
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g at position 1o, p(r) =g d(r — 1)) = q(x — xo) 8(y — yo) 8z — 2o),
are examples of cases in which the é-function can also be employed, to
present a discrete quantum as if it were a continuum distribution.

Mention was made in the discussion of chapter 7 of the use of 8-func-
tions in enabling the general solution of linear differential equations with
arbitrary driving terms, to be built up in terms of Green’s functions. As
has been indicated, chapter 7 should be restudied after the methods of
this and the next two chapters have been assimilated.

We have already obtained one representation of the é-function, as an
integral

(1) = (2m)? r exp (iwt) do. (8.49)

Considered as a Fourier transform it shows that a very narrow time peak
at the origin results from the superposition of a complete spectrum of
harmonic waves, all frequencies having the same amplitude, and all
waves being in phase at 1 = 0. This suggests that the 8-function may also
be represented as the limit of the transform of a uniform distribution of
unit height as the width of the distribution becomes infinite.

Sa(®)
b galw) 2Q ____
(2m)112 /
1
PN LN\
=< Q P A\ N4 t
e
w/Q
(a) (b)

Fig. 8.11 (a) A Fourier transform showing a rectangular distribution of frequencies
between +(; (b) the function of which it is the transform is proportional
to ¢t ~1sin Qr.

Consider the distribution shown in fig. 8.11 (a). From (8.31)

falt) = @m)-12 f 1 x exp (iwf) dew (8.50)
-a
2Q sin (Q1)

»21. =
Q@m0
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This function is illustrated in fig. 8.11 () and it is apparent that, for
large €, it both gets very large at ¢+ = 0 and also becomes very narrow
about ¢ = 0, as we qualitatively expect and require. We also note that
in the limit Q — oo, f(¢), as defined in (8.50), tends to (27)/% §(¢) by vir-
tue of (8.49). Hence we may conclude that the 8-function can also be
represented by

51y = lim S0

Q- Tt

(8.51)

Several other limit function representations are equally valid, e.g. the
limiting cases of rectangular or triangular distributions; the only essential
requirements are a knowledge of the area under such a curve and that
undefined operations such as differentiation are not inadvertently carried
out on the 8-function whilst somé non-explicit representation is being
employed.

8.9 Parseval’s theorem

Using the result of the previous section we can now prove Parseval’s
theorem,} which relates the integral of | f(¢)|? over all ¢ to the integral of
|g(w)|? over all w. When f and g are physical amplitudes these integrals
relate to the total intensity involved in some physical process.

From the complex conjugate of the definition of the inverse FT

w

F(1) = @m)-2 f g*(w) exp (—iwr) do.

-0

Substituting this and the definition into
1= [ rord=[" soroa

we obtain (all integrals are from —oo to +o0)

I= f dt x (2m)~12 f dw g(w) exp (iwt)
x (2m)-2 f du'g*(w) exp (—iwt)
- f do 2(w) [ daig*@) x @) [ drewp fiw = W)
- [ do g [ dwgrw) s = w0, using (8.47),

t This is a particular case of the more general Parseval’s theorem, which,
for two functions f1(¢) and fx(¢), relates [ f1 fz dt to [ g¥ g; dw.
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= f do g(w)g*(w), using (8.48 iii),

= f | g(w)|? dew.
Hence we have Parseval’s theorem, that

f If))2de = f lg(w)|? dw. (8.52)
»22. Prove the corresponding result for Fourier series
f |f(6)]2d8 = 27 > |C,J2. (8.53)

It should be noted that the constants which appear in these relationships
depend upon the normalizations assumed in the definitions of the series
and transforms.

As an example of Parseval’s theorem applied to series we may take our
previous example of a plucked string. Here f(x) is the displacement of
the string at position x, and |f(x)|2 is proportional to the stored energy
per unit length. On the other hand |C,|? is proportional to the stored
energy in the nth mode. It is apparent that both f :, [f(x)|2dx and 3, |C,|?

represent (to within a constant) the total work done in producing the
given configuration.

For an example from Fourier transforms, we may consider a damped
oscillatory function

f@)=0, t<0,
= exp (—1¢/7) sin (wet), = 0.

This could represent the displacement of a damped harmonic oscillator,
the current in an antenna, or the electric field of a radiated wave. The
transform is easily obtained

gw) = f " f0) exp (—iwt) dt

»23. = ;[w " wol_ (/) - wol_ (i/f)]

The physical interpretation of |g(w)|? as the energy radiated or dissipated
per unit frequency interval is immediate, as is the identification of Par-
seval’s theorem as a statement about the total energy involved.

As a by-product it may also be noted that, if 7w, > 1, then for w = w,,
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1
(@ — wo)® + (™)

|g(@)|?

which is the familiar form of the response of a damped oscillator to driv-
ing frequencies near to its resonant frequency. This indicates that the
radiated intensity spectrum from such a system is very similar to its
‘response spectrum’.

8.10 Convolution and deconvolution

1t is apparent that an attempt to measure the value of any physical quan-
tity as a function of some independent variable is, to some extent, rendered
less precise than is intrinsically possible by the finite resolution of the
measuring apparatus employed. In this section we will show how one of
the properties of Fourier transforms can be used to make allowance for
the resolution of the apparatus.

g(»)

y—

Fig. 8.12 Resolution functions: (a) ideal 3-function; (b) typical unbiased resolu-
tion; (¢) and (d) show biases tending to shift observations to higher values
than the true one.

Let g(») be the resolution function of the apparatus. By this we mean
that the probability that a reading which should have been at y = 0 but
is recorded instead as having been between y and y + dy, is given by
g(») dy. Figure 8.12 shows qualitatively some possible functions of this
sort. It is obvious that a resolution such as (@), as much like a §-function
as possible, is desirable. Curve (b) is typical of the effective resolution of
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many measuring systems, having a finite spread but no significant bias.
The other two curves (c) and (d) show bias to various degrees.

Suppose that a physical quantity has a true distribution f(x) as a func-
tion of an independent variable x, but is measured by an instrument with
resolution function g(y); then we wish to calculate what the observed
distribution A(z) will be. The symbols x, y and z all refer to the same phys-
ical variable (e.g. length or angle), but are denoted differently because the
variable appears in the analysis in three different roles.

We first require the probability that a true reading lying between x
and x + dx (which has a probability f(x) dx of being selected) is moved
by the instrumental resolution through an interval z — x into an interval
dz wide; this is g(z — x) dz. Hence the combined probability that the
interval dx will give rise to an observation appearing in the interval dz
18 f(x)dx g(z — x)dz, and combining together all values of x which
can lead to an observation in the range z to z + dz, we obtain

h(z)dz = dz fw dx f(x)g(z — x). (8.54)

The integral on the right-hand side is called the convolution of the
functions f and g and is often written f* g [not to be confused with
multiplication as denoted in some computer programming languages].
In words, our result is that the observed distribution is the convolution
of the true distribution and the experimental resolution function. This
can only result in the observed distribution being broader and smoother
than the true one and, if g(y) has a bias, in maxima normally being dis-
placed from their true positions.

It is obvious from (8.54) that if the resolution function can be repre-
sented by a 3-function, g(y) = 8(y), then A(z) = f(z) and the observed
distribution is the true one.

»24. Show that convolution is commutative, i.e. f*x g = g * f. (8.55)
The next step is to obtain a result from Fourier transform theory which
also involves convolution. To do this we consider the FT of a function

f(¢) which can be written as a product f(¢) = f1(t)f2(¢). For such a func-
tion its FT is given by (all integrals are from —oo to o)

g(w) = (2m)- 12 f FUOfalt) exp(—iwr) df

= (2m)- 12 f dt fi(t) exp (—iwt)

X (2m)~ 12 fdw'gl(w') exp (iw't)
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G [ 4t r@y e =ito - w11
= @n 2 [ do'gielesto - )

= (2m)~12%g, * g,. (8.56)

Hence the FT of a product is equal to the convolution of the separate
Fourier transforms multiplied by (27)~ /2 (the Convolution theorem).

The similarity between (8.54) and (8.56) enables us to find a solution
to the following problem.

Example 8.4. An experimental quantity f(x) is measured by an instru-

ment with known resolution function g(y) to give an observed distribu-

tion h(z). How may f(x) be extracted from the measured distribution?
To save lengthy explicit formulae, we will use a symbolic notation. As

on a previous occasion denote the FT of a function k() [in our problem
t could be x, y or z] by k, a function of w, and the inverse FT (equation

(8.31) of j(w) by j = j(1).
Consider now, for the function k(z),

k= @m-n f dw exp (iwt) x (2m)~12 f de'k(t’) exp (—iwt’)
= Qm)! f dr'k(t’) f dw exp [iw(t — 1]

= fdt’k(t’) 8t —1)
= k(1),

ie. F = k.

»25. Prove j?= J.

For the problem we have from (8.54) that

h=fxg.
Let us define F, G, H, all functions of », such that
f=F, §=G, h=H, (8.57 a)

and consequently that

F=Ff=F et (8.57 b)
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Then, comparing the above with (8.56) (with the roles of ¢ and « inter-
changed, i.e. in the form ‘that if g(w)= gi(w)gs(w), then f(¢) =
(2m) ~ V3£, (¢)+f,(2)’) we see that

(2m)"?H(w) = F(@)G(w)
H(w) _ Q)12 "?T
G(w) g

Finally we obtain an expression for the required fin terms of the meas-
ured 4 and the known g as

or Flw) = @m~'*

N\

f=F=(Qm" (g) (8.58)

In words, ‘to extract the true distribution, divide the FT of the observed
distribution by that of the resolution function for each value of w, and
then take the inverse FT of the function so generated’.

This explicit method of extracting true distributions is straightforward
for exact functions, but in practice, because of experimental and statis-
tical uncertainties in experimental data or because data over only a limited
range is available, it is often not very precise, involving as it does three
(numerical) transforms each requiring (in principle) an integral over an
infinite range.

»26. Treating the modulated signal of (8.44) as a product, use the Con-
volution theorem to obtain result (8.45).

8.11 Examples for solution

1. Represent a periodic rectangular voltage of magnitude V, period
T, and mark-space ratio 1/3, by a Fourier series. (The length of the
pulse is 7/3 and assume it occurs symmetrically about ¢ = 0.)
Show that every third harmonic is absent.

2. A given function f(¢) is periodic in ¢ with period 27/w. It is re-
quired to approximate f(¢) by a sine and cosine series fy(f) with a
finite number of terms N, each of frequency w or one of its harmonics.
Show that for any N the mean square error is least when the coeffi-
cients of the finite series are equal to the corresponding Fourier
coefficients.

3. A function f(x) = exp (—x?) in 0 < x < 1. Show how it should
be continued to give as its Fourier series, a series (the actual form is
not wanted) (i) with only cosine terms, (ii) with only sine terms,
(iii) with period 1, (iv) with period 2. Would there be any difference
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between the values of the series in (iii) and (iv), (a) at x = 0, (b) at
x =17

4. Electricity from the mains is supplied to a rectifying device in
order to produce a d.c. supply. The output voltage of the rectifier
is f(¢) = cos wr if cos wt > 0, and f(¢t) = 0 otherwise. This voltage
is fed into a linear smoothing device which reduces any sinusoidal
wave of frequency nw by a factor 1/10n% (n # 0). What will be the
approximate amplitude of the voltage fluctuations in the final out-
put?

5. Laplace’s equation V2y = 0 is to be solved in two-dimensional
polar coordinates (r, §) for the interior of the unit circle, with the
boundary conditions

ur=1,60 =sinf, 0<8<m,
=0, 7<80<2m.

The method of separation of variables (chapter 10) leads to a solu-
tion of the form

u(r, ) = > r*[An cos (nf) + B, sin (n)].
n=0
Find the actual solution and compare it with that found in example
4 above. In both cases, by sketching the function to be represented
by the sum of harmonics of the basic frequency, verify that the series
found has the correct symmetry properties.

6. Demonstrate explicitly for the function defined in (8.12) that
Parseval’s theorem is valid, namely

Ti2 ES

f IfOPPde=T 3 |Cif?.
-T2 n= -~ o

[Use the result (8.14) and the one quoted in »15.] Show that a

filter which will pass frequencies only up to 8=/T will still transmit

more than 90 per cent of the power in such a square-wave voltage
signal.

7. [To be treated by the reader without familiarity with quantum
mechanics as an exercise in Fourier transforms.}

In quantum mechanics two equal mass particles of momenta and
energies (p;, E;,j = 1, 2) and represented by plane wave functionst
¢é; = exp [i(p;-r; — E;t)] interact through a potential V =
V(|r; — rg]). The probability of scattering to a state with momenta
and energies (p;, E;) is determined by the modulus squared of the

+ Planck’s constant # has been set equal to 27.



224

Fourier methods

quantity M = [*_{* [* ¥V dr,dr,dr. The initial state
Yy = ¢1¢, and the final state ; = $is.

(i) By writingr; + ro = 2R andr; — r; = r and assuming dr; dr; =
constant x (dR dr), show that M can be written as the product of
three 1-variable integrals.

(ii) From two of the integrals deduce energy and momentum con-
servation in the form of é-functions.

(iii) Show that M is proportional to the Fourier transform of V,
i.e. V(k) where 2k = (pz — p1) — (p2 — P1).

8. In the previous example, for some ion-atom scattering, V may
be approximated by ¥ = |r; — ra| texp (—p|r; — ro|). Show
that the probability of scattering is proportional to (u2 + k?)~2
where k = |k|. [Use the direction of k as the polar axis for the r-
integration.]

9. [For those who have access to a computer.] Evaluate the series
of (8.24) for a number of values of x (say 20 valuesin 0 < x < m)
and for an increasing number of terms, so as to demonstrate the
Gibbs phenomenon discussed in section 8.2.
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Partial differential equations

In this and the following chapter the solution of differential equations of
the types typically encountered in physical science and engineering is
extended to situations involving more than one independent variable.
Only linear equations will be considered.

The most commonly occurring independent variables are those des-
cribing position and time, and we will couch our discussion and examples
in notations which suggest these variables; of course the methods are not
restricted to such cases. To this end we will, in discussing partial differen-
tial equations (p.d.e.), use the symbols u, v, w, for the dependent variables
and reserve x, y, z, t for independent ones. For reasons explained in the
preface, the partial equations will be written out in full rather than employ
a suffix notation, but unless they have a particular significance at any
point in the development, the arguments of the dependent variables, once
established, will be generally omitted.

As in other chapters we will concentrate most of our attention on
second-order equations since these are the ones which arise most often
in physical situations. The solution of first-order p.d.e. will necessarily
be involved in treating these, and some of the methods discussed can be
extended without difficulty to third- and higher-order equations.

The method of ‘separation of variables’ has been placed in a separate
chapter, but the division is rather arbitrary and has really only been made
because of the general usefulness of that method. It will be readily ap-
parent that some of the results of the present chapter are in fact solutions
in the form of separated variables, but arrived at by a different approach.

9.1 Arbitrary functions

As with ordinary differential equations (chapter 5), it is instructive to
study how p.d.e. may be formed from a potential set of solutions. Such
study can provide an indication of how equations obtained, not from
potential solutions but from physical arguments, might be solved.

For definiteness let us suppose we have a group of functions {u(x, y)}
involving two independent variables x and y. Without further specifica-
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tion this is of course a very wide set of functions and we could not expect
to obtain a useful equation which they all satisfy. However among these
functions are those in which x and y appear in a particular way; either
the function is a simple one, or it can be written as a function [however
complicated] of a single variable p which is itself a simple function of
x and y.

Let us illustrate this latter case by considering the three functions of
x and y

(@) wlx, y) = x* + 4x% + y* + 1),
(ii) uy(x, y) = sin x? cos 2y + cos x2sin 2y,

x2+2y+2.

i) ugr,y) = 22
W) ) = S e+ s

.1
All are fairly complicated functions of x and y and a single differential
equation of which each one is a solution is not obvious. However, if we
observe that in fact each is a function of a variable p given by p = x2 + 2y,
then a great simplification takes place. [It is not suggested that the exis-
tence and form of p are apparent from the equations — the examples are
only given in order that possible methods of solving future given p.d.e.
can be indicated.]
Written in terms of p the equations become,

@) wi(x, ) = (x* + 2y + 4 = p*> + 4 = fi(p),
(ii) uy(x, y) = sin (x* + 2y) = sinp = fo(p),

x*+2)+2 p+2
3(x2+2)+5 3p+5

(iii) us(x,y) = = fa(p). (9.2

Now let us form, for each u;, the partial differentials ow;/éx and du;/0y.
In each case these are (writing both the form for general p and the one
appropriate to our particular value of p = x2 + 2y)

G YR P s =12 003
= 0 — = i = ky £y s

ox dp ox

ou d 7

—‘=M£=2f{, i=1,2 0r3. 9.3)
dy dp oy

From these all reference to the form of the f; can be eliminated thus,

— -2, 94
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or, for the specific form of p,
3u‘ Bui 9 5)
—_— X — A
ox ay (

It is thus apparent that not only the three functions wu;, us, ug of (9.1)
are solutions of p.d.e. (9.5), but so also is any arbitrary function f(p) in

which its argument p is given the value x2 + 2y.

»1. Verify by direct differentiation with respect to x and y that u,, u,, 4
are solutions of (9.5).

»2. For the following functions,
() x*(x* — 4) + 4(x* — 2) + 40° - D),
(1) x* + 2x3%y + )2,

xt 4+ 4x%y + 4% + 4 ,

+ x28y + 1) + 8% + 2y

(i) 5

(a) determine whether they can be written as functions of p = x2 + 2y
only,
(b) determine whether they satisfy p.d.e. (9.5) by direct substitution.

In summary, the first order p.d.e. (9.5) has as a solution agny function
of the variable x2 + 2y; this points the way for the solution of p.d.e. of
other orders as follows. It is not generally true that an nth order p.d.e.
can always be considered as resulting from the elimination of » arbitrary
Junctions from its solution. However, given specific equations, we may
try to solve them by seeking combinations of variables in terms of which
the solutions may be expressed as arbitrary functions. Where this is
possible we may expect #n combinations to be involved in the solution.

Now let us start afresh and suppose we are presented with a first-order
p.d.e. as in (9.5), namely

L (9.6)
ox oy

As a possible solution try a form u(x, y) = f(p) where p is some, at
present unknown, combination of x and y. Then, just as in (9.3), ou/éx =
f'(p)(©p/éx) and éu/dy = f'(p) (6p/éy), or, on substitution into (9.6),

0 0
P _xZ _o. 9.7)
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But now consider also the necessary condition for f(p) to remain con-
stant as x and y vary; this is that p remains constant. In mathematical
form therefore, f = constant implies that x and y vary in such a way
that

=Lax+Pay-0 9.8
p—a—xx+3yy—- (5.8

Now the forms of (9.7) and (9.8) are very alike, and become the same if
we require that

dx dy

—_— e ey

1 —-X
or, on integration, that
-2 =y +c. 9.9

Identifying the constant of integration ¢ with the constant —4p, we con-
clude in a deductive way that if x and y satisfy

p=x+2 (9.10)

(but are otherwise arbitrary), then u(x, y) = f(p) is a constant.

Since (9.7) was obtained directly from (9.6), and condition (9.10) makes
(9.7) and (9.8) identical, we conclude that any u(x, y) which can be ex-
pressed in this way, as f(p) with p given by (9.10), must also be a solution
of (9.6).

Naturally, the exact functional form of f for any particular situation
must be determined by some set of boundary conditions. For complete
determination the conditions will have to take a form equivalent to speci-
fying u(x, y) along a suitable continuum of points in the xy-plane [usually
along a line].

Finally, to go round the cycle once more, we can confirm this form of
solution by changing to a new variable

E=x2+2 9.11)
when (9.6) becomes
»3 X a_u — 2x ?-li =0,
ot 0t

i.e. an identity — again showing that u is an arbitrary function of £.

9.2 General solutions and boundary conditions

Although most of the p.d.e. we will wish to consider in a physical context
will be of second order (i.e. containing 0%u/0x? or 0%u/ox oy, etc.), we will
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use first-order equations to illustrate the general considerations involved
in the form of solution and in the matching of given boundary conditions.
The algebra can then be kept very elementary without losing any of the
essential features. A simple example will first be worked in order to give
a concrete illustration for the subsequent discussion.

Example 9.1. Find a solution of

x—=—2p—=0, (9.12)

(a) which takes the value 2y + 1 on the line x = 1, and (b) which has
value 4 at the point (1, 1) [separately].

Comparing the given equation with that of (9.6) and following the
same arguments as in (9.7)-(9.9), we see that u(x, y) will be constant along
lines of x, y which satisfy

dx dy
x —-2y’
ie. c=x%.

Thus the general solution of the given equation is an arbitrary function
of x2y and the boundary value condition (a) shows that the particular
function required is

u(x,y) = 2x%y) + 1 = 2x% + 1. (9.13)
For boundary condition (b) some obvious acceptable solutions are
u(x,y) = x*y + 3, 9.14 a)
u(x, y) = 4x%, (9.14 b)
u(x,y) = 4. (9.14¢)

Each is a valid solution [the freedom of choice of form arising from the
fact that u is specified only at one point (1, 1), and not (say) along a con-
tinuum as in boundary condition (a)] and all three are particular examples
of the general solution which may be written, for example,

u(x, y) = x%y + 3 + g(x%), (9.15)

where g = g(p) is an arbitrary function subject only to g(1) = 0. For
example, the forms of g corresponding to the particular solutions (9.14 a—)

areg(p) = 0,g(p) =3p — 3, 8(p=1-p.

»4. Find the forms of g corresponding to the three solutions of (9.14),
if the general form is written as

(i) 4 + gx%), (i) x** + g(x*).
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Let us now discuss these particular results in a more general form. It
is clear that so far as the equation is concerned, if u(x, y) is a solution
then so is any multiple of u(x, y) or any linear sum of separate solutions
u(x, y) + uy(x, y). However, when it comes to fitting the boundary condi-
tions this is not so - for example, although u(x, y) of (9.13) satisfies (9.12)
and takes the value 2y + 1 on the line x = 1, u(x, y) = 4u(x,y) =
8x%y + 4, whilst satisfying the p.d.e., has the value 8y + 4 on x = 1.
Likewise uy(x, y) = u(x, y) + f1(x2%y), for arbitrary f;, satisfies (9.12) but
takes the value 2y + 1 + fi(y) on the line x = 1 and this is not the re-
quired form unless f; is identically zero.

Thus we see that when treating the superposition of solutions of p.d.e.,
two considerations arise, one concerning the equation itself, the other
connected with the boundary conditions. The equation is said to be
homogeneous if ‘u(x, y) is a solution implies that Au(x, y), for any con-
stant A, is also a solution’. The problem is said to be homogeneous if,
in addition, the boundary conditions are such that if they are satisfied
by u(x, ) then they are also satisfied by Au(x, y). This last requirement by
itself is referred to as homogeneous boundary conditions.

As examples, (9.6) is homogeneous, but

ou ou
— —x — 4+ au = g(x, y) (9.16)
ox oy
would not be unless g(x, y) were zero. Boundary condition (@) of example
9.1 is not homogeneous, but a boundary condition

u(x, y) = 0 on the line y = 4x~2 9.17)
would be, since
u(x,y) = Ax%y — 4) (9.18)

satisfies (9.17) for any A [and being a function of x2y satisfies (9.12)].

The reason for discussing the homogeneity of the equation and its
boundary conditions is that there is a close parallel in linear p.d.e. of
the complementary function and the particular integral property of
ordinary differential equations. This is that the general solution of the
inhomogeneous problem can be written as the sum of any particular solu-
tion of the problem and the general solution of the corresponding homo-
geneous problem. Thus, for example, the general solution of (9.16)
subject to, say, the boundary condition u(x, y) = h(y) on the line x = 0,
is given by

u(x, y) = v(x, y) + w(x, y), 9.19)
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where v(x, y) is any solution (however simple) satisfying (9.16) and such
that ©(0, y) = h(y), and w(x, y) is the general solution of

——xa—-+aw= , (9.20)

with w(0, y) = 0. If the boundary conditions are sufficiently completely
specified then the only possible solution of (9.20) will be w(x,y) = 0
and o(x, y) will be the complete solution by itself as in part (a) of the
example already worked.

»5. Find (the most general) solutions u(x, y) of the following equations
consistent with the boundary values given.

. du ou .

() y— —x— =0:ux,0) =1 + sin x.
Ox oy
ou u . )

(i) i — =3 —:u=(4 + 3i)x? on the line x = y.
ox oy

sy s . ou ou
(iii) sin xsiny — 4+ cosxcosy — = 0:
ox oy
u=cos2yonx+y=4nr.

. ou ou
(iv) — + 2x — = 0:u = 2 on parabola y = x2.
ox oy

ou
(v)ya_ — x— = 3x:(a) u=x*on theline y = 0,
X

o (b) u = 2 at the point (1, 0).

(vi) 2?_’{_4_ 22’1= 232(x® + y°):
G xay x%2 (e + y%):

9.3 Second-order equations

The class of differential equations to be considered next, that of second-
order linear p.d.e., contains most of the important partial equations of
physics. Just to gain familiarity with their general form, some of the more
important ones will now be briefly discussed.

As indicated at the beginning of the chapter, commonly occurring
independent variables are those of position and time, and equations govern-
ing oscillations and waves are ready examples of the type to be considered.

The transverse vibrations of a uniform string held under a uniform
tension 7 satisfy the equation

u P 2%u f (xa t )

, (9.21 a)
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where p is the mass per unit length of the string and f(x, ¢t) is the external
transverse force per unit length acting on the string at time ¢. This equa-
tion is second-order (since the highest derivative present is the second),
but unless f(x, t) is zero, it is not homogeneous. As is probably familiar
to the student, the quantity 7/p gives the square of the velocity of propa-
gation ¢ of a transverse disturbance on a string when no external force
acts. In this circumstance the vibrations satisfy
%u %u 1 2%
E_rE 2. (9.21b)
ox* T ot2 % or?
Free longitudinal vibrations of an elastic rod obey a very similar equation,
o2 %u 1 2%u
gu_ro®__ 7%, (9.22)
ox? E o2 ¢* ar®
The only difference is that here p is the normal density (mass per unit
volume) and E is Young’s modulus.
Closely similar examples, but involving two or three spatial dimensions
rather than one, are provided by the second-order equations governing
the vibrations of a stretched membrane subject to an external force

density f(x, , t),
T(azu N o%u + , %u 3
— ay,l) S 3, 1) = o) 9.23)

(with obvious meanings for p and T), and by Schrodinger’s equation for

a non-relativistic quantum mechanical particle in a potential ¥(x, y, z),

#2 (82u %u 82u) ou
t

_.270 + Vix,y,z2)u =ih r

— 4 — 4 :
ox2 oyt 0z 249

The function ¥ = u(x, y, z) in this latter equation is more usually de-
noted by ¢ the quantum mechanical wave function; # is Planck’s con-
stant divided by 2= and m, is the mass of the particle. This equation con-
tains four independent variables x, y, z and ¢, being second-order in the
three spatial ones and first-order in the time ¢. Further, the equation is
homogeneous, since if u(x, y, z, t) is a solution then so is Au for any
constant A.

An important equation of the same general form as Schrodinger’s
but occurring in the classical theory of flow processes is the heat diffusion
equation (or with a change of interpretation of the physical parameters,
the general diffusion equation). For a material of uniform thermal con-
ductivity k, specific heat s and density p, the temperature u satisfies

k(a2" N 82") + f( £ = sp 2 9.25
axz ay2 622 X, ,V, z, = sp ?t ( . )
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[For the more general case the first term is div (kVu) and sp may depend
on x, y, z.] The second term f(x, y, z, t), representing the density of heat
sources, is often missing in practical applications, whilst in the simplest
cases the heat flow is one-dimensional resulting in the two-variable homo-
geneous p.d.e.

u  sp ou

T (9.26)

94 Equation and boundary condition types

For the solution of actual physical problems any of the above equations
must be supplemented by boundary conditions, as we have seen in con-
nection with first-order p.d.e. Since the equations are of second order
we might expect that relevant boundary conditions would involve speci-
fying u, or some of its first derivatives, or both, along a suitable set of
boundaries bordering or enclosing the region (of independent variables)
over which a solution is sought.

Three common types of boundary conditions occur and are associated
with the names of Dirichlet, Neumann and Cauchy. They are:

Dirichlet. u is given at each point of the boundary.

Neumann. ou/én, the normal component of the gradient of u, is given at
each point of the boundary.

Cauchy. Both u and ¢u/on are given at each point of the boundary.

We will not go into details,} but merely note that whether the various
types of boundary conditions are appropriate (in that they give a unique,
sometimes to within a constant, well-defined solution) depends upon the
type of second-order equation under consideration and on whether the
region of solution is bounded by a closed or open curve [or surface if
there are more than two independent variables]. A part of a closed
boundary may be at infinity if conditions are imposed on u or du/on
there.

The classification of the types of second-order equation involving two
independent variables is carried out as follows. Let the second-order
linear p.d.e. be written as

0%u o%u 0%u

ou ou
A— + 2B 4+ C — = function of x, y, —> —- 9.27
ox? ox oy oy? ¥ ox oy ©:27)

¥ For a discussion the reader is referred, for example, to Morse and Fesh-
bach, Methods of theoretical physics, Part I (McGraw-Hill, 1953) chapter 6.
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Then the equation type is said to be,

() hyperbolic if B2 > AC,
(ii) parabolic if B2 = AC, (9.28)
(iii) elliptic if B2 < AC.

This classification holds good even in cases where 4, B and C are
functions of x and y (and not restricted to be constants), but in these
cases the equation may be of a different type in different parts of the
region. Furthermore the equation type is not changed if a new pair of
independent variables ¢ and %, given by a one-to-one mapping with
continuous first and second derivatives, is used instead of x and y (see
example 4 of section 9.14).

It can be shown (for example in the reference given) that the appropriate
boundary condition and equation type pairings are

Equation type Boundary Conditions

Hyperbolic Open Cauchy
Parabolic Open Dirichlet or Neumann
Elliptic Closed Dirichlet or Neumann.

As examples, the one-dimensional wave equation (9.21 b) is hyperbolic
[B2 — AC = —(1)(~1/¢?) > 0}, the diffusion equation (9.26) is para-
bolic [B = C = 0], whilst Laplace’s equation in two dimensions,

Fu 2o 9.29)

e ;}3)—; =4V, .
is clearly elliptic. Extensions can be made to cover equations containing
more than two independent variables; a more detailed discussion is
called for but we will content ourselves with stating that the equations
just mentioned do not change their type when extended to two or three
spatial dimensions. Thus the 3D-Laplace equation is elliptic and requires
either Dirichlet or Neumann boundary conditions and a closed boundary
which, as we have already noted, may be at infinity if the behaviour of u
is specified there [most often u or dujon — 0 at infinity).

»6. Consider the following equations and situations in an entirely quali-
tative way and satisfy yourself in each case that the boundary curve in
the xt- or r@-plane should be as given, and that the stated boundary condi-
tions are appropriate.

(a) Equation (9.21 b) for transverse waves on a semi-infinite string the
end of which is made to move in a prescribed way. Open, Cauchy.
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(b) Equation (9.26) for one-dimensional heat diffusion in a bar of length
L which is given an initial temperature distribution and then thermally
isolated. Open, Dirichlet and Neumann.
(c) Laplace’s equation in two-dimensional polars

Pu  lou 1 %u

ot rer Pt
for two long conducting concentric cylinders of radii @ and & (b > a).

Closed, Dirichlet and Neumann, but not both simultaneously on any
part of the boundary.

9.5 Uniqueness theorem

Although we have merely stated the appropriate boundary types and
conditions for the general case, one particular example is sufficiently
important that a proof that a unique solution is obtained will now be
given.

This is Poisson’s equation in three dimensions,

Vu = —plee,, (9.30)

(for the electrostatic case) with either Dirichlet or Neumann conditions
on a closed boundary appropriate to such an elliptic equation. What will
be shown is that (to within an unimportant constant) the solution of
(9.30) is unique if either the potential v or its normal derivative is specified
on all surfaces bounding a given region of space (including, if necessary,
a hypothetical spherical surface of indefinitely large radius on which u
or du/én is prescribed to have an arbitrarily small value).
Stated somewhat more formally this is:

Uniqueness theorem. If u is real and its first and second partial derivatives
are continuous in a region ¥ and on its boundary S, and if V24 = fand
either u = g or du/on = h on S, where f, g and h are prescribed functions,
then u is unique (at least to within a constant).

To prove the theorem suppose that two solutions u = u,(x, y, z) and
U = uy(x, y, z) both satisfy the conditions given above. Then we will
show that u; = u, + constant.

Denote the function u; — u, by v. Then since Viu; = /= Viu, in V
and either u, = g = u, or du,/én = h = ¢u,/én on S we must have

V3 =0inV, (9.31)
and,

either v = 0, or dv/on = Oon §. (9.32)
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Now if we use Green’s first theorem (equation (4.12) of chapter 4) for
the case where both scalar functions are taken as v we have

fs v gn'f ds = fv (V% + (V)% dV. (9.33)

But either part of (9.32) makes the left-hand side vanish, whilst the first
term on the right is zero because of (9.31). Thus we are left with

f_ (Vo) dV = 0.

Since (Vv)? can never be negative, this can only be satisfied if
Ve =0

or v, and hence u; — u,, is a constant in V.

If Dirichlet conditions are given, then u; = u, on (some part of) S
and hence everywhere in V. For Neumann conditions #, and u, can differ
throughout V by an arbitrary (but unimportant) constant.

The importance of the Uniqueness theorem lies in the fact that it shows
that if a solution to a Poisson (or Laplace) equation can be found which
fits a given set of Dirichlet or Neumann conditions, by any means what-
ever, then that solution is the correct one, since only one exists.

This result is the mathematical justification for the method of treating
some problems in electrostatics by what is called the ‘method of images’.
We will only discuss briefly the most familiar and elementary of such
problems (others will be found at the end of the chapter).

Example 9.2. Find the electrostatic potential associated with a charge e
placed at a point P a distance 4 above an infinite earthed conducting plane.

v Poe 1% Pee
o R n R
L
h
Pe_.o
(1)) (b)

Fig. 9.1 A charge e placed at a distance 4 from an infinite earthed conducting plane:
(a) the physical system; (b) the image charge system.
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The physical situation is shown in fig. 9.1 (a). The potential u;, due to
the charge, at the general point R (with position r) is straightforwardly

e
Uy = ——
1 dme|r — 1 ’

but the potential at R due to the induced charge on the plate is difficult
to calculate.
However posed as a problem in solving

V2u = —e 8(r — rp)/e, (above the plane) (9.34)

with the boundary conditions ¥ = O on the plane and at infinity in the
upper half-space, the solution can be obtained by another approach and
justified by the Uniqueness theorem.

Consider the system of charges shown in fig. 9.1 (b); the charge —e is
called the image charget of the original. In the region V above the plane,
only the charge +e¢ is present and so (9.34) is still satisfied; furthermore
the potential due to both charges — 0 at infinity in the upper half-space
[actually in all directions] and on the plane is zero everywhere, since at
all points it receives equal and opposite contributions from the two equal
and opposite charges.

The potential is in fact

e 4

u(r) = (9.39)

dmeo| T — Iy B dmes| T — 15| ’

and although it has been obtained by unusual methods, it does satisfy
all the required boundary conditions as well as (9.34) in the appropriate
region and must therefore by the Uniqueness theorem be the required
solution.

Since the potential is unique, so also is the force field derived from it,
so that the force experienced by an infinitesimal test charge anywhere in
the upper half-space of the physical system is the same as it would ex-
perience in the presence of the original charge and its image [but of course
with the plane ignored].

It should be noted that (9.35) in no way represents the correct potential
below the plane in the physical situation of fig. 9.1 (a).

+ The name ‘method of images’ is somewhat misleading since no actual
method is involved. The appropriate set of image charges for any given
set of conductors is obtained either from experience or in an ad hoc way.
The only methodical aspect is the subsequent justification of the sotution
by means of the Uniqueness theorem.
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9.6 Equations with constant coefficients

We now return to the problem of finding specific solutions to some types
of second-order p.d.e. and begin by seeking solutions which are arbitrary
functions of particular combinations of the independent variablest (just
as in section 9.2 for first-order p.d.e.).

Clearly we can only hope to find such solutions if all the terms of the
equation involve the same total number of differentiations, i.e. all terms
are of the same order [although the number of differentiations with
respect to the individual independent variables may be different]. For our
present investigation this means that all terms are second order and that
no terms in éu/ox, du/dy or u are present, and in addition the equation
1s homogeneous.

Both the wave equation

u 1 o
7 __ 2% o, (9.21 bis)

and the 2-D Laplace equation

2u  0%u
w0 (9.29 bis)
meet this requirement, but the diffusion equation
o%u  spou .
— — —— =0, 9.26 bis)
ox? k ot ¢
does not.

With both terms in each of (9.21) and (9.29) involving two differentia-
tions, by assuming a solution of the form u(x, y) = f(p), where p is some
at present unknown function of x and y (or t), we may be able to obtain
a common factor f”(p) as the only appearance of f on the left-hand side.
Then, because of the zero on the right-hand side, all reference to the form
of f can be cancelled out.

We can gain some guidance as to suitable forms for the combination
p = p(x, y) by considering du/dx when u is given by u(x, y) = f(p), for
then

ou ,, .op
5; =f (P)é‘;'

Clearly a second differentiation with respect to x (or y) is going to lead
to a single term on the right-hand side containing f only as f”, only if the

t In order to keep the level of presentation elementary, we have deliberately
omitted any explicit discussion of characteristics.
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factor 9p/éx is a constant so that %p/ox? (or &2p/dy 0x) is necessarily
zero. This shows that p must be a linear function of x. In an exactly
similar way p must be a linear function of y.
It is now possible to obtain a general form of solution for the restricted
type of second-order p.d.e. we have discussed, namely
%u o%u o%u
A—+2B— +C—=0, (9.36)
ox? ox dy oy?
A, B and C being constants. As in the preliminary discussion, we assume
a solution

u(x, y) = f(p), 9.37)
where p is a linear function of x and y,
p =ax + by. (9.38)

Now proceeding to evaluate the terms ready for substitution in (9.36) we
obtain

u ’ du br(
ax - af (p)9 ay - f p)’
&2u 2 2u
— 21" , — b " , R b2 4 ,
ey a*f"(p) oy ° f"(p) P f'(p)

and on substituting,
(Aa® + 2Bab + CH)f"(p) = 0. (9.39)

This is the form we have been seeking, since now a solution indepen-
dent of the form of f can be obtained if we require that a and b satisfy

Ad* + 2Bab + Cb* = 0. (9.40)

From this quadratic, two values for the ratio [all that matters] of the
two constants ¢ and b are obtained,

bla = [-B + (B2 — AC)'?]/C. (9.41)

If we denote these two ratios by A; and A;, then any functions of the two
variables

PL =X+ Ay,
P2 =X+ Ay, 9.42)

will be solutions of the original equation (9.36). The omission of the con-
stant factor a from p, and p, is of no consequence since this can always
be absorbed into the particular form of any chosen function — only the
relative weighting of x and y in p is important.
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With p, and p, being different (in general), we can thus write the
general solution of (9.36) as

u(x, y) = filx + Ay) + folx + A2), (9.43)

where f, and f; are arbitrary functions.

»7. Show that the alternative solution f"(p) = 0 of (9.39) only leads to
the trivial solution u(x, y) = gx + hy + k, for which all second deriva-
tives are individually zero.

»8. Show that the requirement that neither A, nor A; is a function of
x or y (so as to maintain the linearity of p in x and y) means that the
type of solution discussed is only appropriate to 4, B and C all being
constants (or all having the same dependence on x and y).
By considering
%u *u o2

u
6x — — 2 —(y+3x)—=0,
ox? Y ox oy v +32% ay?

show that if only A, were required to be a constant, this restriction would
not apply.

Example 9.3. Find the general solution of the one-dimensional wave
equation (9.21 b).
0%u 1 &%u

e

This equation is that of (9.36) with 4 = 1, B=0and C = —1/c* and

so the two values of A; and A, are, from (9.41), — ¢ and ¢. This means that
any arbitrary functions of the quantities

p1 =X —ct, P2 =Xx 4+ ct,

will be satisfactory solutions of (9.21 b), and that the general solution
will be

u(x, t) = filx — ct) + folx + c2). (9.44)

Since u(x, t) = fi(x — ct) represents the displacement of a string at
time ¢z and position x, it is clear that all positions x and times ¢ for which
‘x — ct is the same”’ will have the same instantaneous displacement. But
‘x — ct is the same’ is exactly the relation between the time and position
of an observer travelling with velocity ¢ along the positive x-direction.
Consequently a moving observer sees a constant displacement of the
string, i.e. to a stationary observer, the initial profile #(x, 0) moves with



9.6 Equations with constant coefficients 241

velocity ¢ along the x-axis as if it were a rigid system. Thus fi(x — ct)
represents a wave form of constant shape travelling along the positive
x-axis with velocity ¢, the actual form of the wave depending upon the
function f;.

Similarly the term fy(x + c¢t) is a constant wave form travelling with
velocity ¢ in the negative x-direction. The general solution (9.44) repre-
sents a superposition of these.

If the functions f; and f, are the same, then the complete solution
(9.44) represents identical progressive waves going in opposite directions.
This may result in a wave pattern whose profile does not progress and is
described as a standing wave.

As a simple example, suppose both f;(p) and f(p) have the form?

filp) = Acos (kp + ¢).
Then (9.44) can be written as

u(x, t) = Alcos (kx — kct + €) + cos (kx + kct + ¢)]
= 24 cos (kx + ¢) cos (kct).

The important thing to notice is that the shape of the wave pattern is the
same at all times but that its amplitude depends upon the time. At some
points x which satisfy

cos(kx + ¢ =0,

there is no displacement at any time. Such points are called nodes.
The type of solution obtained here is discussed further in chapter 10
on the method of separation of variables.

»9. Verify by direct differentiation and substitution that (9.44) is indeed
a solution of the wave equation (9.21 b).

Example 9.4. Find the general solution of the two-dimensional Laplace
equation (9.29),
o%u  0%u 0
ot -
Following the established procedure, we look for a solution which is a
function f(p) of p = x + Ay. Substituting this we obtain directly (or by
means of (9.41)) that

1+ A2=0.

4 In the usual notation, k is the wave number (=2=/wavelength) and k¢ = o,
the angular frequency of the wave.
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This requires that A = i, and thus the satisfactory variables p are
p=xziy.

The general solution required is therefore, in terms of arbitrary functions

Ji and f,
u(x, y) = filx + iy) + fo(x — iy). (9.45)

It will be apparent from these two worked examples that the nature
of the appropriate linear combination of x and y depends upon whether
or not B2 > AC. This is exactly the same criterion as determines whether
the p.d.e. is hyperbolic or elliptic. Hence, as a general result, hyperbolic
and eiliptic equations of the form (9.36) have as solutions functions whose
arguments have the form x + «y and x + iBy respectively, where « and
B themselves are real.

The one case not taken care of by this result is that in which B? = AC,
i.e. a parabolic equation. In this case A; and A, are not different and only
one suitable combination of x and y results,

ulx, y) = filx — (B/C)y]. (9.46)

To find the second part of the general solution we try [in analogy with
the corresponding situation in ordinary differential equations] a solution
of the form

u(x, y) = g(x, y) folx — (B/C)y].
Substituting this and using 4 = B?/C results in

10 (A %e  p P8 L 72 0 (9.47)
»10. - — | fa=0. .
ox2 * ox oy * 8y2) /x

There are several simple solutions of this equation for g, but as only one
is required we take the simplest non-trivial one

g(xr y) = X,
to give as the general solution of the parabolic equation

u(x, y) = filx — (B/C)y] + xfalx — (B/C)y]. (9.48)

»11. Convince yourself that alternative solutions of (9.47), e.g. g(x, y) = »,
do not lead to a solution which is not represented by (9.48).

To complete this section we will give alternative derivations of the
general solutions (9.43) and (9.48) by expressing the original p.d.e. in
terms of new variables before solving it. The actual solution will then
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become almost trivial; but, of course, it will be recognized that suitable
new variables could hardly have been guessed if it were not for the work
already done. This does not detract from the validity of the derivation
to be described, only from the likelihood that it would be discovered by
inspection.

We start again with (9.36) and change to new variables

E=Xx+ Ay, N =X+ Ay (9.49)

With this change of variable, we can replace the differentiations in (9.36)
by

0 0 17

ox o on

LA (9.50)
oy o€ on

When this is carried out, and the fact that
A+2BA\,+CA2=0, i=1,2, (9.51)

is used, (9.36) becomes

2u
»12. [24 + 2B(A; + Ay} + 2CA0,) —— = 0. (9.52)
o€ on
Then, providing the factor in square brackets does not vanish, we obtain
o%u 0
ston (9.53)
which has as its successive integrals
ou
= F(y) 9.54)
Y]
and
u(¢,n) = f(n) + g(&). (9.55)
This is just the same as (9.43)
ux, ) = glx + Ay) + fx + A2). (9.56)

»13. Verify that the condition that the factor in square brackets of (9.52)
does not vanish is that B2 # AC, i.e. that the original equation is not
parabolic.
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If the equation is parabolic (B2 = AC), instead of (9.49) we use new
variables

E=x+ M, 7 =X, (9.57)
and (9.36) reduces to [recall A = —(B/C)]
»14. A & = 0. (9.58)
on®

Two straightforward integrations give as the general solution of (9.58)

u(é, n) = /() + g(é), (9.59)
which in terms of x and y has exactly the form of (9.48)
u(x,y) = xf(x + Ay) + glx + Ay). (9.60)

This concludes the alternative and independent derivations of the
general solution of homogeneous p.d.e. with constant coefficients of the
type given by (9.36).

Example 9.5. u(x, y) satisfies

%u o%u ) %u 0

ax? ax dy + ayr

Find the value of (0, 1) if u = — x2 and 6u/éy = 0 for y = 0 and all x.
From our general result, functions of p = x + Ay will be solutions

provided that

1 — 32+ 2X¥ =0,
Le. A=1lori.

The general solution is thus

u(x,y) = f(x + ) + gx + $y). 9.61)
The boundary condition u(x, y) = —x? on y = 0 implies

—p* = f(p) + g(p), forall p, 9.62)
whilst du/éy = 0 when y = 0 yields

0=1"(p) + 4g'(p), forallp. (9.63)

Differentiating (9.62) with respect to p and subtracting from (9.63)
gives

2p = —3g'(p),
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or that
&p) = -2p* + k.
Equation (9.62) then gives that
fp)=p" -k
and thus that

ux,y) = f(x + ») + glx + 1)
=X+ —k-2x+3»2+k
= —x? 4+ })y%.
Finally at the point (0, 1),
u(0,1) = 4.

»15. Solve example 9.5 if the boundary condition is u = du/dy = 1,
when y = 0 (for all x).

»16. Solve
%u %u o%u
—— + —
ox? 0x Oy + ay?
subject to ¥ = 0 when x = 0, and ¥ = x2 when y = 1.

b

9.7 The wave equation

We have already found the general solution of the one-dimensional wave
equation as (9.44)

u(x,t) = f(x — ct) + F(x + ct), (9.64)

with fand F arbitrary functions. However, the equation is of such general
importance that further discussion will not be out of place. Let us see
how to obtain its solution if we are given initial conditions (boundary
conditions) in the general form:

initial displacement  u(x, 0) = ¢(x), (9.65 a)
0 ,0
initial velocity ”(;‘t ) _ uw), (9.65 b)

for all parts of a string whose transverse displacement is #(x, ¢). The func-
tions ¢(x) and ¢(x) are given and describe the displacement and velocity
of each part of the string at the arbitrary time t = 0.

It is clear that what is needed are the particular forms of the functions
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fand Fin (9.64) which takes the values given by (9.65) at t = 0. This means
that

#(x) = u(x,0) = f(x — 0) + F(x + 0) (9.66 a)

6u(x O)

and P(x) = —¢f'(x — 0) + cF'(x + 0). (9.66 b)

It should be noted that f'(x — 0) stands for df(p)/dp evaluated, after the
differentiation, at p = x — ¢ x 0 and likewise with F'(x + 0).

Looking on the two left-hand sides as functions of p = x + ¢t, but
everywhere evaluated at t+ = 0, we may integrate (9.66 b) between an
arbitrary [and irrelevant] lower limit p, and an indefinite upper limit p
and obtain

%jww@+K=—ﬂm+nm, (9.67)

the constant K depending upon p,.
Adding and subtracting (9.66 a) [with x replaced by p] and (9.67), we
can establish the forms of the functions fand F as

fU—ﬂQ——j¢U@—K (9.68 2)
2
and  F(p) = "‘(”) aLZ —J' #(q) dg + 5 (9.68 b)

Adding (9.68 a), with p = x — ct, to (9.68 b), with p = x + ct, gives
as the solution to the original problem (equation (9.64))

x+ct

1
u(x, t) = Ho(x — ct) + ¢(x + ct)] + _2_cj ¥(q)dqg. (9.69)

x-ct

Notice that all dependence on p, has disappeared.

Each of the terms in (9.69) has a fairly straightforward physical inter-
pretation. In each case the 1 represents the fact that only half of a dis-
placement profile which starts at any particular point on the string
travels towards any other position x, the other half travelling away from
it. The first term 4¢(x — ct) arises from the initial displacement at a dis-
tance ct to the left (negative direction) of x which travels forward arriving
at x at time ¢. Similarly the second contribution is due to the initial dis-
placement at a distance ¢t to the right of x.
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The interpretation of the final term is a little less obvious, but viewed
in the form

1 J #=xlc+t (initial transverse velocity evaluated at a
t

2 )i _xe_: distance ¢’ from x) dt’,

2 (9.70)

it clearly represents the accumulated transverse displacement at position
x, due to the passage past x of all parts of the initial motion whose effects
can reach x in a time 7, both backward and forward travelling.

The extension to the three-dimensional wave equation of solutions of
the type we have so far considered presents no serious difficulty. In Car-
tesian coordinates the 3-D wave equation is

%u  u 1 &%u

— - 0. 9.71

ax* 9y 92 ¢ or? ©71
In close analogy with the 1-D case we try solutions which are functions of
linear combinations of all four variables

p=Ix+ my+ nz + pt. 9.72)

It is clear that a solution of (9.71), u(x, y, z, t) = f(p), will be acceptable
provided that

2+ m? + n? — p2c®f(p) =0. 9.73)
Thus, as in the 1-D case, f can be arbitrary provided that

12 4+ m? + n? = p?c?

Using the obvious normalization, we take p = +¢ and /, m, n three

numbers such that

P+m+n=1.
In other words (I, m, n) are the Cartesian components of a unit vector
fi, which points along the direction of propagation of the wave. The quan-

tity p can be written in terms of vectors as the scalar expression p =
fi-r + ct, and the general solution of (9.71) as

u(x, y,z,t) = u(r, t) = fi(h-r — ct) + folh-r + ct), 9.74)
where #i is any unit vector. It would perhaps be more transparent to write
fi explicitly as one of the arguments of u.

9.8 Particular integrals

As was discussed in section 9.2, in order to obtain the general solution of
a p.d.e. a particular integral is needed. [For the homogeneous problem —
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equation and boundary conditions — it is formally a solution which is
identically zero.]

We will not discuss at length general methods for obtaining such par-
ticular integrals, but merely note that some of those available for ordinary
differential equations can be suitably extended,t and give an example
using D-operator methods.

Example 9.6. Find the general solution of the equation

Pu %
= ) 9.75
e + o 6(x + y) 9.75)

Following our previous methods and resuits, the complementary func-
tion is u(x, y) = fi(x + iy) + fo(x — iy), and only a particular integral
now remains to be found.

One solution [perfectly adequate in itself] is obvious by inspection,
namely

u(x,y) = x* + y°. (9.76)

However we will pretend this has not been noticed and proceed by a
formal D-operator method.

Let the operator D, stand for é/ox and D, for é/dy. Then a solution
of (9.75) can be written formally as

1
u(x, y) = m“x + y).

Using methods analogous to those of chapter 5 this can be evaluated as
follows [recall D! represents an integration]

D% [1 + (DYDY]x + )

]

u(x, y)

1 D2
=6['52—— -D—:-i- "'](X+J’)

6
=—I-)—2(x+y)-—0+0—---

X

3
— (% + 2yx
D_( yX)

X

x® 4+ 3yx?.

+ See for example Piaggio, Differential equations (Bell, 1954), pp. 175 et seq.
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Since we require only one particular solution, all arbitrary functions of
» have been set equal to zero when integrating with respect to x.
Thus the general solution of (9.75) can be written

u(x,y) = filx + 1p) + folx — iy) + x® + 3px2.

»17. Show that this result is not in contradiction with the result (9.76)
obtained by inspection; i.e. show that the difference between x® + )°
and x® + 3yx2 can be written in the form g(x + iy) + A(x — iv).

9.9 The diffusion equation

One important class of second-order p.d.e. which we have not yet con-
sidered is that in which the second derivative with respect to one inde-
pendent variable appears, but only the first derivative with respect to
another [usually time]. This is exemplified by the one-dimensional diffu-
sion equation of section 9.3
Pu(x,t) ou

K o 9.77)
in which K is a constant with the dimensions of length? x time~!. The
physical constants which go to make up K in a particular case depend
upon the nature of the process (e.g. solute diffusion, heat flow, etc.) and
the material being described.

With (9.77) we cannot hope to successfully repeat the method of sec-
tion 9.6, since now u(x, t) is differentiated a different number of times on
the two sides of the equation. Any attempted solution in the form u(x, ¢t) =
f(p) with p = ax + bt, therefore, will only lead to an equation in which
the form of f cannot be cancelled out. Clearly we must try other methods.

Solutions may be obtained using the standard method of separation
of variables and this is discussed in the next chapter.

A simple solution is also given if both sides of (9.77), as it stands, are
separately set equal to a constant, say «,

82
a_x’: - % (9.78 a)
7
6_': = a. (9.78 b)

These have general solutions
_ L1 et xg0) + hO)
“T2K g

and u=at + k(x),
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which may be made compatible with each other if g(7) is taken as a con-
stant (or zero), h(¢) taken as o, and k(x) as (¢/2K)x? + gx. An acceptable
solution is thus

1
u(x, t) = 5;— x% 4+ gx + at + constant. 9.79)

For an example of the use of this form of solution see example 15 of sec-
tion 9.14.

Let us now return to seeking solutions of equations by combining the
independent variables in particular ways. Having seen that a linear
combination of x and r will be of no value, we must search for other pos-
sible combinations. It has already been noted that K has the dimensions
of length? x time~! and so the combination of variables

x2
= E FY
will be dimensionless. Let us see if we can mathematically satisfy (9.77)
with a solution u(x, ¢) which has the form u(x, t) = f() first, and leave

its interpretation until afterwards.
Evaluating the necessary derivatives we have

7 (9.80)

W ¥ 2

W =

o%u 2 , 2x\?

6—x—2=}<7f(77)+f("7)(75) ’

ou N5

- = _f(n)Ft? (9.81)

Substituting from (9.81) into (9.77) we find the new equation can be
written entirely in terms of »,

8. Anf"(n) + 2 + ) f'(m) =0. (9.82)

This is a straightforward ordinary differential equation which can be
integrated (with a minimum of explanation) as follows,

ffa) 1 1
() 2 4
In[%f' ) = =49 + ¢,

A
f(m)= e exp (—37),

1/2
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1) = A [ exp (~ 4 9.83)
Mo

with % given by (9.80).
If we now write this in terms of a slightly different variable

. R o34
=2 T Ak 84)
then d¢ = 1n 12 dy, and (9.83) takes the form
&
umn=ﬂm=aa=3fam—mm. 9.85)

%o

Here B is a constant and it should be noticed that x and ¢ only appear on
the right-hand side in the indefinite upper limit ¢, and then only in the
combination xt -2, This kind of function of x and ¢ may be slightly
unfamiliar but is in essence no different from (say) sin (x/K1/2¢t1/2), If &,
is chosen as zero, it is, to within a constant factor,} the error function
Erf (x/2(K¢)''?), which is tabulated in many books of tables. Only non-
negative values of x and ¢ are to be considered here so ¢ > §&,.

Next let us try to determine what kind of (say) temperature distribution
and flow this represents. For definiteness we take &, = 0. Firstly since
u(x, t) in (9.85) only depends upon the product xt ~/2, it is clear that all
points x at times ¢ such that xz ~*'2 have the same value, have the same
temperature. Put another way, at any specific time ¢, the region having a
particular temperature has moved along the positive x-axis a distance
proportional to the square root of the time. This is a typical diffusion
process.

It will also be noticed that at r = 0, £~ o0, and u becomes quite inde-
pendent of x (except perhaps at x = 0); the solution then represents a
uniform spatial temperature distribution. On the other hand at x = 0,
u(x, t) is identically =0 for all ¢.

»19. In order to get a feel for the temperature distribution described by
(9.85), use axes as illustrated in fig. 9.2 and roughly sketch some of the
contours of equal temperature. (Do not worry about the overall normaliza-
tion.)

A calculation about a resistive cable involving this general kind of solu-
tion will be found in the exercises at the end of this chapter.

+ Take B = 2=~%/2 to give the usual error function normalized so that
Erf (o0) = 1.
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v u(x, t)

X

Fig. 9.2 Axes for exercise $19.

Example 9.7. An infrared laser delivers a pulse of energy (heat) £ to a
point P on a large insulated sheet of thickness b, thermal conductivity &,
specific heat s and density p. The sheet is initially at a uniform tempera-
ture. If u(r, ¢) is the excess temperature, a time ¢ later, at a point a dis-
tance r (>b) from P, then show (by substitution in the appropriate equa-
tion) that a suitable expression for u is

ur, 1) = ‘:—‘ exp (—r2/281) (9.86)

where « and 8 are constants.

(i) Show that B8 = 2k/sp.

(ii) Show that, as expected, the total heat in the sheet is independent of
time and hence evaluate o.

(iii) Show that the total heat which ultimately flows past any radius r
is E.

The equation to be solved is the heat diffusion equation

kV2u(r, 1) = sp aL(a't—’) (9.87)

Since we only require the solution for r > b we can treat the problem
as two-dimensional with obvious circular symmetry. We thus need only
the r-derivative term in the expression for V2 giving

k o (r ou ou 9.88
ar) BNAE (-88)
where now u(r, t) = u(r, ).

(i) Substitution of the given expression (9.86) into (9.88) shows that it
is a solution provided that
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»20. B = 2k/sp.

(ii) The total heat in the system at any time ¢ is

-]

j 2nrdr-b-ps-u(r, t) = 2mbpsa 5

0

; exp (—r2/281) dr

0

»21. = 2mbpsaf.

This is independent of # and must equal the total heat input E. Thus

2mbpsB  Ambk

(iii) The total heat flow past a radius 7 is

©  ou(r, t) *© E (-n
—S k - 2mrb-dt = —j 2nrbk - :
o or 0 4nbkt Bt
x exp (—r2/2Bt)-dt
» 22, = Elexp (-r?/28t)]15
= Eforallr.

9.10 Superposing solutions

The solution of this last example and of the result (9.85) are worth a little
further discussion. It will be clear from the way it was derived and from
the results (ii) and (iii) of example 9.7, that (9.86) gives the temperature
response of the sheet to a heat impulse of magnitude E at position r = 0
and time ¢ = 0. In fact, in mathematical terms it is the response to a é-
function input, i.e. it is the solution of (see (9.25)),

kV2u + E 8(r) 8(t) = sp oufér.

In the theory of ordinary differential equations, such a response function
was called the Green’s function and the same name is used here [although
now we have two independent variables].

The point of this observation is that, since the diffusion equation
without internal heat sources is linear, the temperature distribution
u(r, t) in space and time can be built up for an arbitrary energy input
pattern by superposing the corresponding Green’s function solutions.
This is an exact parallel of the procedures of chapter 7. In practice, the
labour of computing superposed solutions is generally rather large and
makes the method unattractive.
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Equation (9.85) does not give the response to a §-function initial con-
dition, but rather that to a ‘step function’ initial condition. As we have
noted, it corresponds to the situation of a long one-dimensional conduct-
ing bar which is initially everywhere (all x) at the same temperature
[oc B], but one end of which (x = 0) is maintained permanently (all 7)
at zero temperature, #(0, 1) = 0. The heat subsequently flows out of the
bar at the x = 0 end and ultimately the temperature at all points of the
bar falls to zero (£ — 0 as 1 — oo for all x > 0).

It is clear that in principle any initial temperature distribution in the
bar can be represented as a superposition of such step functions (using
different lower limits ¢, corresponding to different ‘lower ends’ x, of
each uniform temperature distribution). Like our other superposition
method this approach is usually cumbersome in practice [the superposition
becomes an integral for any smoothly varying temperature distribution]
and we will not attempt to take it any further in this book.

»23. Confirm that your sketched contours of »19 are in agreement with
the physical description in the last paragraph but one.

»24. Confirm that u(x, t) given by (9.85) with &, = 0, B = 27~ V2T, and
x no longer restricted to be positive, is the appropriate temperature dis-
tribution to describe the situation in which two semi-infinite conducting
rods, initially at temperatures +7 and —7, are brought together, end to
end, at time ¢ = 0.

9.11 Laplace transform methods

To conclude our treatment of the diffusion equation for this chapter, we
will demonstrate, by means of an example and a brief discussion, its
solution using integral transform methods - in particular the Laplace
transform.

Example 9.8. A semi-infinite tube of unit cross-section initially contains
pure water. At time t = 0, one end of the tube is put into contact with a
salt solution and maintained at a constant concentration u,. Find the
total amount of salt that has diffused into the tube at time ¢, if the dif-
fusion constant is K.

The concentration u(x, ¢) at time ¢ and distance x from the end of the
tube satisfies

Pu  ou

Kos=7 (9.89)
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This equation has to be solved subject to the boundary conditions
u(0, t) = u, for all ¢ and u(x, 0) = 0 for all x > 0.

It will be recalled from chapter 5 that one of the major virtues of
Laplace transformations is the possibility of replacing derivatives of
functions by simple multiplication by a scalar. In our equation, if the
derivative with respect to time were so removed, it would contain only
differentiation with respect to a single variable; let us therefore take
the Laplace transform of (9.89) with respect to f,

2

®  0%u
j Ké; exp(—st)dt=j

0 0

w0

ou (—s1)d
— exp (— t.
Py exp(—s

Denoting the transform of u(x, t) by U(x, s) and using result (5.65) to
evaluate the right-hand side, together with u(x, 0) = 0 [or by integrating
directly by parts], we then obtain

2U
K—=sU. (9.90)
X

Notice that, as indicated, the differentiation ¢?/8x? can be brought out-
side the integral sign since the integration is with respect to ¢ and does
not affect x.

The solution of (9.90) is immediate

U(x, s) = Aexp [(s/K)?x] + Bexp [—(s/K)*2x].

At x = o0, u(x, t) must =0 for all finite ¢ and so U(co, s) must =0 also;
consequently we must require that 4 = 0. The value of B is determined
by the need for u(0, ) = u, and hence that [see table 5.1, result 1]
U0, 5) = ups™?.

We thus conclude that the appropriate expression for the Laplace
transform of u(x, t) is

Ux, s) = 1;_0 exp [— (%)lmx]. (9.91)

To obtain u(x, ¢) from this would require the inversion of this trans-
form — a task which we have seen in chapter 5 is generally difficult and
requires a contour integration. However in the present problem an alter-
native method is available.

Let w(t) be the amount of salt that has diffused into the tube in time ¢,
then

w(t) = jm u(x, t) dx,

0
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and its transform

(*

Wi(s)

exp (—st) dt j u(x, t) dx,

J0 0

= dxj u(x, t) exp (—st) dt
0

0

0

=1 U(x,s)dx
0

> 25 = uoK2s-32

Referring to result 11 of table 5.1, this shows that w(z) = 2(K/m)*? x
Ut 2, which is thus the required expression for the amount of diffused
salt at time .

This example shows that in some circumstances the use of a Laplace
transformation can greatly simplify the solution of a p.d.e. However it
will have been observed that (as with ordinary d.e.) the easy elimination
of some derivatives is usually paid for by the introduction of a difficult
inverse transformation. It need hardly be pointed out that the boundary
conditions must be capable of being incorporated into the transform in
a manageable way.

9.12  The telegraphy equation

So far we have considered only equations in which there is a single depen-
dent variable, but in the theory of transmission lines, for example, two
dependent variables are present, the voltage and the current, both being
functions of position and time.

Suppose a line has resistance R, inductance L, capacitance C, and leak-
age conductance G, all per unit length. We may construct the (coupled)
p.d.e. satisfied by the voltage v(x, ¢) and current i(x, t), by considering
a small length 8x of the line (4B in fig. 9.3) and working to first order in
8x. Fig. 9.3 shows the equivalent electrical network for this small (infini-
tesimal) length of line and the currents and voltages at points 4 and B
[the conductor FD may be arbitrarily assumed at zero voltage].

Considering the voltage change along 4B immediately leads to

Risx+L0s ® s
i oxX + atx— ax X .

The currents flowing (towards FD) through the capacitance and leakage
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i i+ 2 ax
4 R x Lsx B
v —/=C G-1 8x o+ 2 5x
ox
F D

Fig. 9.3 Equivalent circuit for a length 8x of a transmission line of resistance R,
inductance L, capacitance C and leakage conductance G, all per unit
length.

conductance are (ér/ét)C 8x and vG 8x respectively and so current con-
servation gives

ov di
i=C—0dx+ Gvéx + i+ — bx.
ot ox

In the limit of 8x — O these two physical statements lead to the coupled
first order p.d.e.

. i ov
R1+L—a—t=—5;’ 9.92 a)

ov oi
Gv+C5?=—-a—x-- (9.92b)

In general these equations will have to be solved subject to initial condi-
tions that i(x, 0) and v(x, 0) are certain specified functions of x, and also
subject to boundary conditions [e.g. the line being short circuited (v = 0)
or open circuited (i = 0) at certain points].

In some circumstances they can be reduced to a p.d.e. containing only
one of the dependent variables. For example, in a ‘lossless’ transmission
line in which R and G can be taken as zero, by differentiating one of equa-
tions (9.92) with respect to f and the other with respect to x, either v or i
can be eliminated, yielding for the other the second-order equation

0%u %u
» 26. e LC rl 0, (9.93)
where u stands for either i(x, t) or v(x, ). This is exactly the one-dimen-
sional wave equation of example 9.3 and has the solutions discussed in
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that example. The velocity of propagation of the current or voltage waves
is (LC)~*2 [L and C are defined per unit length and so this expression
has the correct dimensions for a velocity].

As a second special case consider a submarine cable which has no induc-
tance or leakage conductance, L = G = 0. Again differentiation of the
two equations (9.92) with respect to different independent variables allows
the elimination of either i or v and results in an equation identical in form
to the diffusion equation

Pu 2
ya7, LT _ M (9.94)
RC ox* ot

As before, u stands for either i(x, ) or v(x, t).

»28. Check that (RC)~? has the appropriate dimensions for a diffusion
constant.

In less specialized cases, when the elimination of i or v is not practicable,
solutions of (9.92) can be found using Laplace transform methods. This
removes the time differentiations and produces ordinary coupled differen-
tial equations. Initial conditions on the current and voltage are usually
straightforward to incorporate in this approach.

If we denote the specified values of i(x, 0) and v(x, 0) by i,(x) and
vo(x) respectively, then Laplace transforming equations (9.92) yield

ovi(x, s) .
(R + Ls)I(x, s) = i w— + Liy(x) (9.95a)
all
and (G + C)V(x,5) = — g‘ L + Cuo(x). (9.95b)

These two coupled equations for the transforms I(x, s) and V(x,s) of
the current and voltage [together with the transform of any imposed
boundary conditions, e.g. V(a, s) = 0 (short circuit) or I(a, s) = 0 (open
circuit) at some point x = a] are then used to obtain 7 and ¥ and hence,
by means of tablesf or contour integration, the solution i(x, t) and
v(x, t).

For a continuation of this approach the reader is referred to example 18
of section 9.14 at the end of this chapter.

t And a certain trust that the solution is unique.
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9.13  Some other equations

We will conclude our treatment of p.d.e. by considering briefly two further
equations of physical science; one taken from the realm of engineering,
and one from quantum physics.

The first, which approximately describes the transverse vibrations of a
rod, is

*u %u
4 —_—
a5 + pri 0. (9.96)

The value of the constant a depends upon the geometry of the rod, and
the density and Young’s modulus of the material from which it is made.

This is a new type of p.d.e. for which we have no particular method.
However, with its simplicity of form we might be able to guess a suitable
solution. In view of the different number of differentiations in the two
terms, we are led to seek a function which retains its essential form on
repeated differentiation. Perhaps the simplest such function to try is

u(x, t) = Aexp (Ax + ut). 9.97

[This is at one and the same time both a ‘combination’ and a ‘separation’
of the variables x and ¢.]
Substituting in (9.96) gives

(a*A* + pDu(x, 1) =0,

which can be satisfied non-trivially if Ais taken as (u'/?/a) exp [$(2m + 1)ni]
with m = 0, 1, 2, 3 (taking u as real and > 0). The same sort of solutions
result if 4 = in, as is appropriate to the case of (9.97) describing periodic
vibrations.

»29. Verify that the solution just obtained is equivalent to the ‘separation
of variables’ result that ‘if the solution of (9.96) is written u(x, t) =
f(x)g(t)and g(t) = cos (nt + ¢), then

f(x) = AsinAx + Bcos Ax + Csinh Ax + D cosh Ax, (9.98)

where A = n'?/a’.

From the field of quantum mechanics we may consider the Schrodinger
equation (9.24). The general solution of this equation forms a major part
of the whole of non-relativistic quantum mechanics, but we will do no
more than find its simplest solution for the potential-free case,
V(x, y, z) = 0. For this case the equation becomes

h? (8214 2%u 8214) " ou

=i —. .99
ot ©-99)

— + —
ox®  oy? oz

2m,
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As has been previously noted this has the appearance of a diffusion
equation, but the presence of the i on the right-hand side produces dif-
ferent physical consequences, e.g. changing decaying solutions into oscil-
latory ones.

As on previous occasions when faced with a p.d.e. containing derivatives
of different orders, but with constant coefficients, we try as a solution an
exponential function with the independent variables appearing linearly
in the exponent. Thus, putting

u(x,y,z,t) = Aexp(Ix + my + nz + At), (9.100)

we obtain, after substitution in (9.99) [and cancellation of common fac-
tors], that
h2
—— (% + m® + n®) = ifiA. (8.101)
2m,

Several possibilities for /, m, n and A will satisfy this equation, but one
of particular interest is that in which A is taken as —iE/# and I, m and n
are taken as ip,/#, ip,/h and ip./# respectively. As presented here, this is
nothing but playing with nomenclature, but put in this form (9.101)
takes the very familiar form of the relationship between the Kinetic energy
and momentum of a non-relativistic particle, namely

»30. L (p% + p2 + p?) = E. (9.102)
2m,
Readers familiar with elementary modern physics will recognize the
identification of I, m, n and A as essentially the content of de Broglie’s
and Einstein’s relations.
Solution (9.100) now has the form of a plane wave

u(x, y,z,1) = u(r, t) = Aexp [i(p-r — Et)/H], (9.103)

describing a free quantum mechanical particle of mass m, and kinetic
energy E travelling with momentum p = (p,, p,, p.) in a direction given
by the unit vector p/p.

9.14  Examples for solution

. . 1 ou 1 ou
1. Find solutionsof —— + —— =0,
x 0x yoy

for which (i) (0, y) = y; (ii) u = 1 at the point (1, 1).

. ou ou
2. Solve sin x — + ¢c0os x — = coOs X,
ox oy

subject to (i) u(n/2, y) = 0; (i) u(#/2,y) = y(y + 1).
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3. A function u(x, y) satisfies 2éu/ox + 3éuf/oy = 10, and on the
line y = 4x has the value 3. Evaluate «(2, 4).

4. Show that if a change of variables & = &(x, y), 7 = n(x, ) is
made in (9.27) so that it reads

2y 2u 22u ) ou ou
A’ — + 2B’ + C’— = function of ¢, 9, —, —,
og2 8¢ oy on? o o
then
o(¢, 2
Bzz _ A/C/ = (B2 —_ AC)[M] s
a(x, y)

and hence that the equation type is unchanged by the change of
variable. [The algebra is somewhat lengthy, but straightforward.]

5. A point charge ¢ is placed at point P a distance b from the origin
O and a second charge of magnitude —ea/b (a < b) at a point Q
between O and P and at a distance a%/b from O. Show by consider-
ing similar triangles QOS and SOP, where S is any point on the
surface of a sphere, centre O and radius a, that the net potential
anywhere on the sphere due to the two charges is zero.

Use this result (backed up by the Uniqueness theorem) to find the
force with which a point charge ¢ placed a distance b from the
centre of a spherical conductor of radius a (< b) is attracted to the
sphere (i) if the sphere is earthed, and (ii) if the sphere is uncharged
and insulated.

6. By putting £ = x + iy, n = x — iy reduce the Laplace equation
in two dimensions to

%y
a¢ on B

where v(€,m) = u(x, y). Integrate this twice to obtain result (9.45)
directly.

4

7. In »15 (page 245), if the boundary condition were u = du/éy = 1
when y = 0 for all x > 0, in which region of the xy-plane would u
be determined ?

%u %u %u
8. Solve 6 — — 5
ox? ox dy oy

subject to u = 2x + 1 and ou/éy = 4 — 6x bothony = 0.

2 2

u
+ 3 — = x(2y + 3x).
ox Oy ay? 2 )

9. Solve
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10. An incompressible fluid of density p and negligible viscosity
flows with velocity v along a long thin straight tube, perfectly light
and flexible, of cross-section 4 and held under a tension 7. Assume
that small transverse displacements u of the tube are governed by

&%u 2%u T\ 8%u
—+ 2v + (v"’ )
or? ox ot

Show that the general solution consists of a superposition of two
wave forms travelling with different velocities.

The tube initially has a small transverse displacement a cos kx
and is suddenly released from rest. Find its subsequent motion.

11. Find the general solution of o2u/ox? + 2%ufoy? = x% + y?,
(i) by inspection, (ii) by using D-operator methods. By considering
(x + iy)* + (x — iy)* [or some similar function] verify that they
are equivalent,

12. Find the most general solution of &2u/ox? + 0%u/8y? = x2%y2.

13. Obtain the general solution of the one-dimensional wave equa-
tion by factorizing the differential operator.

14. Obtain a solution to example 9.6 (page 248) by changing vari-
ables to ¢ = x + iy and = x — iy in equation (9.75) and solving
in terms of £ and 7 before resubstituting for x and y.

15. A sheet of material of thickness w, specific heat s, density p
and thermal conductivity &, is isolated in a vacuum but its two sides
are exposed to sources of heat radiation of intensities J; and J,
W m~2, Ignoring short-term transients and assuming a solution of
the form (9.79), show that:

(i) its rate of temperature rise is, as expected, (J1 + J2)/spw deg. s~ %,
(ii) the temperature difference between its two surfaces is
(J2 — J)w/2k deg.

16. In a cable of resistance R and capacitance C per unit length,
voltage signals obey the equation &2V/éx%2 = RC éV/ét. This has
solutions of the form given in (9.85) and also of the form V =
Ax + D. Find a combination of these which represents a steady
voltage V, applied at x = 0 at time r = 0. Obtain a solution des-
cribing the propagation of the voltage signal resulting from the
application of the signal V' = ¥V, for 0 < ¢t < 7, V = 0 otherwise,
to the x = 0 end of an infinite cable. Show that for ¢ > T the maxi-
mum signal occurs at a value of x proportional to #*'2 and has a
magnitude proportional to # 1.

17. The daily and annual variations of temperature at the surface
of the earth may be represented by sine-wave oscillations with equal
amplitude and periods of 1 and 365 days respectively. Assume that
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for (angular) frequency w the temperature at depth x in the earth
is given by u(x, 1) = Asin(wt + px) exp (—Ax), where A and p
are constants (to be found).

Find the ratio of the depths below the surface at which the ampli-
tudes have dropped to 1/20 of their surface values.

At what time of year is the soil coldest at the greater of these
depths, assuming the smoothed annual variation at the surface has
a minimum at 25 January?

18. Transmission line using Laplace transforms (cont).

(a) Eliminate I(x, s) from (9.95) to obtain a second-order equation
for V(x, s).

(b) For the simplest case in which io(x) and vo(x) are identically
zero and the end x = 0 of a semi-infinite line is maintained at a
constant voltage E for all ¢+ > 0, show that the general solution for
V(x, s) is

V(x, s) = A(s) exp (— Ax) + B(s) exp (Ax),

with the boundary conditions ¥ (0, s) = Es~!, V(o, s) is finite, and
A = X(s) given by

A% = (R + Ls)(G + Cs).
(¢) From (b) the voltage transform V(x, s) is given by

Vix,s) = -f-:exp {=x[(R + Ls}G + Cs)]*'%.

The general inversion of this to give v(x, t) is difficult, but, using
table 5.1 of transforms, establish the given solutions for the follow-
ing special cases:

(i) The lossless line, R = G = 0 for which v(x, r) = EU( — (x/c))
with ¢ = (LC)~Y2, i.e. the voltage is zero until the effect of the
applied voltage, travelling with velocity ¢, reaches the point x, after
which it always has the value E.

(ii) The ‘distortionless’ line in which the geometry and materials
are so arranged that (R/L) = (G/C) = «. For such a line

v(x,t) = Eexp (—ax/c)U(t — x/c),

i.e. the effect of the applied voltage still propagates with velocity
¢ = (LC)~ Y2, but suffers an attenuation e~! in a distance c/«. [For
general values of R, L, G and C, attenuation always occurs with the
amount of it depending upon the frequency of the signal. For the
particular arrangement (R/L) = (G/C) all frequencies are attenuated
by the same factor and so any signal - in the above case a step
function — is transmitted undistorted.}]
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(ili) The submarine cable, L = G = 0. Here the transform of the
voltage v(x, ?) is given by

E
V(x, s) = — exp [—x(CR)*'2s¥2]).
s

The inverse transform of this is not given in table 5.1, but is in fact
v(x, 1) = E{1 — Erf [x(CR)*/2/2¢12]},

[In view of the discussion leading to (9.94) and the form (9.85)
of a solution to the diffusion equation, this general type of solution
is not surprising.]

19. A rod is clamped at both ends, x = 0 and x = /. Show that if
it executes transverse vibrations as described in section 9.13 with
angular frequency n = a)2, then A must satisfy

cosh Al = sec A/
and that the vibration is described by

u(x, t) = A[(sinh Ax — sin Ax)(cosh A/ — cos Al)
— (cosh Ax ~ cos Ax)(sinh A/ — sin A/)] cos (a?A%t + ¢€).

[At a clamped point both ¥ and du/éx must vanish.]

20. By forming and solving its Laplace transform find the solution
of the one-dimensional wave equation

%u 1 %

ax2  c2ar?
subject to the conditions

u(x, 0) = iu(—-';;—o—)— =0 and u(0,1) = f(¢).

Find in particular the displacement at time ¢ and position x of
a string which is initially at rest and one end of which is raised,
starting at r = 0, through a height /4 at a constant velocity v.

21. Consider a lossless transmission line (R = G = 0) of length /,
which is initially at zero voltage and carries no current. The end
x = [ is shorted and a constant voltage E is applied at x = 0 at
time s = 0. Obtain an expression for the Laplace transform V(x, s)
of the voltage and by expanding it in a (convergent) sum of exponen-
tials show that the voltage at the point x has the form shown in
fig. 9.4.
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v(x, 1)

20— x 2l 4+ x 4 —x 4l + x t
¢ ¢ 3 C

ﬁp{

Fig. 9.4 The voltage v(x, t) at position x as a function of time f for the transmis-
sion line of example 21.
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Separation of variables

In the previous chapter we demonstrated methods by which some of the
simplest partial differential equations may be solved. In particular, solu-
tions containing the independent variables in definite combinations were
sought, thus reducing the effective number of them. Alternatively one of
the independent variables was eliminated (at least from differential coeffi-
cients) by making a Laplace transformation.

In the present chapter the opposite policy will be pursued, namely that
of trying to keep the independent variables as separate as possible. By
this we mean that if we are seeking a solution u(x, y, z, t) to some p.d.e.
then we attempt to obtain one which has the product form¥

u(x, y,z,t) = X(x)Y(WZ(2)T({). © (10.1)

A solution which has this form is said to be separable in x, y, z and ¢
and seeking solutions of this form is called the method of separation of
variables.

As simple examples, we may observe that of the functions

(i) xyz%sinbz, (i) xy + z¢, (i) (x% + y?)z cos wt,

(i) is completely separable, (ii) is inseparable in that no single variable
can be separated out from it and written as a multiplicative factor, whilst
(iii) is separable in z and ¢ but not in x and y.

When seeking p.d.e. solutions of the form (10.1), we are not requiring
that there is no connection at all between the functions X, Y, Z and T
(for example, certain parameters may appear in two or more of them),
only that the function X does not depend upon y, z, ¢, that Y does not
depend upon »x, z, ¢, etc.

1 It should be noted that the use of upper-case (capital) letters here to denote
functions of the corresponding lower-case variable is intended to enable
an easy correspondence between a function and its argument to be made.
In the present chapter, upper-case letters have no connection at all with the
Laplace transform of the corresponding lower case variable.
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10.1 The general method

For a general partial equation it is likely that a separable solution is im-
possible, but certainly some common and important equations do have
physically applicable solutions of this form and we will illustrate the
method of solution by studying the three-dimensional wave equation.
[A closely related result has already been derived in section 9.7.]
The wave equation in three dimensions is
1 %u
Viu = ——- 10.2
“ c? o012 (102)

We will work in Cartesian coordinates for the present and assume a
solution of the form (10.1). (The solution in alternative coordinate sys-
tems, e.g. spherical polars, is considered later in the chapter.) Expressed
in Cartesian coordinates (10.2) takes the form

u  *u % 1 %u
ox®  oy?  09z2  c?or?

and substituting (10.1) gives

X"YZT + XY'ZT + XYZ'T = ¢ 2 XYZT". (10.4)

It will be noticed that we have here reverted to a dashed notation for
derivatives even though (10.3) is expressed in partial derivatives. This is
to emphasize the fact that each of the functions X, Y, Z and T has only
one independent variable and thus its only derivative is its total deriva-
tive. For the same reason, in each term of (10.4) three of the four func-
tions are unaltered by the differentiation and behave exactly as constant
multipliers.

If we now divide (10.4) throughout by u = X YZT we obtain the equa-
tion as

X Yy z T

(10.5)
x "ty T ZTET

1
2

This form shows the particular characteristic which is the basis of the
method of separation of variables, namely that, of the four terms, the
first is a function of x only, the second of y only, the third of z only, and
the right-hand side a function of ¢ only, and yet there is an equation con-
necting them. This can only be so if each of the terms does not in fact
[despite appearances] depend upon the corresponding independent vari-
able, but is equal to a constant, the four constants being such that (10.5)
is satisfied.
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Since there is only one equation to be satisfied and four constants in-
volved, there is considerable freedom in the values they may take. For
the purposes of continuing our illustrative example let us make the
choice of —I2, —m?, —n? for the first three constants. The constant
associated with ¢~2T"/T must then necessarily have the value —p? =
—(%2 + m® + n?).

Having recognized that each term of (10.5) is individually equal to a
constant (parameter), we can now replace it by four separate ordinary
differential equations,

X _ L, v _ z ., 1

¥ 12, v m?, ~ n?, =T u2. (10.6)
These can be solved without difficulty; the general solution of the first
one for example being

X(x) = Aexp (ilx) + Bexp (—ilx), (10.7)

and similarly with the others.

The important point to notice however is not the simplicity of the
equations (10.6) [the corresponding ones for a general p.d.e. are usually
far from simple], but that, by the device of assuming a separable solution,
a partial differential equation (10.3), which contained derivatives with
respect to four independent variables all in one equation, has been re-
duced to four separate ordinary differential equations (10.6). These ordi-
nary equations are connected only through four constant parameters
which satisfy an algebraic equation. The constants are called the separa-
tion constants.

To finish off our example by explicitly constructing a solution, suppose
that we take as particular solutions of (10.6) the four functions

X(x) = exp (ilx), Y(y) = exp (imy),
Z(z) = exp (inz), T(t) = exp (—icut). (10.8)

Then the particular solution of (10.3) so constructed is

exp (i/x) exp (imy) exp (inz) exp (—icut) (10.9 a)
exp [i(Ix + my + nz — cut)]. (109 b)

u(x, y, 2, 1)

This is a special case of the general solution (9.74) obtained in the pre-
vious chapter and represents a plane wave [of unit amplitude] propagating
in a direction given by the vector (/, m, n) with velocity ¢. In the conven-
tional notation of wave theory, /, m and n are the components of the wave
number k [whose magnitude k = 2n/(wavelength of the wave)] and cu
is the angular frequency w of the wave. This gives the equation in the
form
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u(x, y, z, 1) = exp [i(kx + k,y + kz — wt)]
exXp [l(kl’ - wt)], (10]0)

and makes the exponent in the exponential dimensionless.

It has been noted in the previous chapter that exponential solutions of
p.d.e. have at one and the same time both a ‘combination’ and a ‘separa-
tion’ of variables aspect; they are therefore perhaps somewhat misleading
to use in illustrative examples. However, the point is that so far as the
method of separation of variables is concerned, the above problem is
finished at equation (10.9 a) and the remainder of the manipulation is
only for the purpose of tying the result in with our previous work.

10.2 Some particular equations (revisited)

In this section we will use the separation method to obtain further solu-
tions to some of the equations which were considered in the last chapter,
restricting ourselves for the moment to Cartesian coordinates. Some re-
sults will be given as worked examples and others left for the reader to
obtain from the » exercises.

Example 10.1. Use the method of separation of variables to obtain for
the one-dimensional diffusion equation

K —=-=, (10.11)

a solution which — 0 as r — co for all x.
Here we have only two independent variables x and ¢, and therefore
assume a solution of the form

u(x, t) = X()T(¢). (10.12)
Substituting in (10.11) and dividing through by ¥ = XT we obtain
X" T

X T

K

Now, arguing exactly as before that the left-hand side is a function of x
only and the right-hand side of ¢ only, we conclude that each side must
equal a constant which we will take as —A. This gives us two ordinary
equations

KX"+ 22X =0,
T 4+ AT =0,



270 Separation of variables

with solutions

X(x) = Asin [(A/K)2x] + Bcos [(A/K)'%x], (10.13 a)
T(1) = exp (= Ar). (10.13 b)

Combining these to give the assumed solution (10.12) yields

u(x, 1) = [Asin (A\/K)Y2x + Bcos (\/K)*2x] exp (—Ar). (10.14)

In order to satisfy the requirement that u— 0 as t — oo, A must be >0
[and since K > O the solution is sinusoidal in x — and not a disguised
hyperbolic function].

It will be noticed in this example that any value of A, provided it is
positive, will suffice. The only requirement is that the function (10.13 a)
appearing in the solution (10.14) is multiplied by the function (10.13 b)
corresponding to the same value of A. In view of the linearity of (10.11),
this opens up the possibility that further solutions might be obtained
which are sums (superpositions) of functions like (10.14), but involving
different values of A in each term. This point will be taken up again in a
later section.

»1. For the case of no external force density, find solutions of (9.23), des-
cribing the vibrations of a uniform stretched membrane, which are
separable in x, y and 1.

In particular find those solutions which describe the vibration of a
membrane stretched on a rectangular frame of length a and width b,
so determining the natural frequencies of such a membrane as

‘l'r2T(n2 m2)
w2 = —|— + —)>
p \a? b?

where n and m are any positive integers.

»2. Obtain solution (9.103) for the Schrodinger equation (9.99) using
separation of variables and show that the separation constants must be
such that equation (9.102),

P+ pi + pZ = 2mE,

is satisfied.

»3. Obtain a different solution to the Schrodinger equation describing a
particle confined to a cubical box of side a [¥ must vanish at the walls
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of the box]. For this situation show the quantum mechanical result that
the energy of the system can take only the (quantized) values

277,2

o (n + n3 + nd),
(]

where n,, n,, n, are positive integers.

As a final example, before passing on to non-Cartesian coordinate sys-
tems, we will investigate the separable solutions of the two-dimensional
Laplace equation in the form

o%u %
— + —=0. 10.15
PR (10.15)

If we assume a solution u(x, y) = X(x)Y(y) then we must have
»4. X"=2X and Y’ = —Y. (10.16)
Taking A as >0, the general solution, for that particular A, becomes
u(x, y) = (A cosh px + B sinh ux)(C cos uy + D sin py), (10.17)

where 2 = A If A is <O then the roles of x and y interchange. The par-
ticular combinations of sinusoidal and hyperbolic functions and the values
of Aallowed will be determined by the geometrical properties of any specific
problem, together with any prescribed or necessary boundary conditions.

A particular case of (10.17) links up with the ‘combination’ result
u(x, y) = f(x + iy) of the previous chapter, namely when

»5. A =B, D =i1C, and f(p) = ACexp (uwp).

10.3 Laplace’s equation in polar coordinates

So far we have considered the solution of p.d.e. only in Cartesian coordi-
nates, but many systems in two and three dimensions are more naturally
expressed in some form of polar coordinates, in which full advantage can
be taken of inherent symmetries. For example, the potential associated
with an isolated charge has a very simple expression e/4me,r when polar
coordinates are used, but involves all three coordinates [and square roots]
when Cartesians are employed. For these reasons we now turn to the use
of separation of variables in two-dimensional polar, spherical polar and
cylindrical polar coordinates.

Most of the partial equations we have considered so far have involved
the operator V2 e.g. the wave equation, the diffusion equation, Schro-
dinger’s and Poisson’s equations. It is therefore appropriate that we recall



272 Separation of variables

the expressions for V2 when expressed in these polar coordinate systems.
From section 4.7 they are:

10 b7 1 &2 . .
V2= — (r —) + — —— (two-dimensional polars), (10.18 a)
ror\ or r? o¢?

V2 13(28\)+ 1 3('98>+ 1 o?
=——|rP—}+ ———\sinf — —_—
2o\ or r?sin 8 06 o8 r? sin? 4 o¢?

(spherical polars), (10.18 b)

V2__l 8( 8)+l 82+ o?
T ror r or rrog?  oz°

(cylindrical polars). (10.18¢)

The first of these is not given explicitly in chapter 4, but may be obtained
from the last by taking z identically zero, or from the general expression
(4.29), or by substituting x = rcos¢, y = rsin¢ into the Cartesian
formula for V2,

The simplest of the equations containing V2 is Laplace’s equation

Viu = 0. (10.19)

It contains most of the essential features of the other more complicated
equations and so we will consider its solution first.

1. Two-dimensional polars. Suppose that we need to find a solution of
(10.19) which has a prescribed behaviour on the circle r = a (e.g. to find
the shape taken up by a circular drumskin when its rim is slightly deformed
from being planar). Then we may seek solutions of (10.19) which are
separable in r and ¢ (measured from some arbitrary radius as ¢ = 0),
and hope to accommodate the boundary condition by examining the
solution found for r set equal to a.

Thus, writing u(r, §) = R(r)®(¢) and using (10.18 a), Laplace’s equation
(10.19) becomes
{37 ( 3R) R 2?0

ror\"ar

Now, employing the same device as previously, that of dividing through

by u = R® (and multiplying through by r2), results in the separated equa-
tion

r @/ @R 1 20
RBr( )

VeI <o 10.20
"or) T ©og (10-20)
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Following our earlier argument this must mean that the two ordinary
equations

rd/ dR .

EE?('E)= ", (10.21 a)
1 d20

e (10.21 b)

are valid. We have chosen the separation constants to have the form
+n? for later convenience; for the present, n is a general (complex)
number.

The second of the equations (10.21 b) has the immediate general solu-
tion

O(¢) = A exp (ing) + Bexp (—ing). (10.22)
Equation (10.21 a) is the homogeneous equation
r’R” + rR' — n?R =0,

which can be solved either by trying a power solution in 7, or, more de-
ductively, by making the substitution r = exp (¢) as described in section
5.10 and so reducing it to an equation with constant coefficients.

»6. Carry out this latter procedure to show that
R(r) = Cr* + Dr—*, (10.23)

Returning to the solution (10.22) of the azimuthal equation, we can
see that if @, and hence u, is to be single-valued and not change when ¢
increases by 2=, then we must have that » is a real integer. Mathematically
other values of n are permissible, but for the description of real physical
situations it is clear that this limitation must be imposed. Having thus
restricted the possible values of n, the same limitations must be carried
over into (10.23) — the same n» must be in both if they are to be compatible
factors in a solution of (10.20).

We may thus write a particular solution of the two-dimensional Laplace
equation as

u(r, ) = [A exp (in) + Bexp (—ind)][Cr* + Dr-"],  (10.24)

where A, B, C, D are arbitrary constants and » is a real integer.

As an (artificial) example of matching a boundary condition, we may
reconsider the deformed circular drumskin and suppose that its support-
ing rim r = g is twisted so that it is not planar by a small amount e sin ¢
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[roughly sketched and greatly exaggerated in fig. 10.1]. We require to
choose n and the constants so that

esin ¢ = u(a, ¢) = [A exp (ing) + Bexp (—ind)][Ca™ + Da~"],

Fig. 10.1 Sketch of the deformed circular drumskin discussed in section 10.3.

and, in addition, to ensure that the deformation of the skin remains finite
everywhere. This second condition requires that D = 0, and the first
that n = 1 and AC = —BC = ea™"/2i.

Hence the appropriate shape for the drumskin [valid over the whole
skin, not just on the rim] is

ur, d) = Zsin g
a

2. Spherical polars. Passing now to three dimensions, we come to pos-
sibly the most widely applicable single equation in physical science,
namely the solution of VZu = 0 in spherical polar coordinates,

| ( 2E)u)_‘_ 1 o /. oau)+ 1 o%u 0
——{rr— — [sin § — —_—=
r?or r or r?sin 6 09 ( o8 r? sin? 0 o¢?

(10.25)

Our method of procedure will be as before; we try a solution of the
form

u(r, 6, ¢) = R(r)O(6)d(s). (10.26)
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Substituting this in (10.25), dividing through by ¥ = R®®, and multi-
plying by r2, we obtain

, Ll 8R)+ 1 a(_ea@)+ 1 Po
> Eé?(’a or)  ©Osn6oa\" " 20)  ®sin?8 ogr
(10.27)

The first term depends only on r and the second and third (taken
together) only on # and ¢. Thus (10.27) is equivalent to the two equations

ld(zdR)—x (10.28 a)
Rdr d ar) 7 ’

: a(- 020 L7 A (10.28 b)
Osind a8\ ao)+ ®sin®0 og> '

Equation (10.28 a) is a homogeneous equation
rPR" + 2rR" — AR =0, (10.29)
which can be reduced by the substitution r = exp (¢t) and R(r) = S(z) to
»8. S"+ 8 —AS=0.
This has the general solution

S(t) = A exp (myt) + Bexp (mgt),

1.e. R(r) = Ar™ + Br™, (10.30)
where
my +my=—1, (10.31 a)
mmy = —A, (10.31b)

In view of (10.31 a) we can take m; and m, as given by /and —(/ + 1)
and then A has the form /(I + 1). [It should be noted that at this stage
nothing has been either assumed or proved about / being an integer.]

Hence we have obtained some information about the first factor in
the separated variable solution which will now have the form

u(r, 6, $) = (Ar' + Br~*V)0(6)(4), (10.32)

where © and © must satisfy (10.28 b) with A = /(I + 1).
The next step is to take this latter equation further. Multiplying it
through by sin? 8 and substituting for A, it too takes a separated form

Sin”(' 96®)+1(1+1)'2o]+13% 0. (10.33)
— — i ——=0. .
[ o a0\"" 28 > ® o¢° (
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Taking the separation constants as m? and —m?, the equation in the azi-
muthal angle ¢ has the by now very familiar solution

D(¢) = Csinm¢ + D cos me. (10.34)

As in the two-dimensional case, single-valuedness of u requires that m
is a non-zero integer. The particular case m = 0 yields the solution

®(¢) = C$ + D. (10.35)

This form is appropriate to a solution with axial symmetry (C = 0) or
one, such as the magnetic scalar potential associated with a wire carrying
a current I (C = I/2= and D arbitrary), which is multivalued [but manage-
ably so).

Having settled the form of ®(¢), we are left only with the equation
satisfied by ®(6) which is (from (10.33))

sinfd/ _dO Con g
T (sm 0 do) + I(l + 1)sin? 8 = m?. (10.36)
A change of the independent variable from 6 to p = cos 8§ [we avoid
x = cos 8 in case confusion with the spatial coordinate arises] will
reduce this to a form for which solutions are known, and of which some
study has been made in an earlier chapter (chapter 6).
Putting

dp d d
_ 0, = = _sinf, — = —(1 — p)2 —,
u = cos b, 30 sin 30 ( 7)) m
gives the following equation for M(x) = (),

9 i[1 2(-iil-]+[ll 1) —
»9. d#(—M)d# 7+

2

] M=0. (10.37)
1 — p?
This equation is the associated Legendre equation which was mentioned
(equation (7.23)) in the discussion of Sturm-Liouville equations.

For the case m = 0, (10.37) reduces to the Legendre equation which
was studied at length in section 6.7 and has the solution (finite at u = 0)

M(w) = Pyp). (10.38)

We have not explicitly solved (10.37) for general m, but the solution to it
is the so-called associated Legendre functiont

0(6) = M(p) = Pp(p) = (1 — p?*m Pp). (10.39)

1 The reader may refer to Morse and Feshbach, Methods of theoretical
physics (McGraw-Hill, 1953) for example, for full details. For a proof that
(10.39) satisfies (10.37) see example 4 of section 10.8.
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Here m must be an integer with 0 < |m| < 1

It is one of the important conditions for obtaining finite polynomial
solutions of Legendre’s equation that / is an integer >0. This condition
therefore also applies to the solutions (10.38) and (10.39) and is reflected
back to the radial part of the general solution, as given in (10.32).

Now that the solutions of each of the three ordinary differential equa-
tions governing R, ® and ® have been obtained, either explicitly or in
terms of tabulated functions, we may finally assemble the complete separ-
ated variable solution of Laplace’s equation in spherical polars. It is

u(r, 6, ¢) = [Ar* + Br-@+1]
x PP(cos 6)[C sin m$ + D cos m¢], (10.40)

where the three multiplicative functions are connected only [but crucially]
through the integer parameters / and m with / > |[m| > 0.

»10. Denoting the three terms of V2 as given in (10.18 b) by VZ, VZ, VZ,
in an obvious way, evaluate directly for the two functions given, VZu,
VZu, V3u, and verify in each case that, although the individual terms are
not necessarily zero, their sum V2u is. Identify the corresponding values
of / and m.

. B\ 3cos26 — 1

() u(r, 8,¢) ={Ar* + — ) —.

rs 2

B
(i) u(r, 6, ¢) = (Ar + 72;) sin 9 exp (i$).

Example 10.2. An uncharged conducting sphere of radius q is placed at
the origin in an initially uniform electrostatic field E. Show that it be-
haves as an electric dipole.

Fig. 10.2 Induced charge and field lines associated with the conducting sphere of
example 10.2.
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The uniform field, taken in the direction of the polar axis, has an electro-
static potential

u = FEz = Ercos 9,

where u is arbitrarily taken as zero at r = 0. This satisfies the Laplace
equation V2u = 0, as must the potential v when the sphere is present;
for large r the asymptotic form of v must still be Er cos 8.

The cos 8 dependence of v [and the absence of any azimuthal depen-
dence] indicates that the 6,4 dependence of u(r, 6, 4) is given by
PY(cos ) = cos 6. Thus the r dependence of v must also correspond to
an / = | solution. The most general such solution is 4r* + Br~2. The
asymptotic form immediately gives 4 as E and so yields for the solution
(outside the sphere, r > a),

B
ur, 0, ¢) = (Er + —2) cos 6.
r
Since the sphere is conducting, v must not depend on 8 for any r equal to
a. This can only be if B/a®> = — Ea, thus fixing B. The final solution is
therefore
3

a
v=E(r— —2>cos0,
r
showing that the sphere behaves as a dipole of moment — Ea® [physically
because of the effect of the charge distribution induced in the sphere, as
roughly indicated in fig. 10.2].

3. Cylindrical polars. Having dealt with the spherical polar case at some
length, only an outline of the solution in cylindrical polars will be given,
leaving the details for the reader to fill in.

The equation to be solved is
10 ( 8u) 1 o%u 2%

DNt == + = =0. 41
")t rae s (10.41)

ror

Substituting u(r, ¢, z) = R(r)®($)Z(z) and using separation constants
+n* and +m? yields the three ordinary equations

Z"—-nZ =0, (10.42 a)

" + m*d =0, (10.42 b)

d{ dR
»11. r—\r—) + (n*r* — m®»R = 0. (1042 ¢)
dr\ dr
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The first two equations have straightforward solutions and the third
can be transformed by writing
d

d
u = nr, r—=p— R(r)= M@, (10.43)
dr du

into Bessel’s equation of order m:

&EM1dM 2
(1 - m—z)M 0. (10.44)
"

»>12.

dp?  p du

The solutions J,(n) of Bessel’s equation were investigated in chapter 6
and will not be pursued here.

The complete separated variable solution in cylindrical polars of
V2u = 0 is therefore

u(r, ¢, z) = J(nr)[4 cos m¢ + B sin m¢]
x [Cexp (nz) + Dexp(—nz)]. (10.45)

104 Spherical harmonics

In obtaining solutions in polar coordinates of V2u = 0, we found that the
angular part of the solution was given by

O(O)D(¢) = P cos 0)[C sin m¢ + D cos me]. (10.46)

This general form is sufficiently common that particular functions of
6 and ¢ called spherical harmonics are defined and tabulated. The spherical
harmonics Y7(0, ¢) are defined by

) S+ 10— m)pe
)’}(0,95):(_1)[ 4r m]

x Pcos @) exp(im ¢), form > 0. (10.47)

For values of m < 0 the relation
Yrimi(g, ) = (=)™ Y!™*8, 4) (10.48)

defines the spherical harmonic. The asterisk denotes complex conjugation.

Since they contain as their 8-dependent part the solution to the associ-
ated Legendre equation, and this is a Sturm-Liouville equation, the YT
are mutually orthogonal when integrated from —1to +1 over d (cos 6).
Their mutual orthogonality with respect to ¢ (0 < ¢ < 2#) is even more
obvious. The numerical factor in (10.47) is chosen to make the Y} an
orthonormal set, i.e.

f 1 f - Y*(6,4) Y7(6, ¢) dé d(cos 6) = 8 8. (10.49)
-1 vo
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As well as forming an orthonormal set they form a complete set in
that any reasonable (likely to be met in a physical situation) function of
6 and ¢ can be expanded as a sum of such functions

© 3
f(6,¢) = > am Y6, ), (10.50)

1=0 m= -1

with the constants a,, given by

1 2n
A = f f Y*(9,4)f(8, ¢) dé d(cos 6). (10.51)

This is an exact analogy with Fourier series and a particular example
of the general property of Sturm-Liouville solutions (chapter 7).

»13. Starting with the information (chapter 6) that Py(p) = 1, Py(n) = u,
Py(u) = $(3u? — 1), obtain expressions as functions of 6 and ¢ for all
Y™O,é)uptol = 2.

Verify the normalization of (say) Y1 and the orthogonality of (say)
Y3 and Yi.

»14. Without worrying about the normalization, make rough polar
sketches of the modulus squared | Y[*(6, ¢)|2 of the spherical harmonics
calculated in »13. (In a polar plot the length of the radius vector in a
particular direction 8 gives the value of the function for that 6.)

[These plots, which are independent of ¢, give the probability distribu-
tions for finding an atomic electron in different polar directions — for a
fixed r — when the electron is in a state with angular momentum quantum
numbers / and m.]

10.5 The wave and Schrodinger equations in spherical polars

The development of solutions of V2u = 0 carried out in the previous two
sections can be readily employed in solving some other equations in
which the V2 operator appears. In particular, partial differential equations
expressed in polar coordinates in which the variables 8 and ¢ appear only
in the V2 term can be solved in an almost identical way. What is more,
the angular parts of the solutions &(6)®(¢) are identical to those of the
Laplace solutions.
As a specific example, consider the three-dimensional wave equation
1 d%u

Vi = — — :
= (10.52)
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Expressed in spherical polar coordinates and with a separated variable
trial solution u(r, 0, ¢, t) = R(r)O(0)D($)T(t) this becomes in the usual

way,
1 6(28R) I 3(, 6@) 1 20
—_— =)+ ——(sinf— ) + ————
Rr2 or or Or?sin 8 00 o0 ®r? sin® 0 o¢?
L oT (10.53)
T erTer

Setting both sides equal to a separation constant —k? (k% must be >0
to give a physically oscillating solution), T has the general solution

T(t) = Aexp (ikct) + Bexp (—ikct). (10.54)

The quantity kc is usually written as w, the angular frequency of the wave;
k itself is the wave number.

After this separation off of the r dependence, (10.53) with the right-hand
side now set equal to — k2, is identical to (10.25) except for the —k? term.
On muitiplying through by r? an additional term k2r2R is added to the
equation for R, but @ and @ are identical to those obtained in (10.39)
and (10.34) respectively.

With the additional term k%2R, instead of (10.29) we have as the equa-
tion satisfied by R,

2R" + 2rR’ + [kzrz — I+ DR = 0. (10.55)

This looks much like Bessel’s equation (cf. equation (10.44)) and can in
fact be reduced to it by writing R(r) = r~22S(r). The function S(r) then
satisfies

»15. 128" + 1S + k%% — (I + $?S = 0, (10.56)

which, after changing the variable to u = kr, is Bessel’s equation of order
!+ % and has as its solutions S(p) = Ji,.10(p) or Yi.10(x), the latter
being the second independent solution (infinite at » = 0 and not to be
confused with a spherical harmonic).

One possible complete solution of the wave equation is thus

u(r, 0, ¢, t) = r~Y2J,y,9(kr) P'(cos 0)
x [A cos m¢ + Bsin mé]exp (ikct). (10.57)
»16. It was shown in (6.34) that Jy,o(u) oc p~'?sin n, thus giving the
dependence of (10.57) as

o sin (kr)

exp (ikct)
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when I = 0. Show directly that this is a solution of (10.53) — one which
has no @ or ¢ dependence.

The solutions oc r~42J,,,,4(kr) of (10.55), when suitably normalized
are called spherical Bessel functions and denoted by j,(kr). The normaliza-
tion is

L2
i) = (Z) Jrvrale). (10.58)

They are trigonometric functions of x and for / = 0 and 1 are given by

Jo(p) = sin g,
sin

) = —£ — cosu. (10.59)
The independent solutions of (10.55), n(n) are derived similarly from the
Yii1e(p).

It will be noticed that although the solution (10.57) corresponds to a
definite frequency solution w = k¢, except for the case / = 0 involving
Jo(p), the zeros of the radial function (j(kr)) are not equally spaced in r
and so there is no precise wavelength associated with the solution.

To conclude this section, let us mention briefly the Schrodinger equation
applicable to the electron in a hydrogen atom, the nucleus of which is
taken at the origin and is assumed massive compared to the electron.
Under these circumstances the equation is (equation (9.24))

2 2
P o 2 2 (10.60)
2m, ey 1 ot

Assuming a ‘stationary state’ solution for which the energy is E and
the time dependent factor T in u is given by T(¢) = exp (—iEt/f), this
also becomes an equation similar to (10.25), except that again the r-
dependent part is modified.t However, as with the wave equation, the
angular parts of the solution are identical with those of equations (10.34)
and (10.39) and are expressed in terms of spherical harmonics (see the
note to »14).

The important point to make is that for any equation involving V2,
so long as 8 and ¢ do not appear in the equation other than as part of
V2, then a separated variable solution in spherical polars will always
lead to spherical harmonic solutions.

1 For the solution by series of the r-equation the reader may consult, e.g.
Schiff, Quantum mechanics (McGraw-Hill, 1955) p. 82.
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10.6 Superposition methods

As has been hinted at earlier in this chapter, the solutions we have ob-
tained so far in separated variable form have by no means been used to
their full capabilities. In fact, to illustrate them physically we have con-
trived situations which fit the solutions, rather than the other way about.
The contrivance has been in choosing problems whose boundary condi-
tions are immediately met by the choice of a single constant.

However, we have seen that in obtaining the separated solutions, there
is in general a considerable freedom in the values of the separation con-
stants; sometimes they must be integers, or must be >0, or some such
conditions, but even such restrictions normally leave a lot of latitude.
The only essential condition is that we associate the correct function of
one independent variable with the appropriate functions of the others —
the correct one being the one with the same values of the separation con-
stants.

If the original partial equation is linear (as are Laplace’s, Schrodinger’s,
the diffusion and the wave equations) then mathematically acceptable
solutions can be formed by superposing (adding) solutions corresponding
to different values of the separation constants. To take a two-variable
example, if

up,(x, ¥) = X5, () Y5, (3) (10.61)

is a solution of a linear p.d.e. obtained by giving the separation constant
the value A;, then the superposition

u(x, J’) = alx)\l(x) Y)\l(y) + agX)\z(x) Y)\z(y) 4+ ..
=Y aX ()Y (») (10.62)

is also a solution of the same p.d.e. for any constants «;.

The value of this is that a boundary condition, say that u(x, y) takes a
particular form f(x) when y = 0, might be met by choosing the constants
a; so that

() =D a0 X, (). (10.63)

This will generally be possible provided the functions X, (x) form a com-
plete set — as do the sinusoidal functions of Fourier series or the spherical
harmonics of section 10.4.

To illustrate this approach by a concrete example and at the same time
indicate that generally some boundary conditions must be obtained by
physical arguments, we will apply it to the following example (with more
explanation than would be usual in a normal solution).
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Example 10.3. A bar of length / is initially at a temperature of 0 °C. One
end of the bar (x = 0) is held at 0 °C and the other is supplied with heat
at a constant rate per unit area of H. Find the temperature within the
bar after time 1.

With the notation we have used several times before, the heat diffusion
equation satisfied by the temperature u(x, t) is

g _ (10.64)
ax2 8_t’ '
with K = k/sp.

It is clear that ultimately (¢ = o0), when all the transients have died
away, the end x = / will attain a temperature u, such that

kug

H,
/
and there will be a constant temperature gradient,

u(x, o0) = u—;i (10.65)

In example 10.1 we obtained a separated variable solution for the one-
dimensional diffusion equation

u(x, 1) = [A4 sin (A/K)2x
+ Bcos (A/K)2x}exp (— At), (10.14 bis)

corresponding to a separation constant A. If we restrict A to be positive
then all of these solutions are transient ones decaying to zero as t— o0.
These are just what is needed for adding to (10.65) to give the correct
solution as ¢ — oo, but at the same time allowing the possibility of satis-
fying the initial condition that the bar is everywhere at zero temperature,

u(x,0) =0 for all x. (10.66)

One further boundary condition to be met is that the x = 0 end is
permanently at zero temperature, i.e. u(0, 1) = O for all 7. Looking at the
sum of (10.65) and (10.14 bis) for x = 0, this implies that B = 0 for each
A and so reduces the proposed solution to

u(x,z)=51’f+ > AAsin[(I%)mx]exp(—/\t). (10.67)

someA>0

As we have noted [and contrived] this satisfies all physical conditions
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at t = oo and at x = 0, as well as being a solution of (10.64); all that
remains is to satisfy (10.66). This requires that

A\L2
0= ﬁ + z A, sin (—1—(—) x, 0<x<xl (10.68)

l someA >0

That the A4, can be chosen to make this true for all x in 0 < x </
follows from the work of chapter 8 on Fourier series. The physical func-
tion —uyx/l for which a Fourier series is needed is shown in fig. 10.3 (a).
Equation (10.68) shows that we want a series, which is odd in x [sine
terms only] and continuous at x = 0 and / [no discontinuities, since the
series must converge at the end points]. This leads to the continuation
shown in fig. 10.3 (b) with a period of 4/.

(@)

1=
—_— ]~

Fig. 10.3 (a) The equilibrium temperature distribution of the bar in example 10.3.
(b) The appropriate continuation for a Fourier series containing only sine
functions.

The corresponding Fourier series can be found in the usual way as

8 (=1 2n + 1
»7. uox uo Z ) i [( n )-rrx].

» (2n + 1)2 21

Comparing this with (10.68) shows that the only values of A needed are
those given by

(A)“Z _@nt

K 21

n=012,...,00
K

and that then
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The final formula for u(x, t) is thus

u(x, 1) = Hﬁ - .8_111. i Sl sin [(Zn * l)ﬂx]
K km® A (0 1P 2
k(2n + 1)%n%
X exp {_T""SP—]’

giving the temperature for all positions 0 < x < /and for all times ¢ = 0.

107  Solutions by expansion

It is sometimes possible to use the Uniqueness theorem of the previous
chapter together with the results we obtained in section 10.3, where
Laplace’s equation was considered in polar coordinates, to obtain the
solution of the equation appropriate to a particular physical situation.

The essence of the method is to assume that the required solution of
the Laplace equation, V2u = 0, can be written as a superposition of (say)
the solutions found in (10.40), namely

@© ]
ur,6,¢) = > > [Ar' + Br-9*V)Pr(cos 6)
=0 m=-t x [Csin m$ + D cos m$), (10.69)

where all the constants, 4, B, C, D, may depend upon / and m.
Boundary conditions of a physical nature will then fix or eliminate
some of the constants, e.g.

(i) u is finite at the origin implies all B = 0,

(ii)) u— 0 as r — oo implies all 4 = 0,

(iii) axial symmetry of the solution implies that only m = 0 terms are
present,

(iv) u = 0 at r = q relates the constants 4 and B.

The remaining constants are then found by determining u at values of
r, 8, ¢ for which it can be evaluated by other means, e.g. by direct calcula-
tion on an axis of symmetry. Once the remaining constants have been
fixed by these special considerations to have particular values, the Unique-
ness theorem can be invoked to establish that they must have these values
in general.

To illustrate the method consider the problem of calculating the gravi-
tational potential at a general point in space due to a uniform ring of
matter. Everywhere except on the ring the potential u(r) satisfies the La-
place equation and so if we use polar coordinates with the normal to the
ring as polar axis (fig. 10.4) a solution of the form (10.69) can be assumed.
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Fig. 10.4 The polar axis Oz is taken normal to the plane of the ring of matter and
passing through its centre.

We expect the potential u(r, 6, $) to — 0 as r — oo and also to be finite
at r = 0. At first sight this might seem to imply that all 4 and B and hence
u must be identically zero — an unacceptable result. In fact, what it means
is that different expressions must apply to different regions of space.
On the ring itself we no longer have V?u = 0 and so it is not surprising
that the form of expression changes there. Let us therefore take two
separate regions.

1. r > a. In this region

(i) we must have u— 0 as r — co implying all 4 = 0,
(i1) the system is axially symmetric and so only m = 0 terms appear.

With these restrictions we can write as the trial form

u(r, 8,¢) = > B, r ¢+*PPYcos 6), (10.70)

=0

with the constants B, still to be determined. This we do by calculating
directly the potential where it can be done simply - clearly, in this case,
on the polar axis.

Considering the point P a distance z from the plane of the ring (taken
as 8 = =/2), all parts of the ring are a distance (z2 + a?)*2 from it, where
a is the radius of the ring. The potential there is thus straightforwardly

GM
(2® + )2 ’

u(z, 0, §) = (10.71)

with G the gravitational constant and M the mass of the ring of matter.
This has to be the same as (10.70) for the particular values r = z, § = 0,



288 Separation of variables

and ¢ undefined. Recalling that PP(cos 8) = P(cos §) with P(1) =1,
putting r = z in (10.70) gives

o«

u(z,0,¢) = Z pre (10.72)

On the other hand, expanding (10.71) for z > a (as it is in this region
of space) we obtain

0,4 = M [1 1(”)2 + 3(“)4 ] (10.73)
uz,0,9) = z 2\z 8\z )
Comparing (10.72) and (10.73) shows that}
=GM,
- GMa* (- 12l — H!
By = GMaz’( %) = (= X ) (= 1), (10.74)
1 21
B4y = 0.

We can now conclude the argument by saying that if a solution for a
general point (r, 0, ¢) exists at all [which of course we very much expect
on physical grounds] then it must be (10.70) with the B, given by (10.74).
This is so because it is a function with no arbitrary constants which
satisfies all the boundary conditions and the Uniqueness theorem states
that there is only one such function.

The expression for the potential in the region r > a is therefore

u(r, 0, 4) = [ Z -_—l(;‘%:ﬂ—v (7) P, (cos 0)].
(10.75)

2. r < a. In a similar way an expression valid for r < a can be found.
Without much explanation, the main steps in its derivation are as follows.
The finiteness of » at » = 0 and the axial symmetry give

u(r, 6,4) = > A, rPY(cos 6). (10.76)
1=0
Comparing (10.76) for r = z, 8 = 0 with the z < g expansion of

(10.71) [which is valid for any z] establishes Ay.,; =0, 4o = GM/a
and

GM (-}
»18. A2,=;;I—+'i I )

fQI—DN=1x3x -+ x@ -1
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The final expression valid {and convergent] for r < a is thus

u(r, 6, ¢) = G—aAZ[I + i (—-ﬂZn_:__l)!_!(g)% Pon(cos 0)].

n=1 2"n!

(10.77)

»19. Check that the solution obtained (i) has the expected physical value
for large r and for r = 0, (ii) is continuous at r = a.

10.8  Examples for solution
1. Solve the first-order equations

. ou Ju . ou ou
(i)— —-x—=0, (i) x——2y—=20,
'y ox oy

by separating the variables. Verify in each case that the solution is

compatible with the general forms deduced for these equations in
sections 9.1 and 9.2.

2. A conducting cube has as its six faces the planes x, y,z = 0, a
and contains no internal sources of heat. Verify that the tempera-
ture distribution

X\ . (7Z 2Kn?
u(x, y,z,t) = Acos (—) sin (—) exp (__ S t) ,
a a a

where K has the same meaning as in example 10.1, obeys the appro-
priate diffusion equation.

On a rough sketch indicate the temperature distribution and heat
flow pattern to which this solution corresponds.

3. As described in section 9.13 the free transverse vibrations of a
thick rod satisfy the equation
otu %y

—+—=0

a4
oxt  or?

Obtain a solution in the form of separated variables, and for a rod
clamped at one end x = 0 and free at the other x = / show that the
angular frequency w of the vibrations satisfies

w1/2l wll2l
cosh( ) = —sec( )
a

a

[At a free end 0%u/ox® and &°u/ox® both vanish.]
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4. Prove (10.39) satisfies the associated Legendre equation (10.37)
as follows:

(i) Evaluate dP?"/du and d2P/du? with P! given by (10.39).
(ii) Substitute these results in the left-hand side of (10.37) in the
form

2

m
+ [I(I + 1) - ] 2] P = A (say).

dzpr apr
-2

1 - p?
a-p 0 ™

(iit) Differentiate the Legendre equation m times using Leibniz’
theorem to obtain

m+2 dm+1P1

— 2u(m + 1) ——
d“m+2 p(m ) d#m*'l

B= (1 — p?

drp,
= 0.

+ [+ 1) — mm+ 1] =
du™

(iv) Verify that 4 = (1 — u?»)™2B, and therefore A4 = 0; this
proves that P} satisfies (10.37).

5. For [ = 0, 1, 2 use the results of »-13 to evaluate
!

> 1Yre, )z,

m= -1

showing that whatever the values of 8 and ¢, the above expression
is independent of them. Use this result to reconcile the note to »14
with the clearly arbitrary choice of polar axis in describing a (un-
polarized) collection of atoms.

[The above expression is independent of 6 and ¢ for any /, but a
general proof is more involved.]

6. Express the function f(8, ¢) = sin 8[sin® (8/2) cos ¢ + i cos? (6/2)
x sin ¢] + sin? (8/2) as a sum of spherical harmonics.

7. Find the formt assumed by a membrane stretched on a circular
drum of unit radius, when one half of the rim is held flat and the
other given a sinusoidal distortion. Mathematically, solve Laplace’s
equation for the interior of the unit circle with the boundary condi-
tion

u(r = 1,4)

sing for0 < ¢ <,
0 form < ¢ < 2m.

[See example 5 of section 8.11.]

t Consider the possibility of n = 0 terms arising from (10.21).
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8. Find the formt of a membrane stretched between two concentric
rings of radii a and b (b > a) if the smaller one is distorted out of
being planar by an amount ¢|¢|, (-7 < ¢ < =).

9. A string of length /, fixed at its two ends is plucked at its mid-
point by an amount A4 and then released. Assume (but prove if you
wish) that the subsequent displacement is given by

* 84 1 . Q2n + Dmx n + Dmet
—_— sin oS ’
omt Qn 1) T /

u(x, 1) =

where, in the usual notation, ¢2 = T/p.

Calculate the total kinetic energy of the string when it passes
through its unplucked position, by finding it for each mode (each n)
and then summing. [3F 2n + 1)~2 = 7?/8.]

Show that it is equal to the work done in plucking the string
initially.

10. (i) By integrating the relation

Es

(1 = 2ut + 12712 = > 1"Py(p),

n=0
show that,

(- D"2n)!

1
Pooa() dpp = ——— 0
fo a0 e = e+ DY

(ii) A conducting spherical shell of radius a is cut round its equator
and the two halves connected to voltages of + ¥ and — V. Find an
expression for the potential anywhere inside the two hemispheres.
[f1, PHw) dp = 2/2n + 1).]

s (—1)'2n)!(4n + 3)

Answer: u(r, 8, ¢) = V
( #) ,Eo 22n+inl(n + 1)!

r 2n+1
X (;) Pan i i(cos ).

11. Develop the problem corresponding to the previous one, for
cylindrical coordinates; namely find a potential u(r, ¢) which satis-
fies:

(a) V2u = 0 inside the cylinder r = b;
(b) u = V on the half-cylinder r = b, cos ¢ > 0;
(¢) u = — V on the half-cylinder r = b, cos ¢ < 0.

[The geometry here is three-dimensional, but the problem is effec-
tively two-dimensional with no z-dependence.]

+ Consider the possibility of n = 0 terms arising from (10.21).
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12. A slice of biological material of thickness L is placed into a
solution of a radioactive isotope of concentration C,. Find the
concentration of radioactive ions at a distance x from either surface
after a time r. [Very closely related to example 10.3.]

13. Two identical copper bars each of length a are initially one at
0 °C and the other at 100 °C. They are joined end to end and therm-
ally isolated at time 7 = 0. Obtain in the form of a Fourier series
an expression u(x, t) for the temperature at any point distance x
from the join at a later time ¢. {[Bear in mind the heat flow conditions
at the free ends of the bars.]

Verify that your series gives the obvious answer for the total heat
ultimately flowing across the junction. [>& 2n + 1)~2 = #?/8.]

Taking a = 0.5 m estimate the time it takes for one of the free
ends to attain a temperature of 55 °C. [Thermal conductivity of
copper = 3.8 x 102Im-*K~*s"1, sp for copper = 3.4 x 10°
Jm=3)

14. (i) Show that the gravitational potential due to a uniform disc
of material of radius ¢ and mass M is given by

26M r 1/r\2
[1 — — Py(cos 6) + —(—) Py(cos 6)
a a 2\a
1 /r\4
——(—) P,y(cos 0) + ] forr < a,
8 \a
GM 1 2 1 4
i [l - _(f) Py(cos 6) + _(E) Pi(cos 8) — ] for r > a,
r 4 \r 8\r

where the polar axis is normal to the plane of the disc.

(ii) Reconcile the presence of a P;(cos ) term for which Py(— cos 6) =
— Py(cos 6) with the symmetry, with respect to the plane of the disc,
of the physical system.

(iii) Deduce the gravitational field near an infinite sheet of matter
of constant density p per unit area.
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Numerical methods

It frequently happens that the end product of a calculation or piece of
analysis is one or more equations, algebraic or differential (or an integral),
which cannot be evaluated in closed form or in terms of available tabulated
functions. From the point of view of the physical scientist or engineer,
who needs numerical values for prediction or comparison with experi-
ment, the calculation or analysis is thus incomplete. The present chapter
on numerical methods indicates (at the very simplest levels) some of the
ways in which further progress towards extracting numerical values might
be made.

In the restricted space available in a book of this nature it is clearly
not possible to give anything like a full discussion, even of the elementary
points that will be made in this chapter. The limited objective adopted
is that of explaining and illustrating by very simple examples some of the
basic principles involved. The examples used can in many cases be solved
in closed form anyway, but this ‘obviousness’ of the answer should not
detract from their illustrative usefulness, and it is hoped that their trans-
parency will help the reader to appreciate some of the inner workings of
the methods described.

The student who proposes to study complicated sets of equations or
make repeated use of the same procedures by, for example, writing com-
puter programmes to carry out the computations, will find it essential to
acquire a good understanding of topics hardly mentioned here. Amongst
these are the sensitivity of the procedures adopted to errors introduced
by the limited accuracy with which a numerical value can be stored in a
computer (rounding errors), and to the errors introduced as a result of
the approximations made in setting up the numerical procedures (trunca-
tion errors). For this scale of application, books specifically devoted to
numerical analysis, data analysis and computer programming should be
consulted.

So far as is possible the method of presentation here is that of indicating
and discussing in a qualitative way the main steps in the procedure, and
then to follow this with an elementary worked example. The examples
have been restricted in complexity to a level at which they can be carried
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out with a set of mathematical tables and a desk calculator. Naturally it
will not be possible for the student to check all the numerical values pre-
sented unless he has a calculator or computer readily available [and even
then it might well be tedious to do so]. However, he is advised to check
the initial step and at least one step in the middle of each repetitive calcula-
tion given, in order to be sure that he understands correctly how the
symbolic equations are used with actual numbers. There is clearly some
advantage in choosing a step at a point in the calculation where the values
involved are changing sufficiently that whatever calculating device he is
using will have the accuracy to show this.

Where alternative methods for solving the same type of problem are
discussed, for example, in finding the roots of a polynomial equation, we
have usually used the same example to illustrate each method. This could
give the wrong impression that the methods are very restricted in applic-
ability, but it is felt by the author that using the same examples repeatedly
has sufficient advantages in terms of illustrating the relative characteristics
of competing methods, as to justify doing so. Once the principles are clear,
little is to be gained by using new examples each time and, in fact, having
some prior knowledge of the ‘correct answer’ should allow the reader to
make for himself some evaluation of the efficiency and dangers of par-
ticular methods as he follows the successive steps through.

Two other points remain to be mentioned. The first of these is the
location of a chapter on numerical methods in a book of this kind. To
the extent that large parts of the book can be read in any order, the
position of an individual chapter does not matter. However, some methods
are discussed here which relate to matrices and simultaneous linear
algebraic equations, but matrices themselves are not discussed in any
detail until chapter 14. On the other hand it was felt that the present
chapter should follow closely after those on the solution of differential
equations and this accounts for its actual location. The reader who has
no familiarity with matrix equations presumably has no need to solve
them numerically, and so can with equanimity omit the corresponding
sections of the present chapter until he has need of them.

Finally, unlike the case with every other chapter, the value of a reason-
ably large selection of examples at the end of this one for the student to
use as practice or for self-testing, is not too clear cut. The reader with
sufficient computing resources available to tackle them can easily devise
for himself algebraic or differential equations to be solved, or functions
to be integrated (perhaps ones which have arisen in other contexts).
Further, their solutions for the most part will be self-checking. Conse-
quently, although a few simple examples are included, no attempt has
been made to test the full range of ideas which may have been learned
from reading the chapter.
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11.1 Algebraic and transcendental equations

The problem of finding the real roots of an equation of the form f(x) = 0,
where f(x) is an algebraic or transcendental function of x, is one which
can sometimes be treated numerically even if explicit solutions in closed
form are not feasible. Examples of the types of equations referred to are
the quartic equation

ax* + bx + ¢ =0,
and the transcendental equation
x — 3tanhx = 0.

The latter type is characterized by the fact that it effectively contains an
infinite polynomial on the left-hand side.

We will discuss four methods which in various circumstances, can be
used to obtain the real roots of equations of the above types. In all
cases we will take as the specific equation to be solved the fifth order
polynomial equation

fx)=x>*—2x2 -3 =0. (11.1)

The reasons for using the same equation each time are discussed in the
previous section.

For future reference and so that the reader may, with the help of a
ruler, follow some of the calculations leading to the evaluation of the
real root of (11.1), a reasonably accurate graph of f(x) for the range
0 € x < 1.9is shown in fig. 11.1.

Equation (11.1) is one for which no solution can be found with x in
closed form, that is in the form x = a, where a does not explicitly contain
x. The general scheme to be employed will be an iterative one in which
successive approximations to a real root of (11.1) will be obtained, hope-
fully with each approximation better than the preceding one, but cer-
tainly with the requirement that the approximations converge and that
they have as their limit the sought-for root. Let us denote the required
root by ¢ and the values of successive approximations by x,, x,,...,

Xy,,. ... Then for any particular method to be successful
lim x, = ¢, where f(§) = 0. (11.2)

However, success as used here is not the only criterion. Since, in prac-
tice, only a finite number of iterations will be possible, it is important
that the values of x, be close to that of ¢ for all » > N, where N is a
relatively low number. Exactly how low naturally depends upon the
computing resources available and the accuracy required in the final
answer.
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10

)

flx) = x5 — 2x%2 -3

-5

10

-5

Fig. 11.1 A graph of the function f(x) = x5 — 2x2 — 3 for x in the range 0 < x <

1.9.
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So that the reader may assess the progress of the calculations which
follow, we record that to 9 significant figures the real root of (11.1) has
the value

£ = 1.495 106 40. (11.3)

We now consider in turn each of four methods for determining this value.

1. Rearrangement of the equation. If the equation f(x) = 0 can be recast
into the form

x = ¢(x), (114 a)

where #(x) is a slowly varying function of x, then an iteration scheme
Xne1 = ¢(xn) (11.4 b)

will often produce a fair approximation to ¢ after a few iterations. Clearly
¢ = ¢(é) since f(¢) = 0, and thus when x, is close to ¢ the next approxi-
mation x,,; will differ little from x,, the actual size of the difference
giving an order of magnitude indication of the inaccuracy in x,,, (as
compared to £).

In the present case the equation can be written

x = (2x% + 3)15, (11.5a)

Because of the presence of the 1/5th power, the right-hand side is insensi-
tive to the value of x and so the form (11.5 a) fits the general requirements
for the method to work satisfactorily. It only remains to choose a starting
approximation. It is relatively easy to see from fig. 11.1 that the value
1.5 would be a good starting value, but so that the behaviour of the pro-
cedure at values some way from the actual root can be studied, we will
make the poorer choice of x; = 1.7.
With this starting value and the general recurrence relationship

Xne1 = (2x3 + 3)'5, (11.5b)

successive values can be found. These are recorded in table 11.1. Although
not strictly necessary, the value of f(x,) = x — 2xZ — 3 is also shown
at each stage.

It is seen that x; and all later x, agree with the precise answer (equation
(11.3)) to within 1 part in 10% On the other hand f(x,) and x, — £ are
both reduced by a factor of only about 4 for each iteration; thus a large
number of them would be required to produce a very accurate answer.
The factor of 4 is of course specific to this particular problem and would
be different for a different equation. Although they do not illustrate a
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great deal in this case, the successive values of x, are shown in graph (a)
of fig. 11.2.

2. Linear interpolation. In this approach two values 4, and B; of x are
chosen with 4; < B, and such that f(A4,) and f(B,) have opposite signs.

-

(@)

®

X1 X2 X3

@

X3

.

-5

Fig. 11.2 Graphical illustrations of the iteration methods discussed in the text:
(a) rearrangement; (b) linear interpolation; (c¢) binary chopping; (d) New-

ton-Raphson.
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Table 11.1

n X5 S(xn)

1 1.7 5.42

2 1.544 18 1.01

3 1.506 86 2.28 x 101
4 1.497 92 5.37 x 10-2
5 1.495 78 1.28 x 10-2
6 1.495 27 3.11 x 10-8
7 1.495 14 7.34 x 10-%
8 1.495 12 1.76 x 10~%

The chord joining the two points (A4, f(4;)) and (B,, f(B;)) is then
notionally constructed, as illustrated in graph (b) of fig. 11.2, and the
value x; at which the chord cuts the x-axis determined by the interpola-
tion formula

X = Anf(Bn) - an(An),
o f(BY) - f(4)

with n = 1. Next f(x;) is evaluated and the process repeated after re-
placing with x, either 4, or B,, according as f(x,) has the same sign as
f(A,) or as f(B,) respectively. [In fig. 11.2 (b), A4, is the one replaced.]

As in our particular example, there is a tendency (if the curvature of
f(x) is of constant sign near the root) for one of the two ends of the suc-
cessive chords to be fixed.

Starting with the initial values 4; = 1 and B, = 1.7, the results of the
first five iterations using (11.6) are given in table 11.2 and indicated in
graph (b) of fig. 11.2.

(11.6)

Table 11.2

n An f(4D) B, f(By) Xn S(xn)

1 1.0 —4.0000 1.7 5.4186 1.2973 —2.6916
2 1.2973 —2.6916 1.7 5.4186 1.4310 —1.0957
3 1.4310 —1.0957 1.7 5.4186 1.4762 —0.3482
4 1.4762 —0.3482 1.7 5.4186 1.4897 —-0.1016
5 1.4897 —-0.1016 1.7 5.4186 1.4936 —0.0289
6 1.4936 —0.0289 1.7 5.4186 1.4947 —0.0082
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As with the rearrangement method the improvement in accuracy is a
fairly constant factor at each iteration (approximately 3 in this case),
and for our particular example there is little to choose between the two.
Both tend to their limiting value of £ monotonically, from either higher
or lower values, and this makes it difficult to estimate limits within which
£ can safely be presumed to lie. The next method to be described gives
at any stage a range of values within which ¢ is known to lie.

3. Binary chopping. Again two values of x, 4, and B, which straddle the
root are chosen, with 4, < B, and f(4,) and f(B,) having opposite signs.
The interval between them is then halved by forming

x, = ¥4, + B,), (11.7)

with n = 1, and f(x,) evaluated. [Notice that x; is determined solely by
A, and B, and not by the values of f(A4,) and f(B,), as in the linear inter-
polation method.] Now x; is used to replace either 4, or B, depending
on which of f(4,) or f(B,) has the same sign as f(x,), i.e. if f(4,) and
f(x,) have the same sign, x; replaces A,. The process is then repeated
to obtain x,, x3, etc.

This has been carried through below for our standard equation (11.1)
and is illustrated in fig. 11.2 (¢). The entries in table 11.3 have been
rounded to 4 places of decimals. It is suggested that the reader follows
through the sequential replacements of the A4, and B, in the table and
correlates the first few of these with graph (c) of fig. 11.2 and also with
the schematic tree in fig. 11.3.

Table 11.3

n A f(4,) B, f(Bn) Xn S(xn)

1 1.0000 —4.0000 1.7000 5.4186 1.3500 —2.1610
2 1.3500 -2.1610 1.7000 5.4186 1.5250 0.5968
3 1.3500 —~2.1610 1.5250 0.5968 1.4375 -~0.9946
4 1.4375 —0.9946 1.5250 0.5968 1.4813 —0.2573
5 1.4813 —0.2573 1.5250 0.5968 1.5031 0.1544
6 1.4813 -0.2573 1.5031 0.1544 1.4922 —~0.0552
7 1.4922 —0.0552 1.5031 0.1544 1.4977 0.0487
8 1.4922 -0.0552 1.4977 0.0487 1.4949 —-0.0085

Clearly the accuracy with which ¢ is known in this approach increases
by only a factor of 2 at each step, but this accuracy is predictable at the
outset of a calculation and (unless f(x) has very violent behaviour near
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x = £) a range of x in which £ lies can be safely stated at any stage. At
the stage reached above it may be stated that 1.4949 < ¢ < 1.4977.
Binary chopping thus gives a simple (less multiplication than linear inter-
polation, for example), predictable, and relatively safe method of solving
algebraic or transcendental equations although its convergence is slow.

1.0 1.1 1.2 1.3 1.4 L5 1.6 L7

Il 1 i Fl ) I L 1 x

T

¢

Fig. 11.3 Schematic tree of the binary chopping procedure used to obtain table 11.3.

4. Newton—Raphson method. The Newton-Raphson (N-R) procedure is
somewhat similar to the interpolation method but, as will be seen, has
one distinct advantage over it. Instead of constructing the chord between
two points on the curve of f(x) against x, the tangent to the curve is notion-
ally constructed at each successive value of x, and the next value x, .,
taken at the point at which the tangent cuts the axis f(x) = 0. This is
illustrated in graph (d) of fig. 11.2.

If the nth value is x, then the tangent to the curve of f(x) at that point
has stope f"(x,) and passes through the point x = x,, y = f(x,). It is thus

Y(x) = (x — xa)f"(xa) + f(xa). (11.8)

The value of x at which y = 0 is then taken as x,.:; thus the condition
(X, +1) = 0 yields from (11.8) the iteration scheme

S
S(x,)
This is the Newton—Raphson iteration formula. Clearly when x, is close
to &, x,., is close to x,, as it should be. It is also apparent that if any of

Xn+1 = Xn (119)
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the x, comes close to a stationary point of f so that f’(x,) is close to zero,
then the scheme is not going to work well.
For our standard example, (11.9) becomes

x5 —2x2 -3
Xpp1 = Xp — ————

5xt — 4x,
5 __ 2
_da- 2t 3 (11.10)
5x% — 4x,

Again taking a starting value of x, = 1.7 we obtain in succession the
entries in table 11.4. The different values are given to an increasing num-
ber of decimal places as the calculation proceeds and f(x,) is recorded
also.

Table 11.4

n Xn f(xa)

1 1.7 5.42

2 1.545 01 1.03

3 1.498 87 7.20 x 10-2
4 1.49513 449 x 10-¢
5 1.495 106 40 2.6 x 10-8
6 1.495 106 40 —

It is apparent that this method is unlike the previous ones in that the
increase in accuracy of the answer is not constant throughout the itera-
tions, but improves dramatically as the required root is approached. Away
from the root the behaviour of the series is less satisfactory and from its
geometrical interpretation it can be seen that if, for example, there were a
maximum or minimum near the root then the series could oscillate be-
tween values on either side of it (instead of ‘homing’ on the root).
The reason for the good convergence near the root is discussed in the
next section.

Of the four methods mentioned, no single one is ideal and in practice
some mixture of them is usually to be preferred. The particular combina-
tion of methods selected will depend a great deal on how easily the pro-
gress of the calculation may be monitored, but some combination of the
first three methods mentioned, followed by the Newton—-Raphson scheme
if great accuracy is required, would be suitable for most circumstances.
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11.2 Convergence of iteration schemes

For iteration schemes in which x, . ; can be expressed as a differentiable
function of x,, e.g. the rearrangement or Newton-Raphson methods of
the previous section, a partial analysis of the conditions necessary for a
successful scheme can be made as follows.

Suppose the general iteration formula is expressed as

Xns1 = F(x,) (11.11)
[(11.5b) and (11.10) are examples]; then the sequence of values x,,
Xg,...s Xn,... 18 Tequired to converge to the value £, which satisfies both

f(§ =0, (11.12 a)
and

£ = F(H. (11.12b)

If the error in the solution at the nth stage is ¢,, i.e. x, = £ + ¢,, then

€4 eni1 = Xni1 = F(xp) = F(§ + €,). (11.13 a)

For the iteration process to converge, a decreasing error is required, that
is |ens1| < |ea|. To see what this implies about F, we expand the right-
hand term of (11.13 a) by means of a Taylor series to replace (11.13 a)
by

Et ener =&+ F' () +4EF(H) + ---. (11.13 b)
This shows that for small ¢,

enir = F(§en,
and that a necessary (but not sufficient) condition for convergence is
that

|[F'(¢)] < 1. (11.14)

[Notice that this is a condition on F'(¢) and not one on f'(£), which may
have any finite value.]

Figure 11.4 illustrates in a graphical way how the convergence proceeds
for the case 0 < F'(§) < 1.

»1. Sketch corresponding graphs showing

(i) the convergence for the case —1 < F'(§) < 0,
(ii) the divergence when F'(¢) > 1.

Equation (11.13 b) suggests that if F(x) can be chosen so that F'(§) = 0
then the ratio |e,,1/¢,| could be made very small, of order ¢, in fact.
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J
y
y =X
y = F(x)
/ !
— |
— {
- | ]
I Y
arctan F'(§) ! ! l
| i
o >( 7 [ .
Xn { Xn+1 Xnez x
/4

=

Fig. 11.4 Illustration of the convergence of the iteration scheme x,., = F(xy)
when 0 < F'(¢) < 1, where £ = F(§).

Or to go even further, if it can be arranged that the first several derivatives
of F vanish at x = £, then the convergence, once x, has become close to
¢, could become very rapid indeed. If the first N — 1 derivatives of F
vanish at x = £, i.e.

F()=F(=-=F"I)=0, (11.15 a)
and consequently

&1 = O(e), (11.15b)

then the scheme is said to have Nth order convergence.

This is the cause of the significant difference in convergence between
the Newton-Raphson scheme and the others discussed (judged by refer-
ence to (11.15b), so that the differentiability of the function F is not a
prerequisite). The N-R procedure has second-order convergence as is
shown by the following analysis. Since

F(x) = x — f(x)/f'(),
F(x) =1- M)+ &S OV @
=SS X/ )P
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Now, provided f'(§) # 0, that F'(¢) = 0 follows because f(x) = 0 at
x =&

»2. A common iteration scheme for finding the square root of the num-
ber X is

1
Xn+1 = _(xn + 1\) (1116)
2 Xp
Show that it has second-order convergence and illustrate its efficiency
by finding say 4/16 starting with the very bad guess 1/16 = 1.

11.3 Simultaneous linear equations

Many situations in physical science can be described approximately or
exactly by means of a number N of simultaneous linear equations in N
variables x; (i = 1, 2,..., N). They take the general form

anXx; + aipXe + -+ GixXy = Y1,
91Xy + AzaXs + - + QanXy = Vs,
ani1X1 + AnaXo + o+ AnnXn = VN> (11.17)

where the a;; are constants and form the elements of a square matrix A.
The y; are given and form a vector y.

If A is non-singular, i.e. the determinant of A is not zero, then the
inverse matrix A~! can be formed and the values of the x; obtained in
terms of it as

x=A"1y, (11.18 a)
or, using subscripts and the summation convention,
X = (A" Yy, (11.18 b)

This approach is discussed in chapter 14 in much more detail and will
not be pursued here.

The idea of eliminating the variables one at a time (Gaussian elimina-
tion) from equations like (11.17) is probably very familiar to the reader
and so a specific example will not be given to illustrate this alone. Instead
we will show how a calculation along such lines might be arranged, so
that the errors due to the inherent lack of perfect precision in any cal-
culating equipment do not become excessive. This can happen if the value
of N is large and particularly (we will merely state this) if the elements on
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the leading diagonal of the matrix (a,,, @s2,. . ., @xn, in (11.17)) are small
compared with the off-diagonal ones.

The process to be described is known as Gaussian elimination with
interchange. The only difference from straightforward elimination is that
before each variable x; is eliminated (to reduce the number of variables
and equations both by one) the equations are reordered to put the largest
(in modulus) remaining coefficient of x; on the leading diagonal.

We will take as an illustration a straightforward three-variable example,
which can in fact be solved perfectly well without any interchange, since
with simple numbers and only two eliminations to perform, rounding
errors do not have a chance to build up. However the important thing
is that the reader appreciates how this would be applied in say a computer
programme for a 100-variable case, perhaps with unforseeable zeros or
very small numbers appearing on the leading diagonal.

Example 11.1. Solve the simultaneous equations

x; + 6x; — 4x3 = 8, (@)
3x1 - ZOXZ + X3 = 12, (b)
—X; + 3x5 + S5x3 = 3. (¢) (11.19)

Firstly interchange rows (@) and (b) to bring the 3x, onto the leading
diagonal

3x; — 20x; + x3 = 12, (1)
X1 -+ 6x2 - 4X3 = 8, (d)
—x1 + 3x; + 5x3 = 3. (e)

For j = (d) and (e), replace row () by

row (j) — %?— x row (i),

to give the two equations
6 + 20/x, + (—4 — 1/3)x; = 8 — 12/3, (i)
(3 —20/3)x; + (5 + 1/3)xs =3 + 12/3. ()
Now |(6 + 20/3)| > |(3 — 20/3)| and so no interchange is needed before
the next elimination. To eliminate x,, replace row (f) by
(—11/3)
(38/3)

x row (ii).

row (f) —
This gives

16 11 (-13) 11
[—3—+§x 3 ]xa-_—7+3_§x4.(m)
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Collecting together and tidying up the final equations we have

3x; — 20x, + x3 = 12, (i)
38x, — 13x3 = 12, (ii)
x3 = 2. (iii)
Starting with (iii) and working backwards it is now a simple matter to
obtain
x1=10, X2=1, x3=2,

the required solution.

This example gives an explicit way of solving (11.19) to an accuracy
that is limited only by the rounding errors in the calculating facilities
available, and the calculation has been planned to minimize these. How-
ever, in some cases it may be that only an approximate solution is needed,
and then for large numbers of variables an iterative method may produce
a satisfactory degree of precision with less calculation. The method we will
describe is the Gauss—Seidel iteration and is based upon the following
analysis.

The problem is, given the matrix and vector equation

Ax =y, (11.20)

where 4 and y are known, to find the components of vector x. The pro-
cedure is:

(i) Rearrange the equations (usually by simple division on both sides
of each equation) so that all diagonal elements of the new matrix B are
unity, that is (11.20) becomes

Bx =z, (11.21)
where

B=I-C (11.22)

and C has zeros as its diagonal elements.
(ii) Putting (11.22) into (11.21) produces

Cx+z=Ix=X, (11.23)
which forms the basis of an iteration scheme
xMm+D = Cxm 4 gz, (11.24)

where the vector x™ is the mth approximation to the required solution
of (11.20), which we denote by E. [x™ is not to be confused with the
mth derivative of x, but is used here instead of x,, because, as is customary,
we are denoting the ith element of x by x;.]
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(iii) To improve the convergence, the matrix C (which has zeros on its
diagonal) can be written as the sum of two matrices L and U which have
non-zero elements only below and above the leading diagonal respec-
tively;

L;=Cy (>)), L;=0 (<)), (11.25 a)
U{j = C{j (l <j), Uij = O (i ?]). (11.25 b)

This enables the latest values of the components of x to be used at each
stage and an improved form of (11.24) to be obtained

XMHD = [xm+D 4 Uxm 4 oz (11.26)

To see why this is possible we may notice, for example, that when cal-
culating say x{"*+1, the quantities x{"*¥, x**V and x{"*¥ are already
known and that these are the only ones needed to evaluate (Lx™*1),
because of the structure of L.

Example 11.2, Obtain an approximate solution to the equations of example
11.1.
The equations are

X; + 6x; — 4x; = 8,
3x; — 20x, + x3 = 12, (11.19 bis)
—Xx1 + 3xg + 5x3 = 3.
Divide the equations by 1, —20 and 5 respectively to give
x; + 6x; — 4x3 = §,
—0.15x; + x5 — 0.05x; = —0.6,
—0.2x; + 0.6x; + x5 = 0.6.

Thus, set out in matrix form, (11.26) is in this case

X, 0 0 O0flx
X = 10.15 0 O0f]x
X3 dem+1 02 —-06 0l x3)lm+v
0 -6 4 X, 8
+{0 0 0.05||x2| +]-06{- (11.27)
0 00 X3 0.6

Suppose initially we make the guess that x{¥ = x3’ = x§’ = 2. Then
the successive sets of values of the three quantities generated by (11.27)
are as shown in table 11.5.
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Table 11.5

m x(lm) x(zm) x%m)

1 2 2 2

2 4 0.1 1.34
3 12.76 1.381 2.323
4 9.008 0.867 1.881
5 10.321 1.042 2.039
6 9.902 0.987 1.988
7 10.029 1.004 2.004

Thus it is seen that, even with the rather poor initial guess, a close
approximation to the exact result x; = 10, x, = 1, x3 = 2 is obtained
in only a few iterations.

Although for the solution of most matrix equations Ax = y the num-
ber of operations involved increases rapidly with the size of the matrix
(roughly as the cube of the number of variables, N) for one particularly
simple kind of matrix the computing required is only proportional to N.
This type often occurs in physical situations in which an ordered set of
objects interact only with their nearest neighbours, and is one in which
only the leading diagonal and the diagonals immediately above and below
it contain non-zero entries. Such matrices are known as tridiagonal
matrices.

A typical matrix equation involving a tridiagonal matrix is thus

[, a = 1 [n )
a;, by ¢, O X2 Y2
as by ¢ Xa Vs
O ay-1 by-y ey-1 || xv-a Yn-1
2 ay by JlLxv B
(11.28)

In such an equation the first and last rows involve x; and xy respectively,
and so a solution could be found by letting x, be unknown and then
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solving each row of the equation in turn in terms of x,, and finally deter-
mining x, by requiring the next to last line to generate for x5 an equation
compatible with that given by the last line. However, if the matrix is large
this becomes a very cumbersome operation and a simpler method is to
assume a form of solution (no summation convention in this section)

Xio1 = 0,_1%; + ¢i_1. (11.29)
Then, since the ith line of (11.28) is

axi-y + bxi + exiv1 = Wi,
we must have, by substituting for x;_,, that

(@bi_1 + b)x; + X1 = Y1 — a1

This again is of the form (11.29) but with i replaced by i + 1.
Thus the recurrence formulae for the 6; and ¢, aret

—G Y= api
————y

6 = —8—» =
" ab_, +b # ab,_, + b,

(11.30)

and from the first row of (11.28), 8, = —¢;/b; and ¢, = y,/b,. The
equation may therefore be solved for the x; in two stages without carrying
an unknown quantity throughout. First, all the 6, and ¢; are generated
using (11.30) and the values of 6, and ¢;, and then after these are ob-
tained, (11.29) is used to evaluate the x; starting with xy (= ¢,) and work-
ing backwards.

As a simple worked example consider the equation

10 000 0][x] [ 2]
02 -1200]|x]| [-3
= ’ (11.31)
00 3 110]|[x 10
00 34 2]|x 7
L 00 00 2]fxf [ 2]

and its solution by means of table 11.6, in which the arrows indicate the
general flow of the calculation.

It will be seen later that such equations can be used to solve certain
types of differential equations by numerical approximation.

t The method fails if the matrix elements are such as to make a6, + b, = 0
for any i.
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Table 11.6

i ai by ¢ abi_ + b 0, Vi at¢i—1 ¢’t Xy

1 — 1 0 — 0 2 — 2 —> 2 (check)
l 2 -1 21 2 -1/2 3 -2 5/2 1
l 3 2 -1 2 -2 1 -3 5 4 3 T
l 4 3 11 4 -1/4 10 12 —-1/2 { -1 T
l 5 3 4 2 13/4 -8/13 7 -3/2 34/13| 2 T
i 6 0 2 — 2 — 2 0 1 — 1 T

114 Numerical integration

Sometimes, for example, when a function is presented in the form of a
tabulation, it is not possible to evaluate a required integral in closed form,
that is to give an explicit expression equal to the integral

I= jb f(x) dx; (11.32)

then a numerical evaluation becomes necessary. This is done by regarding
I as representing the area under the curve of f(x), as discussed in chapter 1,
and attempting to estimate this area.

The simplest methods of doing this involve dividing up the interval
a < x < b into N equal sections each of length & = (b — a)/N. The

? x) f zx)
fi finr
—h —s h
fi
|
Xt Xi+ya Xi+1 Xy Xi+1 Xi-1 X Xi+1
(@ ) ©

Fig. 11.5 (a) Definition of nomenclature. () The approximation in using the tra-
pezium rule. (¢) The Simpson’s rule approximation.



312 Numerical methods

dividing points are labelled x; with x, = @, xy = b and { running from
0 to N. The point x; is at a distance i from a. The central value of x in
a strip (at x; + 4h) is denoted for brevity by x;,1,2, and for the same
reason f(x;) is written as f;. This nomenclature is indicated graphically
in fig. 11.5 (a).

So that we may compare later estimates of the area under the curve
with the true value, we next calculate exactly an expression [even though
we cannot evaluate it] for 1. To do this we need consider only one strip,
say that between x; and x;.,. For this strip the area is

h/2
[ ren+ e =[" 3 fownnZ o
- —-hi2 n=0
(Taylor’s expansion)
% hi2 yn
= Z SPXis112) —’dy
n=0 ~n2
h n+1l
= ngenfnm( D ( ) (exact).

(11.33)

Notice that only even derivatives of f survive the integration and that all
derivatives are evaluated at x;,/o.

Now we turn to various ways of approximating I, given the values of,
or a means to calculate, f; fori =0, 1,..., N.

1. Trapezium rule. In this simple case the area shown in fig. 11.5 is ap-
proximated by that drawn in (b), i.e. by a trapezium. The area A, of the
trapezium is clearly

Ay = (i + i, (11.34)

and if such contributions for all strips are added together the estimate of
the total area, and hence of Iis

I (estim.) =NfA, = ; (fo+2h+20+ - + 2fu-a + /o).
=0 (11.35)

This provides a very simple expression for estimating integral (11.32);
its accuracy is limited only by the extent to which & can be made very
small (and hence N very large) without making the calculation excessively
long. Clearly the estimate provided is only exact if f(x) is a linear function
of x.

The error made in calculating the area of a strip when the trapezium
rule is used may be estimated as follows. The values used are (equation



11.4 Numerical integration 313

(11.34)) f; and f;.,. These can be (accurately) expressed in terms of
fi+1,2 and its derivatives by a Taylor series

h 1 1 /h\®
Sivvpsre = fivne £ fs+1/2 + = ( ) fiewe £ —(—)

31\2
X fie + -, (11.36)
Thus
Ai(estim.) = 31 (f; + fi+1)
1 (hye
='P“m+m()ﬁﬂm+owﬂ, (11.37)

whilst, from the first few terms of the exact result (11.33),
2 K, s
Aj(exact) = hfi, yg + §T§‘ft+1/2 + O(h°). (11.38)
Thus the error

AA; = Aestim.) — A,(exact)

o1y,
(5 - 53) 7 + 00

B,
Ef”m' (11.39)

The total error in I(estim.) is thus approximately given by

3 2 —_
'-"’—<f>—h(b D s, (11.40)

where {f”> represents an average value for the second derivative of f
over the interval a to b.

2. Simpson’s rule. Whereas the trapezium rule makes a linear interpola-
tion of f, Simpson’s rule effectively mimics the local variation of f(x)
with parabolas. The strips are treated two at a time (fig. 11.5(c)) and
therefore the number of them should be made even (that is N should be
even).

In the neighbourhood of x; (where i is odd) it is supposed that f(x) can
be adequately represented by a quadratic form

S+ ) =fi + ap + by*. (11.41)
Applying this in particular to y = + A yields an expression for b,

fisr =S + ) = fi + ah + bH?,
fioi=f(xi — h) =f, — ah + bh*.
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Thus  bh* = ¥(fisr + fi-r = 2f). (11.42)

Now if representation (11.41) is assumed, the area of the double strip
from x;_; to x;,; is given by

" 2b
Ay(estim.) = j (i + ay + by dy = 241, + -3-}13,
~h

Substituting for bA? from (11.42) then yields for the estimated area
Ai(estim.) = 2hf; + $h-3(fis1 + fio1 — 2f)
= }h(df + fis1 + fiod), (11.43)

an expression involving only given quantities. [Note that the value of b
need never be calculated.}
For the full integral,

h
I(estim.) = E(fo +fN+4me+2 me) (11.44)

modd meven

»3. Follow the same procedure as in the trapezium rule case to show that
the error in the estimated area is approximately

(b-a 4/ £8)
180 WS-

[In (11.33) and (11.36) replace h/2 by hand i + } by i.}

In the two cases considered, the function f was mimicked by linear
and quadratic functions. These yield exact answers if f'is itself a linear or
quadratic function (respectively) of x. This process could be continued
by increasing the order of the polynomial mimicking function so as to
increase the accuracy with which more complicated functions f could be
numerically integrated ; but the same effect can be achieved with less effort
by not insisting upon equally spaced points x;.

The detailed analysis of methods of numerical integration, in which
the integration points are not equally spaced and the weightings given to
the values at each point do not fall into a few simple groups, is too long
to be given here. The reader is referred to books devoted specifically to
the theory of numerical analysis, where he will find details of the integra-
tion points and weights for many possible schemes.}

We will content ourselves here with mentioning only Gaussian integra-
tion which is based upon the orthogonality properties, in the interval

t The points and weights may be found in; e.g. Abramowitz and Stegun,
Handbook of mathematical functions (Dover, 1965) p. 887.
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—1 < x £ 1, of the Legendre polynomials P/(x) [discussed in chapter 6].
In order to use these properties the integral between limits ¢ and b in
(11.32) has to be changed to one between limits —1 and + 1. This is easily
done by a change of variable from x to z given by

xob-a 11.45
z= -,
b—a (11.452)
when I becomes

(b—a

1 =
2

1
Lg(z) dz, (11.45b)

in which g(z) = f(x).

The integration points x; for an n-point Gaussian integration are given
by the zeros of P,(x), i.e. the x; are such that P,(x;) = 0. For example, the
x; for a 3-point integration are at 0 and +0.774 60. The corresponding
weightings w; (also obtainable from the theory of Legendre polynomials)
are 0.888 89 and 0.555 56. The value of the integral of f(x) between —1
and +1 is given by >; w; f(x;). It can be shown that an n-point Gaussian
integration can evaluate exactly the integral of a 2n — 1 degree poly-
nomial.

We will finish this section by evaluating the same integral

1 1 1
Lf(X) dx =L T = dx (11.46)

by each of the three methods (using in each case a three-point formula,
i.e. using x,, x; and x,) and also exactly, so that they may be compared.

(i) The exact evaluation.

odx LT
T e = [arctan x]§ = Z = (.785 40.

(ii) Trapezium rule.
1= 3340 + 2f(d) + f()]
= }[1 + 8/5 + 1/2] = 0.7750.
(iii) Simpson’s rule.

1 =13/ + 4/ + f()]
= #[1 + 16/5 + 1/2] = 0.7833.
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(iv) Gaussian integration.

] 1——0]1 dz
T2 i+ Mz 4+ 1)

= 3{0.555 56[ f(—0.774 60) + £(0.774 60)] + 0.888 897(0)}
= 3{0.555 56[0.987 458 + 0.559 503] + 0.888 89[0.8]}

= 0.785 27.

These results are sufficient to indicate that in practice a compromise
has to be struck between the accuracy of the result achieved and the cal-
culational labour which goes into obtaining it.

115 Finite differences

In several places in the previous section comparison was made between,
on the one hand, sums and differences of sequential values of f;, and,
on the other, the derivatives of f at one of the points at which the f; were
evaluated. Here, by way of preparation for the numerical treatment of
differential equations in the next and subsequent sections, we will do this
in a more systematic way.

Again we consider a set of values f; of a function f(x) evaluated at
equally spaced points x;, with common separation A. The basis for our
discussion will again be the Taylor series expansion, but on this occasion
about the point x;. It is

dr  hr2d¥f B d3f
=fith—+ —— + ———=+ -, 1147 £

R TR TP ( )
where all the derivatives are evaluated at x = x; and a general one will
be denoted by f{™.

From (11.47), three different expressions which approximate f{¥ can
be derived. The first of these, obtained by subtracting the two equations
is

d t+1 7 Ji-1 h? d3
| _ foos—fon K (11.48)

(1) =
=%, 2k 3 dx®

The quantity (f;+, — fi-1)/2h is known as the central difference approxi-
mation to f{¥’ and can be seen from (11.48) to be in error by approximately

H[6)f .
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An alternative approximation, obtained from (11.47 +) alone, is
given by

fo Eif_ fiv1i— S h &3

dx|s, & 2! dx? ' (11.49)
The forward difference, (f,.1 — f)/h, is clearly a poorer approximation
since it is in error by approximately (h/2)f{® (as compared with (h2/6) /),
and similarly for the backward difference, (f; — fi_1)/h, obtained from
(11.47 —), although the sign of the error is reversed in this latter case.

This type of differencing approximation can be continued to the higher
derivatives of fin an obvious manner. By adding the two equations (11.47)
a central difference approximation to f{ can be obtained as

f<12>=f‘if__ zft+1—2f¢ +f}_1.

T dx? x h?

(11.50)

The error in this approximation (also known as the second difference of
f) is easily shown to be (h%/12) f{*.

Of course if the function f(x) is a sufficiently simple function of x, all
derivatives beyond a particular one may vanish anyway, and then there
is no error in taking the difference to give the derivative.

»4. The following is copied from a table of entries for the values of a
second-order polynomial f(x) at values of x from 1 to 12 inclusive,

2,2, 18,14, 22,32, 46, ?, 74, 92, 112.

The entries marked ? were illegible and in addition an error was made
in the transcription. Find the illegible entries and locate and correct the
copying error.

Would your procedure have worked if the copying error had been

in f(6)?

11.6 Difference schemes for differential equations

For the remaining sections of this chapter our attention will be on the
solution of differential equations by numerical methods. We consider first
the simplest kind of equation — one of first order, represented typically
by

d
Y ), (11.51)
dx

where y is taken as the dependent variable and x the independent one. If
this equation can be solved analytically then this is the best course to
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adopt; but sometimes this is not possible and a numerical approach
becomes necessary. Some of the examples we will use can in fact be solved
easily by an explicit integration, but, for the purposes of illustration, this
is an advantage rather than the reverse since useful comparisons can then
be made between the numerically derived solution and the exact one.

The first method to be described is not so much numerical as graphical,
but as it is sometimes useful it is included here. The method, known as
that of isoclines, is to sketch for a number of values of a constant ¢ those
curves (the isoclines) in the xy-plane along which f(x, y) = ¢, that is
those curves along which dy/dx (where y is the required solution) is a
constant of known value. [Notice that these are not generally straight
lines.] Since a straight line of slope dy/dx at and through any particular
point is a tangent to the curve y = y(x) at that point, small elements of
straight lines of slopes appropriate to the isoclines they cut, effectively
form the curve y = y(x).

y
1.0-
1 ¢
0.5- 1.0
1 —08
—0.6
~0.4
-0.2
—0.1
0 0.5 1.0 x

Fig. 11.6 The isocline method. The cross lines on each isocline show the slopes
that solutions of dy/dx = —2xy must have at the points where they cross
the isoclines. The heavy line is the solution with y(0) = 1, viz. exp (—x?).

Figure 11.6 illustrates in outline the method as applied to the solution
of

o oy, (11.52)
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The thinner curves (rectangular hyperbolae) are a selection of the isoclines
along which —2xy is constant and equal to the corresponding value of c.
The small cross lines on each curve show the slopes (=c) solutions of
(11.52) must have if they cross the curve. The thick curve is the solution
which has value y = 1 at x = 0 and takes the slope dictated by the value
of ¢ on each isocline it crosses. [It is the function y = exp (—x2).]

We now turn to more directly numerical methods and, so as to illus-
trate some of the difficulties in applying them to differential equations,
carry through one or two elementary calculations based upon representa-
tions of derivatives by differences, as discussed in the previous section.

Consider the differential equation

dy

dx

and the possibility of solving it numerically by approximating dy/dx by
the forward difference

d_y L v = N

dxle,~ A
using the notation of section 11.5, but with f now replaced by y. This
would lead to the recurrence relation

Yie1 = ¥ + h(dy/dx),
= y; — hy; [from (11.53)]
= - My (11.55)
Thus since yo = y(0) =1 is given, y, = (0 + h) = p(h) can be
calculated and so on (this is the Euler method). Table 11.7 shows the

values of y(x) obtained if this is done using various values of 4, for selec-
ted values of x. The exact value [y(x) = exp (—x)] is also shown.

(11.54)

Table 11.7

x h=001h=01h=05 h=1h=15 h=2 h=3 Exact

0 10)) ¢y ¢y ey ¢)) 03] (63 I ¢))
-2

0.5 0605 059 0500 O -0.500 —1 0.607
1.0 0366 0349 0250 O 0250 1 4 0.368
1.5 0221 0206 0125 O -0.125 -1 -8 0.223
20 0.134 0122 0.063 O 0.063 1 16 0.135
25 0081 0072 0032 0 -0.032 -1 -32 0.082
30 0049 0.042 0016 O 0016 1 64 0.050
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It is clear that to maintain anything like a reasonable accuracy only
very small steps 4 can be used. Indeed, if 4 is taken large enough, not only
is the accuracy bad but, as can be seen, for # > 1 the calculated solution
oscillates and for 2 > 2 it diverges. Equation (11.55) is of the form
Yi+1 = Ay, and a necessary condition for non-divergence is |A| < 1, i.e.
0 < h < 2. [Clearly the satisfaction of this condition in no way guarantees
accuracy.]

Part of this difficulty arises because of the poor approximation in
(11.54); its right-hand side is a closer approximation to dy/dx evaluated
at x = x; + 4h rather than at x = x;. This is the result of using a forward
difference approximation rather than the more accurate [but of course
still approximate] central difference.

If a central difference is used (Milne’s method), equation (11.48) ez seq.
give the recurrence relation

Yis1 = Yi-1 + 2h(dy/dx), (11.56 a)
in general, or
Yis1 = Yioy — 2hy, (11.56 b)

in this case. An additional difficulty then arises, since two initial values
of y are needed. These can be estimated by other means (e.g. a Taylor
series as discussed later) but for illustration we will take the accurate value
of y(—h) = exp (h) as giving y _, . Taking for the sake of example 4 = 0.5,
and using (11.56 b), gives the results shown in table 11.8.

Table 11.8
x ¥(x)

-0.5 (1.648)
0 (1.000)
0.5 0.648
1.0 0.352
1.5 0.296
2.0 0.056
2.5 0.240
3.0 —0.184

Although some improvement is noticeable (as compared to the corre-
sponding column in table 11.7) in the early values of the calculated y(x),
this scheme runs into difficulties as is obvious from the last two lines.

Some part of this poor performance is not really attributable to the
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approximations made in estimating dy/dx but to the form of the equation
itself. Any rounding error occurring in the evaluation effectively introduces
a smalil amount of the solution of

dx +y
into y. This equation has solution y(x) = exp-(x) and will ultimately
render the calculations totally inaccurate. [The numbers given in tables
11.7 and 11.8 are not sufficiently precise to show this effect for the small
amount of calculation carried out.]

We have only illustrated rather than analysed some of the difficulties
associated with simple (finite) difference iteration schemes for differential
equations, but they may be summarized as (i) insufficiently precise approxi-
mations to the derivatives, and (ii) inherent instability due to rounding
errors.

Difference schemes for partial differential equations are discussed briefly
later.

11.7 Taylor series solutions

Consider again the first-order equation

d
d—ii =f(x,5), ¥xo) = yo. (11.57)

Since a Taylor series expansion is exact if all its terms are included and
the limits of convergence are not exceeded, we may seek to use it to
evaluate y;, y,, etc. for the above equation and boundary condition.
The Taylor series is
2 3
yx + h) = y(x) + hy'(x) + 777+ Tl YO+ -

(11.58)
Turning this into the present notation at the point x = x;,
h? h?
Yivr =y + P +7y‘,2’ +—6—y‘,3’ + e (11.59)
But for the required solution y(x),
dy
W= . = f(x:, ) (11.60 a)

is given, and the second derivative can be obtained from it,

of ofdy o _of
D= = 4 Ly, .
T ax+aydx 6x+fay (11.60)
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evaluated at x = x;, y = y,. This process can be continued for the third
and higher derivatives all of which are to be evaluated at (x;, y;).

Having obtained expressions for the derivatives 3 in (11.59) two
alternative ways of proceeding are open.

(i) To use (11.59) to evaluate y;,; and then repeat the whole process to
obtain y;, ., and so on.

(ii) To apply (11.59) several times but using a different value of 4 each
time and so obtain the corresponding values of y(x + h).

It is clear that approach (i) does not require so many terms of (11.59)
to be kept, but on the other hand the y{™ have to be recalculated at each
step. With approach (ii) fairly accurate results for y may be obtained for
values of x close to the given starting value, but for large values of s a
large number of terms of (11.59) must be retained.

If the original equation is, say, second order,

d?y dy)
— Xy Yy 1> 1161
dx? g( Y dx ( )

rather than first order, then values of dy/dx will need to be calculated at
each x; in order to adopt approach (i). A given initial value for y'(x,)
will be required for either method. A Taylor series expansion for y{¥,
is easily obtained from the original Taylor expansion (11.58) by differen-
tiating it with respect to x; it is
h? h®
Y0 =y 4 @ + 7),(‘3) + < PO 4 el (11.62)
As an example of a Taylor series solution using approach (ii) referred
to above, the following problem will be solved.

Example 11.3. Evaluate the solution of the equation

d
2z 2y%2, y(0) = 1, (11.63)
dx
for x = 0.1 to 0.5 in steps of 0.1.
The necessary derivatives will be calculated without commentary, since
the origin of each factor is fairly clear.

»0) =1, »0) = 1.
V' =2y%2, y'(©0) =2.
Y =321 2% = 67, ¥'(0) = 6.

YO = 12y-2)%2 = 24y5/2 y(0) = 24.

YO = 60y%2.2y%2 = 120y°, y(0) = 120.
¥ = 360p2.2y%2 = 72072,  y5X0) = 720.
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Thus the Taylor expansion of the solution about the origin (more correctly
a Maclaurin series) is
24 120 720

6
Yx)=1+2x+ —=x2+—x*+ —x* +

5
2! 3! 4! 5! ¥

Hence, y(estim.) = 1 + 2x + 3x% + 4x® + 5x* + 6x5.

Table 11.9

x y(estim.) y(exact)
0 1.0000 1.0000
0.1 1.2346 1.2346
0.2 1.5619 1.5625
0.3 2.0331 2.0408
0.4 2.7254 2.7778
0.5 3.7500 4.0000

Comparison with the exact value (table 11.9) shows that using the first
six terms gives a value which is correct to 1 part in 100 up to x = 0.3.

»5. Integrate (11.63) analytically and hence verify the exact values quoted.

11.8 Prediction and correction

An improvement in the accuracy obtainable using difference methods is
possible if steps are taken, sometimes retrospectively to allow for the
inaccuracies in approximating derivatives by differences. We shall describe
only the simplest schemes of this kind and begin with a prediction method
usually called the Adams method.

The forward difference estimate of y;.;, namely

Vier =¥+ WP =y + b (xi, 3) (11.64)

(where the equation to be solved is again dy/dx = f(x, y)), would give
exact results if y were a linear function of x inthe range x; € x < x; + Ah.
The idea behind the Adams method is to allow some relaxation of this
and suppose that y can be adequately approximated by a parabola over
the interval x;_; € x < Xx;,;. Then dy/dx can be approximated by a
linear function in the same interval. That is

d
f(x,y)=d—j:-za+b(x—xi), forx, —h<x<x+h.
(11.65)
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The values of a and b are fixed by the calculated values of f at x;_, and
x;, which we may denote by f;_, and f;, as

a=f, b=f'—.:h-ﬁ——1~ (11.66)
Thus

po =z [ 7+ - s
which yields
»6. Vier =W + Wy + 3h(fi ~ fi-1). (11.67)

The last term of this expression is seen to be a correction to result
(11.64). That it is in some sense the second-order correction [$4%y{?,,,]
to a first-order formula is apparent.

For using such a procedure, in addition to the usual requirement of the
value of y,, a value must be found for y; and hence f;. This has to be ob-
tained by other methods, e.g. a Taylor series expansion.

Improvements to simple difference formulae can also be obtained by
using correction methods. Here a rough prediction of the next value y;,,
is first made and then this is used in a better predicting formula [not
originally usable, since the formula itself requires a (rough) value of
¥i+1 for its evaluation]. The value of y;,; is then recalculated using this
better formula.

Such a scheme based on the forward difference formula might be,

(1) predict y,,, using y;41 = y; + hf;,
(ii) calculate f;,, using this value,

(iii) recalculate y,,, using 41 =y + 34(f; + fis1). Here 3(fi + fi+1)
has replaced the f£; used in (i), since it better represents the average value

of dy/dx in the interval x; < x < x;,,.

Steps (ii) and (iii) can be iterated if more accuracy is required.

Many more complex schemes of prediction and correction, in most
cases combining the two in the same process, have been devised, but the
reader is referred to more specialist texts for discussions of them.

11.9  Runge-Kutta methods
The Runge-Kutta method of integrating

d
d_y = £(x, ¥) (11.68)
X
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is a step-by-step process of obtaining an approximation for y,,, starting
from the value y;. Among its advantages are that no functions other than
f are used, no subsidiary differentiation is needed, and no subsidiary
starting values need be calculated.

To be set against these advantages is the fact that f is evaluated using
somewhat complicated arguments and that this has to be done several
times for each increase in the value of i. However, once a procedure has
been established, for example using a computer programme, the method
usually gives good results.

The basis of the method is to simulate the (accurate) Taylor series for
¥(x; + h), not by calculating all the higher derivatives of y at the point
x;, but by taking a particular combination of the values of the first deriva-
tive of y evaluated at a number of carefully chosen points. Equation
(11.68) is used to evaluate these first derivatives. The accuracy of the
simulation can be made to be up to whatever power of 4 is desired, but
naturally the greater the accuracy the more complex the calculation and,
in any case, rounding errors cannot ultimately be avoided.

The setting up of the calculational scheme may be illustrated by con-
sidering the particular case in which second-order accuracy in A is re-
quired. To second order, the Taylor expansion is

Vier =0+ H Ed— (11.69)
where

d 0 ) oy o

4 =(_f+_ff) %L Y, (11.70)

dx | dx oy x Ox 0oy

the last step being merely the definition of the abbreviated notation.
We assume that this can be simulated by a form

Vier = Vi + aibfi + axhf(x; + Bih, yi + Bohf), (11.7D)

that is, effectively using a weighted mean of the value of dy/dx at x; and
its value at some point yet to be determined. The object will be to choose
values of «;, ay, 8; and B;, so that (11.71) coincides with (11.69) up to
the coefficient of A2

Expanding the function f in the last term of (11.71) in a Taylor series
of its own we obtain

S + B,y + Bohf)
= f(x, y1) + B:h i + /32hf1£ + O0(h%), (11.72)
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where df,/éx and &f;/0y are as defined by (11.70). Putting this result into
(11.71) and rearranging in powers of 4 we obtain

of, o,
Vier = 0+ (o + ehfi + agh® (.315{—6 + Baf; 5]):_) : (11.73)

Comparing this with (11.69) and (11.70) shows that there is in fact
some freedom remaining in the choice of the «’s and f’s. In terms of an
arbitrary o, (but #1)

1

e (11.74)

g =1—a, 31=/32=

One possible choice is «; = 4, and then o, = 4, B, = 8, = L. In this
case the procedure (equation (11.71)) can be summarized by

Yis1 =y + ¥ay + a),
a = hf(xi’ y;),
as = hf(x; + h,y, + ay). (11.75)

Similar schemes giving higher-order accuracy in 4 can be devised. Two
such schemes, which we give without derivation, are

(i) To order #°,
Yier = Yi + $(by + 4by + b)),

b, = hf(x,,y,),
by = hf(x; + th, yi + b)),

(i1) To order A%,
Yier =y + der + 202 + 2¢5 + cy),
¢ = hf(xia y:),
¢z = hf(x; + 3h, yi + dcv),
cs = hf(x; + 3h, yi + 4cv),
g = hf(x; + h,y; + c3). (11.77)

11.10  Higher-order equations

The discussion of numerical solutions of differential equations has so far
been in terms of one dependent and one independent variable related by
a first-order equation. It is straightforward to carry out the extension
to the case of several dependent variables y'", governed by R first-order
equations

dyn
2 Uk, y 0,y yR) p = 1,2, R. (11.78)

dx



11.10 Higher-order equations 327

The integration of these by the methods discussed for the one variable
case presents no particular difficulty, provided that all of the equations
are advanced through any particular step before any of them is taken
through the following one.
Higher-order equations can be reduced to a set of simultaneous equa-
tions provided that they can be written in the form
R

d
S = Sy, (11.79)

where R is the order of the equation. To do this a new set of variables

pr is defined by
d’y

T ax

s r=12,...,R—1. (11.80)

Equation (11.79) is then equivalent to the set of simultaneous first-order
equations

dy
-— = P1»

dx
dp,
dx
dpr_1
dx

= Dr+1» r=1a2a”-’R—2:

= f(X, ¥, P15+ - Pr-1)- (11.81)

These can then be treated in the way indicated in the previous paragraph.

In practical problems it often happens that boundary conditions applic-
able to a higher-order equation do not consist of the function and all
its derivatives at one particular point, but rather of (say) the value of the
function at two separate (end-) points. In these cases an explicit step-by-
step ‘marching’ scheme of solution is not available and other methods
have to be tried.

One obvious method is to treat the problem as a ‘marching one’, but
using a number of (intelligently guessed) initial values for the derivatives
at the starting point. The aim then is to find by interpolation or some
other form of iteration, those starting values for the derivatives which
produce the given value of the function at the finishing point.

In some cases, for example, that of a second-order equation for y(x)
with constant coefficients and with the value of y given at the two end-
points, the problem can be reduced by a differencing scheme to a matrix
equation.

Consider the second-order equation

Y+ 2ky + py = f(x), (11.823a)
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with the boundary conditions

y0) = 4, »1) = B. (11.82b)
If (11.82 a) is replaced by a central difference equation
1= 20+ yio - Y-
Yis1 Vi + Vi1 + ZkyHl Ji-1 + oy = (%), (11.83)

h? 2h
we obtain from it the recurrence relation
(1 + kM)y 41 + (wh® = 2y, + (1 — kh)y, -, = K*f(x). (11.84)

For h = 1/(N ~ 1) this is in exactly the form of the N x N tridiagonal
matrix equation (11.28) with

by=by=1, a=ay=0, a = (1 - kh),
b, = (uh® — 2), ¢ = (1 + kh), i=23...,N—-1,

and the y, of that equation replaced here by y; = 4, yy = B and the other
¥i = K3f(x;)). The solutions can be obtained as in (11.29) and (11.30).

11.11  Partial differential equations

The extension of previous methods to partial differential equations thus
involving two or more independent variables, proceeds in a more or less
obvious way. Rather than an interval divided into equal steps by the
points at which solutions to the equations are to be found, a mesh of
points in two or more dimensions has to be set up and all the variables
given an increased number of subscripts.

Considerations of the stability, accuracy and feasibility of particular
calculational schemes are in principle the same as for the one-dimensional
case, but in practice are too complicated to be discussed here.

Rather than note generalities we are unable to pursue in any quantitative
way, we will conclude by indicating in outline how two familiar partial
equations of physical science can be set up for numerical solution. The
first of these is Laplace’s equation in two dimensions

0% o2

_qS + i =0,

ox® = 9y?
with the value of ¢ given on the perimeter of a closed domain.

A grid with spacings Ax and Ay in the two directions is first chosen,

so that, for example, x, stands for the point x, + i Ax and ¢ ; for the
value &(x., y,). Next, using a second central difference formula, (11.85)
is turned into

rar,; = 2¢u s+ biors . buger =26+ by

(Ax)? (Ay)?

(11.85)

=0, (i11.86)
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for (i=0,1,...,N)and (j =0, 1, ..., M). If (Ax)? = A(Ay)?, this then
becomes a recurrence relationship

Giva,; + iony + My g1 + i y0) = 21 + Ny, (11.87)

The boundary conditions in their simplest form (rectangular domain)
mean that

(d’OJ)a (¢N,]), (¢i,0), (¢{,M)9 (1188)

have predetermined values. [Clearly non-rectangular boundaries can be
accommodated, either by more complex boundary value prescriptions
or by using non-Cartesian coordinates.]

To find a set of values of ¢, ; satisfying (11.87), an initial guess is made,
subject to the quantities listed in (11.88) having their fixed values, and then
the values not on the boundary are iteratively adjusted in order to try to
bring about condition (11.87) everywhere. We will not go into particular
methods of doing this here, but when it has been achieved to within some
required accuracy, the values ¢, ; give the solution of (11.85).

Our final example is based upon the diffusion equation in one dimension

)

= 11.89
ot ox? ( )

If ¢, ; stands for ¢(x, + i Ax, t, + j At), then a forward difference repre-
sentation of the time derivative and a central difference one of the spatial
derivative lead to the following relationship

$i501 — buy — K¢i+1.l = 2 + ‘ﬁ'-l-f, (11.90)
At (Ax)?

This allows the construction of an explicit scheme for generating the
temperature distribution at later times, given it at an earlier one, namely

¢f,j+1 = “(¢i+1.j + ¢i~1,j) + (] - 20‘)¢i,u (11.91)

where « = K At/(Ax)2.

Although this scheme is explicit it is not a good one because of the asym-
metric way the differences were formed. However, the effect of this can
be minimized if we study the errors introduced in the following way.

From Taylor’s series in time

bije1 =i + At¢—‘+ }(At)2 4" + - (11.92)
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(still using the notation that 8¢, ;/0r = &¢(x; t,)/ot, etc.). Thus the first
correction term to the left-hand side of (11.90) is

32¢1.1 .

—3an—

(11.93 a)

The first omitted term on the right-hand side of the same equation is,
by a similar argument,

2(Ax)? 0%

- 1193 b
4!  oxt ( )
But using the fact that ¢ satisfies (11.89) we obtain
%4 o %4 % (0 0%
— =—|Kk—]|=K—|—}=K?— 11.94
o2 ot ( 6x2) ox? (at) ox* ( )

and so, to this accuracy, the two errors (11.93 a, b) can be made to cancel
if « is chosen so that

ie.

11.12

K*(Ar)  2K(Ax)y
I T TR
«=14.

Examples for solution

1. Use an iteration procedure to find to 4 significant figures the root
of the equation 40x = exp (x).

2. Using the Newton-Raphson procedure, find, correct to three
decimal places, the root nearest to 7.0 of the equation 4x® + 2x2% —
200x — 50 = 0.

3. Show that the rearrangement method discussed in section 11.1
has only first-order convergence.

4. The square root of a number N is to be determined by means of
the iteration process x,.1 = xu{1 — (N — x2)f(N)]. Find how to
choose f(N) so that the process has second-order convergence.

Given that 4/7 = 2.65 approximately, calculate /7 as accurately
as a single application of the formula will allow.

5. The following table of values of a polynomial of low degree con-
tains an error. Identify and correct the erroneous value and extend
the table up to x = 1.2,
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x p(x) x p(x)

0.0 0.000 0.5 0.157
0.1 0.011 0.6 0.216
0.2 0.040 0.7 0.245
0.3 0.081 0.8 0.256
0.4 0.128 0.9 0.243

6. Use a Taylor series to solve the equation

d

evaluating y(x) for x = 0.0 to 0.5 in steps of 0.1,

—y+xy=0, »0) =1,
dx
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Calculus of variations

In a previous chapter it was shown how to find stationary values of func-
tions of a single variable f(x), of several variables f(x, y,...) and of
constrained variables f(x,y,...) subject to gi(x,»,...)=0, (i=1,
2,..., m). In all these cases the forms of the functions fand g; were known
and the problem was one of finding suitable values of the variables
X, Pyovun

We now turn to a different kind of problem, one in which there are
not free variables which must be chosen in order to bring about a particular
condition for a given function, but in which the functions are free and
must be chosen to bring about a particular condition for a given expres-
sion which depends upon these functions.

To give a more concrete example of the type of question to be answered,
we may ask the following. ‘Why does a uniform rope suspended between
two points take up the shape it does? Why doesn’t it hang in an arc of a
circle or in the form of three sides of a rectangle ? Is it possible to predict
the shape in which it will hang, that is to find a function, y = y(x), that
gives the vertical height of the rope as a function of horizontal position?’

The answers to the first two questions lie directly in the realm of physics
and the ‘umbrella’ answer would be that the rope takes up the shape it
does because for that shape the gravitational potential energy is the lowest
possible consistent with having the rope of a certain length and with hav-
ing its ends fixed.t On the basis of the general physical statement that
‘the gravitational potential energy is...ends fixed’, the calculus of
variations, which forms the subject of this chapter, aims to answer the
third question affirmatively and to produce the explicit function y = y(x).

Two other more transparent examples may also be given of the type of
question involved. ‘ Along what curve joining two fixed points is the total
path-length of the curve a minimum?’ ‘In what shape should a fixed
length of fencing be arranged so as to enclose the largest possible area?’
The answers to the questions are physically obvious, but the important

1 In this particular case an alternative analysis based upon there being no
net force acting upon any small part of the rope, is available.
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point to notice here is that the questions do not contain any particular
functions. 1t is the answers which give the functions [and the calculus of
variations which provides the answers].

What the questions do provide are the general principles by which the
particular functions are to be determined; these principles must be
expressible in mathematical form. The mathematical form common to
the three examples cited is an integral. In each case the quantity which
has to be maximized or minimized by an appropriate choice of a function
may be expressed as an integral involving the function and the variables
describing the geometry of the situation [which are at the same time the
variables upon which the function depends].

In the case of the rope, each elementary piece of the rope has a gravita-
tional potential energy proportional to its vertical height above an arbi-
trary but common zero and to the length of the piece. The total potential
energy is thus given by an integral for the whole rope of such elementary
contributions. For the shortest-path and fencing problems the quantities
to be minimized and maximized (respectively) are even more obviously
expressed by integrals whose integrands involve the functions giving the
shape of the shortest path or the lay-out of the fencing.

So we are led by this different type of question to study the value of
an integral, for which the integrand has a specified form in terms of a
function and its derivatives, and how that value changes when the form
of the function is varied. Specifically we aim to find the function which
makes the integral stationary, that is the function which makes the value
of the integral a (local) maximum or minimum.

12.1 Euler’s equation

As has been our practice elsewhere, we will assume that all the functions
we need to deal with are sufficiently smooth and differentiable.
Let us take as the integral for study

b
1= f F(y, y', x) dx, (12.1)
a

where a, b and the form of F are fixed by given considerations, e.g. the
physics of the problem, but the curve y = y(x) has to be chosen so as to
give a stationary value to /, which clearly is a function [more technically
a functional] of the curve, i.e. 7 = I(y).

As an example for the form F, we could consider the total energy of a
particle moving in a harmonic potential well V = 1ky?,

E = imp® + 1ky2.
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Here the independent variable x of (12.1) has been replaced by time, but
the form F(uy, uy, u;) = 3mué + 3ku?, illustrates what is meant by
F(y,y, x)in (12.1).

Fig. 12.1 Possible paths for the integral of equation (12.1). The solid line is the curve
along which the integral is assumed stationary. The dashed curves repre-
sent small variations of the path from this.

Referring to fig. 12.1, we now want to choose a function y = y(x)
(given, say, by the solid line) such that first-order small changes in it
(for example the two dashed paths) will make only second-order changes
in the values of 1. Put in other words, we require that the changes in the
contributions to 7 of the various factors and parts in F when the path is
varied, should cancel each other to a first approximation.

Writing this in more mathematical form, let us suppose that y = y(x)
is the required function for making 7 stationary, and consider replacing
y(x) by y(x) + an(x) where 5(x) is another function and « is small. Here
7(x) is arbitrary, but like y(x) it is assumed to have sufficiently amenable
mathematical properties. Our requirement that the change in 7 is O(«?)
can thus be expressed as

dr
— = 0 for all 5(x). (12.2)

da a=0
Putting the new form into (12.1) explicitly gives
>
I(y, o) = F(y +a’7ay/ +Ol'7)/,X) dx,
va

and expanding in a Taylor series in «, this becomes

b b /oF oF )
13,0 = | F v, 0 dx +f (5; a + a—y;an)dx + O,
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With this form for I(y, «), (12.2) implies that for all 5(x),

b/oF oF
j (—-1) + —n’)dx = 0.

a\0y 0
Integrating the second term by parts, yields
v(0F d (eF oF e
b (o [iZ] o -

If we restrict ourselves to cases with fixed end-points, i.e. not only a
and b are given but also y(a) and y(b), this result can be simplified. Such a
restriction means that only 7(x) such that n(a) = n(b) = 0 are to be
considered, in which case the last term on the left-hand side of (12.3)
vanishes since it equals zero at both end-points. It is then easy to see that,
since 7 is arbitrary (12.3) requires

oF d (8F)
ay ~ dx\ay ’ (12.4)
i.e. a differential equation for y = y(x) since the form of Fis known. This
equation is known as the Euler or Euler-Lagrange equation.

12.2  Special cases and simple examples

In certain cases a first integral of the Euler equation can be obtained for
a general form of F.
(i) F does not contain y explicitly. In this case 8F/éy = 0, and (12.4) can
be integrated immediately giving
oF tant 12.5
— = ant. )
3y constan (12.5)
(ii) F does not contain x explicitly. Multiplying both sides of (12.4) by )’
and using

d(,aF) ,d(aF)+ ,OF

we obtain
JOF JOF d ( oF
o )
But since Fis a function of y and y’ only, and not of x, the left-hand side
of this is the total derivative of F, namely dF/dx. Hence

oF
F — y'a}; = constant. (12.6)
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With these two special cases many results of physical and geometrical
interest can be obtained [and of course (12.4) may often be solved on an
ad hoc basis once F is given]. We begin with two very simple examples
for which the answers are obvious before the calculation is done, so that
the working of the method will be transparent at all points.

Example 12.1. Show that the shortest path between two points is a straight
line.
Let the two points be 4 and B (fig. 12.2).

B o (b, ¥(b))

.—-—dy

A 4(a, ya)
Fig. 12.2 The shortest-path problem of example 12.1.

The length of an element of path ds is given by
ds = [(@x)? + (@) = (1 + y2) dx,

and hence the total path length along a curve joining A to B is given by
b
L =J (1 + yH¥2dx. (12.7)

This is the case whatever path is chosen, and we are now going to apply
our previous results to select a path which makes L stationary [clearly a
minimum].

Since the integral contains neither y nor x explicitly, we may use either
(12.5) or (12.6). We will use (12.5) and obtain

oF y

constant =k = — = ——u-—.
oy~ (L+yHn

This is easily rearranged and integrated to give

k
»2. y= m; x+c, (12.8)

i.e. the expected straight line in the form y = mx + c.
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»3. Use (12.7) and (12.8) to show that, as expected, the minimum value
of L is given by

L? = [y(b) — y@F + (b - a)*.
»4. Use (12.6) to obtain the result (12.8).

Example 12.2. Find the closed convex curve of given circumference which
encloses the greatest area.

y

/\dx

Fig. 12.3 The largest enclosed area problem of example 12.2.

Let the curve pass through the origin and suppose it is symmetric with
respect to the x-axis [this assumption is not essential]. We will use s the
distance along the curve (measured from the origin) as the independent
variable and y as the dependent one. Then y = y(s) is such that »(0) =
y(1/2) = 0. The element of area d4 (shaded in fig. 12.3) is given by

d4 = ydx = y[(ds)? — (dy)*]'* = p(1 — y"*)*2 ds,
and the total area by

12
4= ZJ A1 — e ds. (129)
0
This is an example of case (ii) and so using (12.6) we obtain as a first
integral of the differential equation for y,
»5. y(l —_ y’2)1/2 + yy’2(1 — y’2)-1/2 = k,
giving, on rearrangement,

»6. ky = +(k% — y?)i2,
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On integration and use of y(0) = 0, this gives
ylk = sin (s/k),

and the other end-point condition, y(//2) = 0, fixes the value of k as
1127 to yield

! gin2 12.10
y = g-sin—~ (12.10)

From this dy = cos (27s/]) ds and since (ds)® = (dx)? + (dy)? we ob-
tain also that dx = +sin (2ms//) ds. This in turn can be integrated and,
using x(0) = 0, gives x in terms of s as,

) l 2ns
- — = — —COoS—-
* T o 2w ]

We thus obtain the expected result that x and y lie on the circle
1\2 2
— — 2 _ ——
( 217) TV
of radius //2=.

»7. Verify directly from (12.9) and (12.10) that 4 = /%/4x.

These two examples have been carried through at some length even
though the answers are more easily obtainable in other ways, expressly
so that the method is apparent and so that the way it works can be filled
in mentally in terms of the known answer at almost every step. Our next
example does not have such an intuitively obvious answer.

Example 12.3. Two rings, each of radius a, are placed parallel with their
centres 2b apart and on a common normal. An axially symmetric soap
film is formed between them but does not cover the ends of the rings. Find
the shape assumed by the film.

Creating a soap film surface requires an energy y per unit area [numeric-
ally equal to the surface tension of the soap solution], and so the stable
shape of a soap film, being the one which minimizes the energy, is also the
one minimizing the surface area [neglecting gravitational effects]. It is
obvious that any surface shape such as the one shown dashed in fig.
12.4 (a) cannot be a minimum, but it is not clear that some shape inter-
mediate between the solid curve in (a) [with area 4mab — or twice this for
the double surface of the film] and the form shown in (b) [area — 27a?]
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—2q ——>

/ \
{ \
| |
2b | ]
\ |
\ /
\
(@) ()] (c)
Fig. 12.4 Possible soap films between two parallel circular rings. See text for explana-
tion.

will produce a lower total area than both of these extremes.t If there is
such a shape (fig. 12.4 (¢)), it will be that which best compromises between
the criteria of the minimum ring-to-ring distance on the film surface of
(a), and the minimum waist measurement of the surface in ().

Fig. 12.5 Coordinate system for the minimization of the soap film area.

We take cylindrical polar coordinates as in fig. 12.5, and, with no azi-
muthal dependence of p, let the radius at height z be p(z) with p(+b) = a.

Counting only one side of the film, the element of surface area between
zand z + dz is

2mp[(d2)* + (dp)*)''?,

T With no pressure difference between the inside and outside of the film,

such shapes are not in fact possible, but are used here to illustrate the kind
of reasoning involved.
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and so the total surface
b
S = Zﬂj p(l + p'$HY2dz. (12.11)
-b

This expression does not contain z explicitly, so to obtain an equation
for p which minimizes S we apply (12.6), obtaining

p(L + p)2 — pp™™(1 + p")~ 2 = k,

which on rearrangement gives an explicit form for p’ and hence for p,

n2-Z4
> arcosn — = — C.
8. Kk

Using the boundary conditions p(+b) = q, requires that ¢ = 0 and that
k is such that a/k = cosh b/k. [If b/a is too large, no such k can be found.]
Thus we see that a minimizing curve is possible,

plk = cosh z/k, (12.12)

and in profile the soap film is a catenary with the minimum distance from
the axis equal to k. This analysis is taken a little further in example 3 of
section 12.7.

12.3 Fermat’s principle

Fermat’s principle of geometrical optics states that a ray of light travelling
in a region of variable refractive index follows a path such that the total
optical path length [physical length x refractive index] is a minimum.

2

nz

ny

6,

A

Fig. 12.6 Path of light ray at the plane interface between media of refractive indices
m and ng (<ny).
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From this, Snell’s law concerning refraction at an interface can be de-
duced. Let the interface be y = constant (fig. 12.6) and let it separate two
regions of refractive indices n, and n,. For a ray which passes through
A and B, its element of physical path length is ds = (1 + y’®)¥2 dx and
its total optical path length

P= j A + 2 dx.

A

Applying (12.6) we obtain, after some rearrangement,
() + y?M =k, (12.13)

where k is a constant. Recalling that y’ is the tangent of the angle ¢ be-
tween the instantaneous direction of the ray and the x-axis, this general
result [not dependent on the configuration presently under consideration]
can be put in the form,

ncos ¢ = constant (12.14)

along a ray, even though » and ¢ individually vary.

For our particular configuration » is constant in each medium and
therefore by (12.13) so is . Thus the rays travel in straight lines in each
medium [as we have anticipated in fig. 12.6, but not assumed in our work-
ing], and since k is the same along the whole path we have n, cos ¢, =
ns COS ¢,, or, in terms of the conventional angles in the figure,

n, sin 6, = n, sin 0,. (12.15)

A more complicated example is given in section 12.7.

124 Some extensions

It is quite possible to relax many of the restrictions we have imposed
hitherto, for example, not to use fixed end-points but merely end-points
constrained to lie on given curves. We will not pursue this particular
aspect, but will list briefly some other extensions:

(i) More than one dependent variable. Here F = F(yi, ¥, Va, Vo,. ..,
Yns Vn, X) where each y; = yi(x). The analysis proceeds as before leading
to n separate and simultaneous equations,

oF d ( 8F)

oy

= j=1,...,n. 12.16
oy, dx ! ? ( )
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(ii) Higher derivatives involved.

»9. Show by the original method and repeated integration by parts, that,
if F=F®,y,y,...,y" x), then the required minimizing function
y = y(x) satisfiest

oF d (oF d2 (oF dr [ 8F
5 al) * ) - el -
oy  dx\oy dx2\oy dx™\ay™

(12.17)

(iii) Several independent variables. For cases in which the integral is
multiple

dy 0 oy
I= jj . -jF(y,—ya—JLr = X1, Xgye .t oty x,,) dx, dx,...dx,,
axl 8x2 axn h

the same kind of analysis as used before leads to an equation for y,
oF .9 (3F )

el kel 12.18
oy OYx, ( )

70X,

Here y,, stands for dy/ox;.

12.5  Hamilton’s principle and Lagrange’s equations

The mechanics of systems whose configuration can be uniquely specified
by a number of coordinates ¢; [usually distances and angles] together with
time, is a subject which can be approached from different directions. Much
of the original work and many of the equations and definitions in this
field are associated with the names of Hamilton and Lagrange. The choice
of a postulatory starting point is not unique, but in order to illustrate the
use of the calculus of variations we will take as a postulate Hamilton’s
principle and restrict our attention to cases where the forces involved are
derivable from a potential V.

Hamilton’s principle states that if a system moves from one configura-
tion at time ¢, to another at time 7, then the path of the motion (in con-
figuration space g, ¢;) is such as to make

4y
& = j Ld: (12.19)
to
stationary. The Lagrangian L is defined in terms of the kinetic energy T
and the potential energy ¥V by L = T — V. Here V is a function of the
g; only, not of the ¢;.

1 Equation (12.17) holds only if the end-point conditions are such that the
contribution from the definite integrals vanishes — otherwise it appears on
the right-hand side.
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In this spirit we apply the Euler equation to.# and obtain as in (12.16)

d (3L) o ., (12.20)
ar \ag, = 8q,’ i=1,...,n, .
or more explicitly
d [T oT oV
»10. —(-T) - = - — i=1,..,n, (12.21)
dr \og; oq; oq;

These equations, one for each 4,, are called Lagrange’s equations. A proof
that they lead to the conservation of energy, T + V = constant, at least
in the case of T being a homogeneous quadratic in the ¢, is constructed
in example 6 of section 12.7.

As a specific illustration, we will derive the velocity of small wave mo-
tions on a string, using this approach. We are in fact here considering
an extension of the above to a case involving one isolated independent
coordinate ¢, together with a continuum [the g; become the continuous
variable x], the expressions for 7 and V" becoming integrals over x rather
than sums over i. Specifically (referring to fig. 12.7), we have

3G HE
T=\2(Z)ax, v=| () ax,
502 ot Lz ox)

where p and P are the local density and tension of the string — both may
depend on x.

y

A I :

dx \_/ !

Fig. 12.7 Transverse displacement of a string of length /.
Expression (12.19) then becomes
ty I a 2 3 2
2 =3[ af [o(Z) - 7 o
to Jo ot ox

and since y does not appear explicitly, by following (12.18) we obtain

a[Pay] 8[8}’] 0 (12.22)
T oox | ox +5;P8t o '
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If, in addition, p and P do not depend on x or ¢ then

&%y 1 &% . ., P
5;-2‘ = C—z'aﬁ with ¢? = ; (12.23)
Other examples for solution will be found at the end of the chapter
and Lagrange’s equations are mentioned again in other chapters.

12.6 Conditional variation

Just as the problem of finding stationary values of f(x, ), where x, y
are not independent but constrained by g(x, y) = 0, is solved by means
of Lagrange’s undetermined multipliers, so the corresponding problem
in the variational calculus is solved by analogous methods. Use of the
multipliers is discussed more fully in section 1.14, but in outline is as
follows.

Suppose that we require to find stationary values of

b
I =j F(y, ¥, x) dx, (12.24)

a

but subject to the constraint that the value of

b
J = '[ Gy, ¥y, x)dx (12.25)
is given. The method of attack is to take a new variable K = I + AJ and
find the stationary values of that. [We know 8J = 0, and if 8K = 0 then
we will have 8/ = 0, where 8X stands for the first-order ‘variation’ in
X when a first-order change is made in the function y = y(x).]

This process will yield
oG d /oG
A [_ _ _( )] -0, (12.26)

oF d (8F ) N
oy  dx \9y dy dx \&y’

and this, together with constraint (12.25), will, in principle, yield the re-
quired solution y(x).

We will not carry the discussion of this general approach very far, but
rather illustrate it with a full example. The reader should identify for
himself the quantities and conditions in this particular example corres-
ponding to those just mentioned in connection with the more general
problem.

Example 12.4. To find the shape assumed by a uniform rope when sus-
pended by its ends from two points at equal heights.

This is a problem which can be solved straightforwardly using pre-
viously described methods, by taking the distance from one end of the



12.6 Conditional variation 345

rope as the independent variable. It is also one for which the solution —
a catenary — is widely known even among students unfamiliar with the
calculus of variations. For these two reasons we choose it to illustrate
the method of conditional variation, using x (see fig. 12.8) as the indepen-
dent variable.

Fig. 12.8 Coordinate system for a uniform rope with fixed ends suspended under
gravity.

Let the rope of length 2L be suspended between the points x = +a,
y = 0 (L > a), and have uniformity density p per unit length. Then we
require to find a stationary value of its gravitational potential energy

1= _,,gjy ds = —pgf W1+ y?)H2dx,

for small changes in the form of the rope, but subject to its total length
f ds remaining constant,

J =J' (1 + yH)¥2dx = 2L. (12.27)

As we have already indicated, we take K = I + AJ (omitting the con-
stant — pg from I for brevity) and apply the Euler equation to that. With

a
K =j (r + X1 + yH2dx,
-a
the independent variable is not present and so by (12.6) a first integral is
7+ D+ 2 = (3 + Ny +y?) 2 = k,

which reduces to
»11. V2 =[(y + Ak - 1.
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Making the substitution (y + A) = k cosh z, this can be integrated im-
mediately to

y+ A

k arcosh =x+c, (12.28)
¢ being the constant of integration.
We now have three unknown constants A, k, ¢, and they must be evalu-
ated using the two end conditions y(+a) = 0, and the constraint (12.27).
The end conditions give
0 a+c A b —a+c
= — = cos
T Tk k
and since g # 0, these imply ¢ = 0 and A/k
Putting ¢ = 0, the constraint, in which y’

, (12.29)

cosh (a/k).
sinh (x/k), takes the form

2L = | [1 + sinh2 (x/k)]*'% dx

= 2k sinh (a/k). (12.30)
Collecting together (12.28), (12.29) and (12.30), the form adopted by
the free hanging rope is thus
x

¥(x) = k cosh (E) — k cosh (%)’ [a catenary]

where £ is the solution of sinh (a/k) = L/k.

12,7 Examples for solution

1. A surface of revolution, whose equation in cylindrical polar co-
ordinates is p = p(2) (p = (x2 + »»)''2), is bounded by the circles
p=a, z= *c¢ (a > c). The function p(z) is chosen so that the
surface integral I = fp‘”z dA is stationary for small variations,
dA being the element of area. Show that p(z) = K + z%2/4K, where
K = a + (a® — '],

2. Show that the least value of the integral

[
Py y

dx,
where Py is (—1, 1) and Py is (1, 1), is 2In (1 + 4/2). Assume that
the Euler equation gives a minimizing curve.

3. Reference example 12.3 and fig. 12.4 (page 338).
(a) Putting b = kx and a = Ab, show that the necessary condition
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alk = cosh b/k only has a solution if A is greater than a certain
value A,, and that when A = X, x satisfies x = coth x.

(b) From tables verify that x ~ 1.20 and A, = 1.51 and hence that
the minimum radius of the film is 0.835.

(¢) Show that the stationary value of the surface area S = 27 x
[kb + a(a® — k?)''2).

(d) For b < a find an approximate expression for k, and show that
the corresponding value of S is less than that (4mab) of fig. 12.4 (a)
[i.e. that a curve like fig. 12.4 (¢) does reduce the total surface area).
[Comparison with fig. 12.4 (b) involves detailed physics considera-
tions outside the scope of this book. See also the footnote to example
12.3.]

4. The refractive index n of a medium is a function of the distance
r from a fixed point O only. Prove that the equation of a light ray
(assumed to lie in a plane through O) travelling in the medium
satisfies (in polar coordinates)

’.2

1 (dr)2 B r?2 n%(r)

Ei B ;nz(a) -

where a is the distance of the ray from O at the point at which
dr/df = 0.

If n = [1 + («?/r®)]*? and the ray starts and ends far from O,
find the angle through which the ray is turned if its minimum dis-
tance from O is a.

5. The Lagrangian L(x, t) for a pi-meson is given by %(992 — |Vé|Z2 —
1?$?), where p is the meson mass and ¢(x, r) its wave function.
Assuming Hamilton’s principle find the equation satisfied by ¢.

6. (@) For a system described in terms of coordinates ¢, and ¢,
show that if ¢ does not appear explicitly in the expressions for
x, ¥, z {x = x(g, 1), etc.), then the kinetic energy T is a homo-
geneous quadratic function of the 4; (it may also involve the ¢,).
Deduce that ¢; (2T/é4,) = 2T.

(b) By multiplying (12.21) by ¢, and summing, and expressing
d7/dt in terms of ¢; and ¢,, show that d(T + V)/dt = 0.

7. For a system specified by a coordinate ¢ and ¢, show that the
equation of motion is unchanged if the Lagrangian L(q, 4, ¢) is
replaced by

de(q, 1) ’

L1=L+
dt

¢ being an arbitrary function. Deduce that the equation of motion
of a particle, which moves in one dimension x subject to a force
= —dV(x)/dx (x being measured from a point 0), is unchanged if O
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is forced to move with constant velocity v (x still being measured
from O).

8. Derive the differential equations for the polar coordinates r, 0
of a particle of unit mass moving in a field of potential ¥(r). Find
the form of V if the path of the particle is given by » = a sin 6.

9. You are provided with a light line of length #a/2 and some lead
shot of total mass M. Use a variational method to determine how
the lead shot must be distributed along the line if the loaded line is
to hang in an arc of a circle of radius a when its ends are attached to
two points at the same height. [Measure the distance s along the
line from its centre.]
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General eigenvalue problem

We have seen in chapter 12 that the problem of finding a curve which
makes the value of a given integral stationary when the integral is taken
along the curve, results in each case in a differential equation for the curve.
It is not a great extension to ask whether this may be used to solve differen-
tial equations, by setting up a suitable variational problem and then
seeking ways other than the Euler equation of finding or estimating
stationary solutions.

13.1 Laplace’s equation

Let us consider again probably the most familiar of all equations in
physical mathematics, Laplace’s equation

Vi = 0,

and ask if this can be related to a variational problem. With x, y, z as
independent variables it can be written

0 (3¢.> 0 (&f)) o (04
—(2)+ 5 (5) + =(2) -0
Ox \0Ox oy \oy 0z \0z
Reference to chapter 12 shows that Laplace’s equation has the same
form as (12.18), provided Fis chosen so that @F/é¢ = 0 and 0F/o¢, = ¢..,

where ¢, stands for d¢/0x, and similarly for y and z. It follows immediately
that the required form for Fis F = 4(¢Z + ¢2 + ¢2), or, as an integral,

I = % jﬂ(w)z dx dy dz.

Interpreted physically, the solutions of Laplace’s equation are thus the
ones which make the mean squared gradient of the potential stationary
[a minimum].

This is an example resulting in an unconstrained variation problem.
Our next example will be based on restricted variation.
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13.2  Sturm-Liouville equation

This equation has already been discussed in chapter 7, equation (7.10),
and the same notation will be used here.
Suppose we search for stationary values of the integral

I= f " (POYP) + a(x)y(x)) dx, (13.1)

with y(a) = y(b) = 0 and p and g any sufficiently smooth and differen-
tiable functions of x. However, in addition we impose a normalization
condition

b
J =j p(x)y*(x) dx = constant. (13.2)
a
Here p(x) is a positive weight function defined in a < x < b, but which
may in particular cases be a constant.
Then, as in section 12.6, we use undetermined Lagrange multipliers,}
and consider K = I — AJ given by

b
K =j [py® + (¢ — A)y?] dx.

On application of the Euler equation this yields

_“_(,,91) v+ ey =0, (13.3)
dx\" dx

which is exactly the Sturm-Liouville equation (7.10), with eigenvalue A.
Now since both I and J are quadratic in y and its derivative, finding
stationary values of K is equivalent to finding stationary values of I/J.
Thus we have the important result that ‘finding functions y which mini-
‘mize I/J is equivalent to finding functions y which are solutions of the
Sturm-Liouville equation”’.

Of course this does not tell us how to find such functions y, and to have
to do it by solving (13.3) directly, naturally defeats the purpose of the
exercise. We will see in the next section how some progress can be made.
It is worth recalling that the functions p(x), ¢(x) and p(x) can have many
different forms, and so (13.3) represents quite a wide variety of equations.

Finally in this section we recall some properties of the solutions of the
Sturm-Liouville equation and deduce one further result concerning the
value of 7/J.

t We use — A, rather than A, so that final equation (13.3) appears in the con-
ventional Sturm-Liouville form.
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The eigenvalues A; are real and will be assumed non-degenerate (for

simplicity). If the corresponding normalized eigenfunctions are y;, then
((7.18) and (7.19))

b
'[ pyy; dx = 8, (13.4)

and
b
J ipyi + yiqp) dx = A ;. (13.5)

In obtaining these results it was assumed that

=0, (13.6)

which can be satisfied by y(a) = p(b) = 0, but also by many other sets
of boundary conditions (see example 13.1).

We see at once that, if the function y(x) minimizes I/J, i.e. satisfies
the Sturm-Liouville (S-L) equation, putting y; = y; = y in (13.4) and
(13.5) yields J and I respectively on the left-hand sides, and thus that
the minimized value of 7/J is just the eigenvalue A — introduced originally
as the undetermined multiplier.

»1. For a function y satisfying the S-L equation, show directly by multi-
plying (13.3) through by y and integrating by parts, that provided (13.6)
is satisfied, A = I/J.

13.3  Estimation of eigenvalues and eigenfunctions

With the eigenvalues A, of the S-L equation being the stationary values of
1/J, it follows that the absolute minimum of I/J is equal to the lowest
eigenvalue A,. Thus any evaluation A of I/J gives an upper bound for
Ag. Notice that here we have left the minimizing problem directly and
made a statement about a calculation in which no actual minimization
is necessary.

Further we will now show that the estimate A obtained is a better esti-
mate of A, than the estimating [guessed] function y is of y, (the true eigen-
function corresponding to Ay). The sense in which ‘better’ is used here
will be clearer from the final result.

We first expand the estimate or trial function y in terms of the complete
set y;

y=Yo+ 1y1 + C2ys + -,
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where if a good trial function has been guessed, the ¢; will be small. Using
(13.4) we have immediately that J =1 + 3, |¢,|2 The other required
integral is

b
1 =j [p(ys + cyd)® + q(po + cy)?] dx.

On multiplying out the squared terms, all the cross terms vanish because
of (13.5) to leave

Ao + 2 lal®A
1+ 3;0cl?
= A + zlﬁlz(/\« — X)) + O(c*).
i

I
A=—=
J

Hence A differs from A, by the second order in the ¢; even though y dif-
fered from y, by the first order in ¢;. We notice incidentally that, since
Ao < A (all i), A is shown to be necessarily > A, with equality only if all
¢ =0, ie. if y = y,.

The method can be extended to the second (and higher) eigenvalues
by imposing, in addition to the original constraints and boundary condi-
tions, a restriction of the trial functions to only those which are ortho-
gonal to the eigenfunctions corresponding to lower eigenvalues. [This of
course then requires complete or nearly complete knowledge of these
latter eigenfunctions.] An example is given at the end of the chapter
(section 13.6, example 6).

We now illustrate the method we have discussed by considering a simple
example, and as on previous occasions, one for which the answer is
obvious.

Example 13.1. Suppose we are required to solve
d?y
—— 4+ Aa=0, 0<x<1, (13.7)
dx?

with boundary conditions
»©0) =0, y(1)=0. (13.8)

In particular we wish to find the lowest value (A) of A for which (13.7)
has a solution satisfying (13.8). The exact answer is of course y =
A sin (xm/2) and A, = #%/4 = 2.47.

We first note that the Sturm-Liouville equation reduces to (13.7) if
we take p(x) = 1, g(x) = 0 and p(x) = 1, and that the boundary condi-
tions satisfy (13.6). Thus we are able to apply the previous theory.

We will use three trial functions so that the effect on the estimate of
A, of making better or worse ‘guesses’ can be seen. One further prelimin-
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ary remark is relevant, namely that the estimate is independent of any
constant multiplying factor in the functions used. This is easily verified
by looking at the form of I/J. We normalize each trial function so that
¥(1) = 1, but purely in order to facilitate comparison of the various func-
tion shapes.

Figure 13.1 illustrates the trial functions used, curve (a) being the exact
solution y = sin (7x/2). The other curves are:
(B y(x) = 2x — x?,
(o) y(x) = x® — 3x% + 3x,
(d) y(x) = sin® (7x/2).

nx)

0.5

o 0.5 * i

Fig. 13.1 Trial wave functions used to estimate the lowest eigenvalue A of y” +
Ay = 0 with »(0) = y’(1) = 0. They are: (@) y = sin(»x/2), the exact
result; (b)) y = 2x — x2; (¢) y = x® — 3x% + 3x; (d) y = sin? (=x/2).

The choice of trial wave functions is governed by the following considera-
tions:

(i) The boundary conditions (13.8) must be satisfied.

(ii) A ‘good’ trial function ought to mimic the correct solution as well
as possible, but it may not be easy to guess even the general shape of the
correct solution in some cases.

(iii) The evaluation of I/J should be as simple as possible.
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It is easily verified that functions (), (¢) and (d) all satisfy (13.8), but so
far as mimicking the correct solution is concerned, we would expect from
the figure that (b) would be superior to the other two. All three evaluations
are straightforward.

_fe@—202dx  4p3

= P = = 2.50.
Io 2x — x?)%2dx  8/15

»2. Ay

1
_ JoBx® —6x 4+ 3dx 95 _ g0,

»3. A, = =
3 ¢ ﬁ (x® — 3x2 4+ 3x)2dx 9/14

|y @) sin? (rx)dx %8
B [} sin* (mx/2) dx KT

4 A = 3.29.

We expected all evaluations to yield estimates greater than the true
lowest eigenvalue, 2.47, and this is indeed so. From these three trials
alone we are (only) able to say that A, < 2.50. As expected it is the best
approximation (b) to the true eigenfunction which yields the lowest and
therefore the best upper bound for A,.

»5. Verify directly that A, = #?/4, the true value of A,.

134 Adjustment of parameters

Instead of trying to estimate A, by selecting a large number of different
trial functions, we may also use trial functions which include one or more
parameters which themselves may be adjusted to give the lowest value to
A = J/J and hence the best estimate of A,. The justification for this method
comes from the knowledge that no matter what form of function is chosen
nor what values are assigned to the parameters, so long as the boundary
condittons are satisfied, A can never be less than the required A,.

To illustrate this method, an example from quantum mechanics will
be used. The Schrodinger equation is formally written H¢ = Ey, where
H is a linear operator, y the wave function describing a quantum mechan-
ical system and E the energy of the system. The operator H is called the
Hamiltonian and, for a particle of mass m moving in a one-dimensional
harmonic oscillator potential, is given by

A
H= e T3 13.9)

where # is Planck’s constant divided by 2.
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Example 13.2. To estimate the ground state energy of a quantum mechan-
ical harmonic oscillator.

Using (13.9) in Hy = Ey, the Schrodinger equation is

wdy  k

2mdx2+2x¢._Ez/;, 0 < x < 00, (13.10)
The boundary conditions are that ¢ should vanish as x — + co. Equation
(13.10) is a form of the Sturm-Liouville equation in which, after changing
signs throughout, p = #2/2m, g = kx?/2, p = 1 and A = E, and can be
solved as previously.

As a trial wave function we take ¢ = exp (—ax?), where « is a positive
parameter whose value we will choose later. This function certainly — 0
as x — +oo and is convenient for calculations. Whether it approximates
the true wave function is unknown, but if it doesn’t our estimate will
still be valid [though the upper bound will be a poor one].

With y = exp (—ax?) and therefore y’ = —2ax exp (—ax?), the re-
quired estimate is
f_ww [(A%2m)do®x? + (k[2)x?] e~ 2%**dx  #%«

k
=— 4+ —- (13.11
f‘” e~ 2ex3dx 2m  8a ( )

»6. A=

This evaluation is easily performed using the reduction formula

I,_,» where I, =J X" e-2a¥2 dx. (13.12)

-

n—1

»7. I, =

(41

So we have obtained an estimate, given by (13.11) for the ground state

energy [lowest eigenvalue of H] of the oscillator, the estimate involving

the parameter «. In line with our previous discussion we now minimize

A with respect to «. Putting dA/de = 0 [clearly a minimum], gives « =
(km)*2/2h which in turn gives as the minimum value for A

hfk\?

where we have put (k/m)*2 equal to the classical angular frequency w.

The method thus leads to the conclusion that the ground state energy
E, is <ifiw. In fact, as is well known, the equality sign holds, 4% being
just the zero-point energy of a quantum mechanical oscillator. Qur esti-
mate gives the exact value because exp (—ax?) is exactly the ground state
wave function if « is as we have determined.

An alternative but equivalent approach to this and similar problems
is developed in the examples at the end of this chapter, as is an extension
of this particular problem to estimating the second lowest eigenvalue.
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13.5  Rayleigh’s method

We conclude this chapter on estimation of eigenvalues with a brief account
of the related question of the eigenvalues of matrices. These topics are
more fully discussed in the next chapter which is specifically concerned
with matrices. Here we will develop Rayleigh’s method of treating small
vibrations of a stable system.

Suppose a system is described by a set of # coordinates &; [not neces-
sarily angles], which are all zero at the equilibrium point. Then for small
displacements the potential energy and kinetic energy are given by

V = b,keiek = GBO,

T = a;keiek = OAé,
where the coefficients a;, and b, depend upon the geometry of the system
and, since the equilibrium is stable, both expressions are positive definite

(or zero). The matrices A and B can be chosen real and symmetric.
Applying Lagrange’s equations of motion (12.21) yields

aikék + bikok = 0, i= 1,. A (8 (13.14)

We seek solutions of this equation which are truly periodic (normal modes)
and in which the ratios of the coordinates 6, are independent of time for
a particular mode, i.e.

0(t) = $ig(1).
In this case (13.14) becomes

audig + budig = 0,

or, since §/g = —w?,

(bye — @?ay)d = 0. (13.15)

The problem then becomes one of finding the possible eigenvalues w?
and the corresponding eigenfunctions (eigenvectors) ¢’
As is shown in chapter 14,

$kA¢f =0, (13.16)

if k # j, and this can be used to establish an estimation procedure as
follows.

The eigenfunctions ¢’ form a complete set, and so any coordinate vec-
tor ¢ can be written as¢ = ¢;¢’. Consider the value of



13.5 Rayleigh’s method 357

$B¢ J’MC;BQ‘I" (b"‘c,,.w,ciAcb‘
b4 Pcrdodt  Sordodt
2 |ci|2w?$’f4¢‘
Sk lee*rAd*
where we have used successively (13.15) and (13.16). Now if w? is the

lowest eigenfrequency then w? > w3 for all i, and further, since d'4d' > 0
for all i, the numerator of (13.17) is > w? 3, |ci|2<-f>‘Ad>’. Hence,

NP) = ¢ ¢ wg (13.18)
4>A¢

for any ¢ whatsoever [eigenfunction or not]. Thus we are able to estimate
the lowest eigenfrequency of the system by evaluating A for a variety of
vectors ¢ [the components of which, it will be recalled, give the ratios of
the coordinate amplitudes]. This is sometimes a useful approach if many
coordinates are involved and direct solution for the eigenvalues is intract-
able.

An additional result for finite matrices, not available for the Sturm-
Liouville equation, is that the maximum eigenvalue w2 may also be esti-
mated. It is obvious that if we replace the statement ‘w? > «? for all i’
by ‘w? < g for all i°, then A(}) < w?, for any .

The formal similarity between our general result and that for S-L
differential equations may be noted. If we replace integration by sum-
mation over subscripts, g(x) by B, p(x) by 4, and A by «?, then (13.15)
replaces the S-L equation with p(x) = 0, whilst I takes the form $B4>
and J is dAd.

As an example consider a uniform rod of mass M and length /, attached
by a light string of the same length to a point P, executing small oscil-
lations in a vertical plane.

Choose as coordinates the angles 6, and 8, in fig. 13.2 (@), in which
the magnitudes of the angles have been exaggerated. In terms of these,
the centre of gravity of the rod has, to first order in the 6,, a velocity in
the x-direction of 18; + 4/0,, and in the y-direction of zero. Adding in
the rotational kinetic energy of the rod about its centre of gravity we
obtain

A() =

(13.17)

= IMI%(03 + 0,8, + 162) + 5L MI2603 + O(6Y),

) M1263]
"12[32

and
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P P P
01/ SN
-8,
[
102
(@) ) © )

Fig. 13.2 A uniform rod of length / attached to the fixed point P by a light string of
the same length: (@) the general coordinate system; (b) approximation
to the normal mode with the lower eigenfrequency; (c), (d) approximations
to the higher eigenfrequency mode.

The potential energy

V = Mig[(1 - cos 8;) + 3(1 — cos 6,)]
= IMig(63 + 463) + O(6%),

and therefore

Mlg[é 0
12 10 3]

We now use (13.18) to first estimate the frequency of the slower of the
two normal modes. Physical intuition suggests that the slower mode will
have a configuration approximating that of a simple pendulum, fig. 13.2
(b), in which 6, = 6, and so we use this as a trial function [vector].
Taking = (6, 0),

T dAd M2 141 ]

and we conciude that the lower (angular) frequency is <(0.643g//)!/2.
The true value is (0.641g//)¥/% and so we have come very close to it.

Next we turn to the higher frequency. Here it is not so obvious what a
typical configuration looks like but we may try those shown in fig. 13.2 (¢)
and (d). In (c¢) the angles are equal and opposite (8, = —0,) and in
(d) 8, = —26, [and keeps the centre of gravity of the rod under P for
small values of the 6,]. With these two forms we obtain

»8.  (c) A = 4.5g/l,
»9.  (d) A = 9g/l.
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We thus conclude that the higher eigenfrequency >(9g//)*2 and that the
motion looks more like fig. 13.2 (d) than like (c¢). [The exact value is
(9.359¢g/1)1/2.]

For this problem it is not difficult to obtain the exact eigenvalues and
eigenvectors (8, 8;) by the methods of the next chapter, but it neverthe-
less serves to illustrate that reasonable estimates and useful information
can sometimes be obtained using a minimum amount of calculation and
some physical insight.

13.6  Examples for solution

1. Show that »” — xy + Ax2y = 0 has a solution for which y(0) =
¥1) = 0and A < 36%.

2. A drumskin is stretched across a fixed circular rim of radius a.
Small transverse vibrations of the skin have an amplitude z(r, ¢, t),
which satisfies

in two-dimensional polars. For a normal mode independent of
azimuth z = Z(r) cos wt, find the differential equation satisfied by
Z(r). Using a trial function of the form a® — r*, obtain an estimate
for the lowest normal mode frequency [the exact answer is (5.78)1/2

clal.

3. Alternative approach to example 13.2 (page 355). Using the
notation of section 13.4, Ay = Eyy and the (expectation of the)
energy of the state is given by f«/x*Ez/; dv = f Y*Hy dv. Denote the
eigenfunctions of H by i; so that Hy, = Euf, and since H is Hermitian
[self-adjoint] | 7 dv = ;.

(i) By writing any function ¢ as > cp); and following an argument
similar to (13.17), show that

ey e
[w*¥ do

= 0y

the energy of the lowest state, [This is the Rayleigh~Ritz principle.]
(ii) Using the same trial function as in example 13.2 show that the
same result is obtained.

4. Using a trial wave function of the form exp (—pBr) and the
Rayleigh—Ritz principle, find an upper limit for the ground state
energy of the hydrogen atom. Assuming that the given form is
actually the correct one {which it is], find the normalized ground
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state wave function and its energy in terms of the fundamental
constants.

5. The vibrations of a trampoline 4 units long and 1 unit wide satisfy
the equation V2u + k?u = 0. By taking the simplest possible per-
missible polynomial as a trial function, show that the lowest mode
of vibration has k2 < 10.63 and by direct solution that the actual
value is 10.49.

6. Extension to example 13.2 (page 355). With the ground state
wave function as exp (—ax?), take as a trial function the orthogonal
wave function x*"*! exp (—ax?), using the integer n as a variable
parameter. Show using Sturm-Liouville theory or the Rayleigh—Ritz
principle that the energy of the second lowest state of a quantum
harmonic oscillator has an energy of <3hw.

7. Three particles of mass m are attached to a light string having
fixed ends, the string being divided into four equal portions each of
length a and being under a tension 7. Show that for small transverse
vibrations the amplitudes x; of normal modes satisfy Bx = (maw?/T)x,
where B is the matrix

2 -1 0

-1 2 -1

0 -1 2
Estimate the lowest and highest eigenvalues using trial vectors

(3,4, 3) and (3, —4, 3). Use also the exact vectors (1, v/2, 1) and
(1, —4/2, 1) and compare.

8. Use Rayleigh’s method to estimate the lowest oscillation frequency
of a heavy chain of n links, each of length a (=//n), which hangs
freely from one end. [Try simple calculable configurations such as
all links but one vertical, or all links collinear, or. . ..]
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At the end of the previous chapter we touched briefly on the notion of a
matrix as an entity consisting of a set of quantities which are arranged in
an ordered way. The ordering is usually described by the use of subscripts,
the number of these being equal to the dimension of the array. Thus aqs3
stands for the element of an array which is [to use an undefined but readily
visualizable description] simultaneously in the second row, in the fifth
column, and in the third layer of the array. A general element of this
array would be denoted by a;;,.

The properties of ordered arrays of elements [usually numbers or alge-
braic expressions, but sometimes more complicated objects] are a large
and intensively studied field and any reader who is interested in this for
its own sake should consult some of the numerous books available on the
subject. Our attention will be focussed on two-dimensional arrays {with
elements like @;;], or, as a special case, the one-dimensional vector array
[with elements g;].

Such an array is called a matrix 4, and if i/ runs from 1 to M and j
from 1 to N, 4 is called an M x N matrix. Written out in array form it is

a, Ayg ... a)n
Aoy Qo ... Adgy

A= . . . > (14.1)
ayy Gm2 ... Aaumw

and has M rows and N columns. The special case of a column (or row)
vector arises when N (or M) has the value 1. In keeping with the notation
used throughout the rest of this book (for ‘physical’ vectors) we will
denote a matrix which is known to be either M x 1 or 1 x N by (respec-
tively) a vector u or a transposedt vector ¥ in bold type.

+ Transposed vectors are introduced later when matrix manipulation is
discussed.
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In the present chapter we will rather narrowly pursue a path which is
aimed at deriving those properties of matrices which are useful in physical
applications such as the solution of simultaneous linear equations or the
study of small oscillations of a mechanical system. In doing this we will
have to by-pass many interesting mathematical properties of the arrays
and in some cases quote results without a full proof. This will be par-
ticularly true in our treatment of determinants which will virtually con-
sist of only those results needed to establish inverse matrices and the
compatibility conditions on simultaneous equations.

14.1 Some notations

Before proceeding further, we remind the reader of the summation con-
vention (section 1.9) for subscripts, since its use looms large in the work
of this and the next chapter. The convention is that any Jower-case alpha-
betic subscript which appears exactly twice in any term of an expression
is to be summed over all the values that a subscript in that position can
take (unless the contrary is specifically stated). This naturally implies that
any such pair of repeated subscripts must only occur in subscript posi-
tions which have the same range of values. Sometimes the ranges of values
have to be specified but usually they are apparent from the context.
The following simple examples illustrate what is meant:

a,x; stands for a.x, + azx; + ... + ayxy,

a, b, stands for @, b1 + aibay + ... + ainbyy,

N L
a;b,.c,. stands for Z Z (ai)(bs)(cy),

j=1 k=1

where of course on the right-hand side of the third example (a;;) is the
element in the ith row and jth column of the matrix 4, etc.

Subscripts which are summed over are called dummy subscripts and the
others free subscripts. It is worth remarking that when introducing a
dummy subscript into an expression care should be taken not to use one
that is already present, either as a free or as a dummy subscript. For
example, a;b;.c,; cannot and must not be replaced by ayb;c;; or by
aybic, but could be replaced by ainbnici or by @imbnac,,. [Naturally
free subscripts should not be changed at all unless the working calls for it.]

In the study to be made of the properties of matrices we shall often
have reason to consider multiple products of elements drawn from an
array such as (14.1). A particular product-type of interest is one which
arises from a matrix for which M = N (a square matrix), and which con-
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tains N factors, the factors being such that there is present one and only
one from each row and one and only one from each column,
Such products can be characterized as being of the general form

a15,02;,43;55 - - - Anjys (142 a)

where j, js, js,. .., jn 1S some ordering of the numbers 1,2,3,..., N.
As an alternative, the same expression may be written so that its column
subscripts occur in their natural order i.e.

11812853 - iy - (14.2 b)

Again iy, iy, i3,..., iy is an ordering of the numbers 1, 2,..., N (but in
general not the same as the previous ordering of the j’s).

It is a well-known result from the theory of permutations that the
number of interchanges of pairs of numbers needed to obtain a specific
ordering j,, ja,...,jy starting from the natural ordering 1,2,..., N is
either definitely odd or definitely even. That is to say that although the
actual number of interchanges needed will depend cn the sequence in
which the changes are made, if it is odd by one method it is odd by every
method (and similarly for even).

To express and use this result we define a symbol ¢, ;,..
takes only the three values +1 or 0, and takes these as follows,

which

“Iin

€5y = +11if j1,Ja,. .., jy Is an even permutation of

1,2,...,N,
= —1ifj, ja,...,jy is an odd permutation of

1,2,...,N,
= 0if j1, js,...,jx IS DOt a permutation of

1,2,...,N. (14.3)

»1. Verify that, with these definitions:

(i) €412 = 1, (ii) €391 = —1, (iii) €2412 = 0.

»2. Using the € notation and the summation convention show that

Eijkaibj = a2b3 - aab2 fork = 1,
= azb, — ayb; for k = 2,
= a1by — ah, for k = 3.

Notice the connection between this and the kth component of a A b.

14.2 Determinants

In order to prepare the way for some of our subsequent work on the proper-
ties of matrices, we will in this section explain and establish those results
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from the theory of determinants, which will be required. The motivation
for this development work will therefore not become apparent until we
come to the physical applications of later sections, but so as not to break
up that work too much it will be carried out here.

The matrix A appearing in (14.1) is purely an array of numbers (ele-
ments) and as such has no particular numerical value. {[One could argue,
quite rightly, that it has in fact MN numerical values.] However, for a
square matrix [M = N] it is possible to deduce a single numerical (or
algebraic) expression, which it will be found later has an important role
to play in the theory of matrices. This expression is known as the deter-
minant of 4 or det 4 and is denoted symbolically by |4|. For an explicit
matrix such as (14.1) with M = N it is written

an (112 PR alN
dgy Qdza ... Aoy

det 4 = . . . . (14.9)
any dyz ... Qxy

[Notice that in our notation a determinant appears enclosed in vertical
bars, whereas the corresponding matrix is enclosed in square brackets.]
The value of the determinant is given by

] = €nigin@iniga. - - @iyns (14.5)

where the implied summation runs over all values of each i, from 1 to N
and e is as defined in (14.3). Since the e-factor is only non-zero when
iy, Ig,. .., iy i1s some permutation of 1,2,..., N, it is apparent that the
only non-zero contributions to |4| in (14.5) come from terms in which
the factors a;,, are drawn one and only one from each row and one and
only one from each column. This is just as discussed in connection with
(14.2b). Since there are N numbers (1,2,..., N) to fill in the values
i1, ig,..., iy and all must be different, it is clear that there will be N!
contributing terms. [There would be N¥ terms in (14.5) if € did not have
its special meaning.]

Let us illustrate this immediately with a simple example by evaluating
det A when A is the 3 x 3 matrix

2 1 -3
A=13 a4 o]. (14.6)
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To show where each factor arises we write below it the corresponding
values of iy, iy, i3 in (14.5)

[A] =241 = 2:(=2)-0 = 3-1-1 + 3-(=2)-(=3)

1y10ig 123 132 213 231
+1:1-0 — 1.4.(=3) = 35. (14.7)
312 321

As an alternative to the definition (14.5), det 4 can also be expressed
as

lA] = €f1fz"‘fNaljlazf2' . .aNjN- (148)

This definition will now be shown to be equivalent to (14.5).

It is readily apparent that the only non-zero terms in (14.8) are again
those containing factors drawn one and only one from each row and
column, and all that remains to be shown is that for any particular product
of elements so constituted, the signs obtained from the ¢ factors are the
same in (14.5) and (14.8).

To show this consider a particular term

Qi 13Arcp1p - - ~Areply -

Their occurrence in this term associates with each k-subscript a particular
I-subscript, /, with k,. The sequence ki, ks,..., ky Is necessarily either
an even or an odd permutation of /;, l,,. .., Iy, and both are orderings
of the numbers 1 to N. Whichever it is, it is not affected by reordering the
pairs (ki, 1), (k2, 1b),. . ., (ky, Iy) so as to read

(l,jl)a (2’j2)9-- ~9(N9jN)9 (149 a)
nor by reordering them so as to read
(ily 1)’ (i2’2)"~ -s(iN’ N) (14.9 b)

Thus all three sets of pairs have the same even or odd permutation charac-
ter; in particular (14.9 a) and (14.9 b) have the same character. But this
is just the statement that e;,;,...;, = €;i,...1x» When 7 and j have those values
which pick out exactly the same combination of factors in (14.5) and
(14.8) respectively. This completes the proof that (14.5) and (14.8) are
equivalent to each other.

»3. Use (14.8) to evaluate | 4|, with A given in (14.6). Set out the evalua-
tion in an analogous way to (14.7) and show that it again yields 35.

When the size of the matrix becomes much beyond 3 x 3, evaluation
of its determinant by writing out all permitted products as in (14.5) or
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(14.8) becomes very laborious and error-prone and an alternative method
is preferable. This can be obtained as follows.

In the expression (14.8) for det 4 we group together all those terms
which contain the factor a;;, for some particular value of I. There will
be N such groups corresponding to the N different values of j;. In carry-
ing out the development, I will be left unspecified, but it may be helpful
to think of it as having a particular value (say 1). In what follows a bar

over the top of a symbol, e.g. j; or a_,,—», will denote that that symbol is
missing from an otherwise natural sequence.
Carrying out the grouping we can write (14.8) as

N
IA' = z a]j' Z €j1j2..‘j’“_jNaljlazj2. . .(le. . .aNjN . (1410)

j1=1 f1io... 31 - IN

[Despite our preference for the summation convention, the summation
signs have been explicitly written in here, to help to elucidate the order
in which things are done.] In the second (multiple) summation, j;, j,,
etc. range over all values from 1 to N except the value j,.

As an intermediate aid let us denote by

€irforTrwin

the quantity analogous to ¢,,,...;, but taking the value +1 or —1 accord-
ing to whether j., jo,...,J7,...,jnx 15 an even or odd permutation of 1
to N excluding j,. Now consider the sequence

1,23, ... j,...,N.

In |j, — I| successive interchanges of j, with its successive left- (or right-)
hand neighbours, j; can be brought to the Ith position with the rest of
the numbers in their natural order [omitting j, of course]. If these inter-
changes are then followed by those necessary to get the remaining numbers
into the order j,, jo,...,J5,- .., jx, then the total number of changes will
be even or odd according to whether

(_ l)jl 'lehjz...r...m

is +1 or —1. But this is exactly the same as ¢;,,...;,...;,,, Since it produces
the same final ordering, viz. ji, ja,. .., Ji,. - .> jn, Of the numbers 1 to N
starting from their natural order.

Returning now to (14.10) and inserting this result, we obtain as an
alternative for | 4|,
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N

Al = > ay (=~

jr=1

x { Z €1doip gy Q15,8255 - + - Qpjyp e+ 'aNjN}. (14.11)
13%2]

ofrIn

Now the term in the curly brackets is exactly the determinant of the
(N — 1) x (N — 1) matrix obtained by striking out the /th row and the
Jjith column of the original matrix A, i.e. by striking out the row and
column containing a,;,. This quantity is called the minor of a;;, and is
denoted by M,;,. Taken together with the sign factor (—1)177, it is
called the cofactor

Cry, = (—1Y1" My, (14.12)
and (14.11) can be rewritten as
|| = > a, (—=1y1"'My;, = a;, Cyy ,any Iin1 <T<N.
8 (14.132)
By a similar argument starting from (14.5) det 4 can also be written as
[A| = Z a,(—1¥"'M;,; =a,C,,anyJinl <J < N.
N (14.13 b)

These new expressions for det 4 enable it to be expressed as a weighted
sum of N determinants, each with one less row and column than the
original. Clearly this process can be repeated until the matrices are
reduced in size to 1 x 1. Their values are then those of the single elements
left. [When a matrix B contains only a single element, |B| must not be
confused with a simple modulus sign, e.g. | —3| is —3 not +3.]

As stated earlier I was left as a fixed but arbitrary integer in the range
1 to N. But since equations (14.13) have been shown equivalent to (14.5)
and (14.8), it follows that the values given by (14.13) are quite independent
of which value I takes. For practical calculations, 7 is usually determined
on the basis of which row or column has most zero entries, or is taken
as I = 1 since this aids the visualization of the cofactor determinants.

This proof, in order to be general, has been somewhat complicated
and involved subscripts to subscripts. When the form of result is applied
to particular cases it is much less forbidding. To illustrate this we will
again evaluate | 4| for 4 given by (14.6). In doing this we will pedantically
follow out the procedure to the last single step, although in practice the
evaluation of 2 x 2 matrices is usually carried out mentally. [In addition
some properties of determinants mentioned later can greatly simplify
their evaluation.]

We use (14.13 a) with I = 1 (and j; running from 1 to 3) at the first
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stage and also evaluate the subsequent determinants by expanding in
terms of the first row.

2 1 -3
|4 ={3 4 0
1 -2 1

4 0 3.0 3 4
|5 5]l

-2 1 11 1 -2
= 2[4)1] — 0| =2[] — 1[3]1] — O]1|] — 3[3]-2| — 4]1]]
=2[4-1=0(=2)] - 1[3-1 = 0-1] — 3[3-(=2) — 4-1]
=8 — 3+ 30 = 35.

»4. For some verification of the general results derived in this section,
again evaluate the same determinant,

(i) using (14.13 a) with another value of I (say I = 2),
(i1) using (14.13 b) with some value of J (say J = 3).

Of course all methods should lead to the same value of 35.

»5. Evaluate the determinants

a h g
. 1 -2 1
M|r b fl i) .
3 -3 4 -2
8§ f ¢

14.3 Some properties of determinants

We will now establish a series of properties of determinants which will
be needed later and in addition can often be used to reduce the labour of
evaluating them.

(1) The matrix B obtained from A by interchanging the rows and columns
of 4, i.e.
b(j = aﬂ (14.14)

has the same determinant as A4.
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This follows immediately from the equivalence of the definitions (14.5)
and (14.8). Det B evaluated using (14.5) is identical to det A evaluated
using (14.8), and vice-versa.

The matrix B is known as the transpose of 4 and will be denoted by
A. A matrix which is equal to its transpose, 4 = A, is called symmetric.

It also follows from the present result that any theorem established for
the rows of 4 will apply to the columns as well, and vice-versa.

(ii) If two rows (columns) of A4 are interchanged, its determinant changes
sign but is unaltered in magnitude.

Suppose the rth and sth (s > r) rows of A are interchanged to produce
a new matrix A’. Then using (14.8) to evaluate det A" we have

4 —
IA | = 67-112...,-,...js...jNaUlazjz. . .asjr. . .a,js. . .aNjN.

Now exchanging the dummy subscripts j, and j,, the original products of
elements which appeared in |A4| are recovered but the e-factor is now
€pigerdsecipreiy 1DStEAd Of € 5. 5.5 ...s . However, this reordering of the e
subscripts corresponds to a single interchange and so one e-factor is
equal to minus the other. All other factors depending on rows other
than the rth and sth are unaltered and so

|4 = —|4].

(ii1) If two rows (columns) of det A are identical, then det 4 = 0.
Interchanging the two rows clearly leaves |A4| unaltered. But by (ii) it
changes it to —|A|. Thus |4} must =0.

(iv) (@) Multiplying each element of any one row (column) of 4 by a
constant k¥ multiplies |4| by k.

(b) Multiplying every element of A by k multiplies |4} by k¥.

(c) Any matrix which contains a complete row (column) of zeros has zero
determinant.

(v) If two matrices 4 and B are identical except for the elements of one
particular row (column), say the Ith, then the matrix D, having the same
common elements as 4 and B and having its /th row (column) construc-
ted from the sums of the corresponding elements in A and B, has the

property
|D| = |4] + |B|.
In symbols we have

dy=ay=by, (#I), j
dlj = ay; + bU’ j

It
——

-
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The result is immediate if we write
€ipdrrin@i5B2sy - Ay - Ay
= 61112...]',...de111(12]~2. . .am. . 'deN
+ €y ipesin@iin ey o by oy,
and replace all the remaining d;; in the first term by the corresponding
a;;, and those in the second by the corresponding b;;.

(vi) The determinant of a matrix is unchanged in value by the addition
to the elements of one row (column) of any fixed multiple of the elements
of another row (column).

This result can be obtained from the previous one by taking the Jth
row of B as the fixed multiple (A say) of the row (the Rth say) to be added,
Le.

dy=a;="by, i#l
by, = Aagy, j=12,...,N. (14.15)
du = a; + Adg;,

However, by result (iv), part (@), det B = A x {the determinant of a
matrix in which the /th and Rth rows are identical}; thus by result (iv),
part (c), this must =0. Putting this into result (v) gives that |D| = |4,
which equations (14.15) show is the stated result.

Example 14.1. Use properties (ii) to (vi) to evaluate the matrix (ii) of »5.

There is no explicit procedure for using the results (ii)—(vi), and judging
the quickest method is a matter of experience. A general guide is to try
to reduce all terms but one in a row or column to zero and hence effec-
tively obtain a determinant of smaller size. The steps taken below are
certainly not the fastest series but have been chosen in order to illustrate
the use of most of the properties. To save space the various stages are
written sequentially and the commentary given afterwards.

1 0 2 31 (@ 1 0 1 3

0 1 -2 1 0 1 -1 1

3 -3 4 -2 =2 3 -3 2 -2

-2 1 -2 -1 =2 1 -1 -1

(b) 1 0 1 31 (© I 0 1 3
_> 0 1 0 1 _, 0 1 0 0
3 -3 -1 =2 3 -3 -1 1

-2 1 0 -1 -2 1 0 -2
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@) 1 1 3] ( 4 0 4
=2.1-(=122| 3 -1 1| =2{ 3 -1 1
-2 0 -2 -2 0 -2
N -2 0 -2 (®
=2(=2| 3 -1 1] =0
-2 0 -2

(a) property (iv), part (a).

(b) add column 2 to column 3.

(c) add (—1) x column 2 to column 4.
(d) expand using (14.13 a) with I = 2.
(e) add row 2 to row 1.

(f) property (iv), part (a).

(g) property (iii).

»6. Evaluate
gc ge a-+ge gb+ ge
0 b b b
c e e b+e

a b b+f b+d

Before leaving determinants we may note one further property which
will be useful later.

Consider the matrix 4’ obtained from an original matrix 4 by replacing
the Ith row by one of the other rows (say the Rth) of 4. Then 4’ is a matrix
with two identical rows and thus has zero determinant. However replacing
the Ith row by something else does not change the cofactors C,; of the
elements in the /th row which are therefore the same in 4 and A4’. Thus
applying (14.13 a) to the new matrix 4" we obtain

0= |A’l = a;jC;J = ap;Cy;, I# R,

and we may now combine this result more compactly with (14.13 a) to
read

aR,-CU = SRIIAI . (14.16 a)

An analogous argument applies to column expansions to enable (14.13 b)
to be generalized to

a;SC,-, = SSJ{Al (14.16 b)



372 Matrices

These two results show that there is a special relationship between the
elements of a matrix and their cofactors. That such a relationship exists is
not surprising since each element itself appears in the cofactors of other
elements. In vector language, equations (14.16) state that any row (column)
vector in the matrix is orthogonal to the vector formed by the cofactors
of any other row (column).

14.4 Simultaneous homogeneous linear equations

If we consider the N simultaneous homogeneous linear equations
apx; + aexg + oo+ awxy =0,
am'xl + QgoXg + -+ azNJ.cN =0, (14.17)
ayiXy + ayaXs + -+ ayyXy = 0,
in N unknowns x;, x,,. .., Xy, we would expect, in view of every right-
hand side being zero, that in general the only solution is that all x; are
themselves zero.
However, this is clearly not necessarily so, since, for example, the three
simultaneous equations

3x1 — Xg + 2x3 = 09
X, — 2xe + 2x3 = 0, (14.18)
X, + 3X2 - 2X3 = Oa

have the non-zero solution x, = —2, x, =4, x3 = 5 [and also any
multiple of this set]. We may thus consider what conditions are necessary
for the general equations (14.17) to have a non-zero solution.

The general question of whether M simultaneous homogeneous linear
equations in N unknowns have no solution, a unique solution, or infinities
of solutions, is lengthy to consider in full generality, and if pursued would
take us well beyond what is usually required for physical problems. We
will restrict our attention to the case M = N (as in (14.17)) and derive
only a necessary condition that at least one non-zero solution exists.

Consider the constants a;; (i, j = 1, 2,..., N), in (14.17) as the elements
of a matrix 4 and suppose there exists a non-zero solution to the equations,
i.e. a solution with at least one x; # 0. For definiteness suppose x; # 0.

Next consider det 4. In view of the results of the previous section the
following operation can be carried out on 4 without changing the value of
det A. To the first column of 4 add

X

X
— % (2nd column of A4) + = x (3rd column of 4) + ---
X1 X1

XN i
+ X (Nth column of A).
1
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Now every element of the first column of the new matrix has the form

AiaXg Qy3X3 AiNXN
+ + ot

a4, + » i=1,2...,N. (14.19)

X3 Xy X1
But because the x; have been selected to be solutions of (14.17), each of
these elements is individually zero. Hence the new matrix contains a
column of zeros and so its determinant is zero. Thus necessarily det A is
zero also.
This result (which will later form an important step in the discussion of
eigenvalues of matrices) may be stated as:

If equations (14.17) have a non-zero solution, then
|A| = 0 where A is the matrix whose elements are the
constants in (14.17).

In the matrix and vector notation of later sections, this reads:

The equation Ax = 0, can have a solution with x # 0
only if [4] = 0. (14.20)

»7. Verify that the matrix appropriate to equations (14.18) has zero
determinant.

»8. Do the following sets of equations have non-zero solutions? If so find
them.

()3x+2p+2z=0,x-3y+22=0,2x+y+ 32=0;
(i) 2x = b(y + 2), x = 2a(y — 2), x = (6a — b)y — (6a + b)z.

14.5 Matrix algebra

So far in our development, matrices have been nothing more than arrays
of numbers (or 'algebraic expressions), and it is natural to enquire as to
whether it is possible or useful to define operations by means of which two
or more matrices may be combined to give further (related) matrices or
other quantities. The kind of operations on ordinary numbers, for which
analogues may be sought for matrices, are addition, subtraction, multi-
plication and division.

1. Addition and subtraction. At one point in the derivation of property (v)
of section 14.3 an equation appears which has something of the appearance
of the addition of two matrices. The actual context there is one of deter-
minants of matrices rather than the matrices themselves. However, it
seems natural to define the sum D = 4 + B of two matrices 4 and B
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[we avoid the symbol C which we employ in connection with cofactors] as
that matrix whose elements are given by

dii = aij + bij (1421)

for every pair of subscripts (i, j), withi = 1,2,..., Mandj = 1,2,..., N.
For this to have any meaning, the matrices 4 and B must bothbe M x N
and their sum D will be the same.

From definition (14.21) it follows that 4 + B = B + A and that the sum
of a number of matrices can be written unambiguously without bracketing,
1.e. the commutative and associative laws hold.

It is clear that for consistency the matrix £ = 4 — B must be defined
by

e;=a;—b,;, i=1,2,.... M, j=12,...,N. (14.22)

2. Multiplication. A useful definition of multiplication of matrices is less
obvious, but one is suggested by a study of linear transformations. For dis-
cussion purposes and to save space, we will limit ourselves to matrices of
small size until the general formalism has been established. The results to
be obtained will be applicable to matrices of arbitrary size and in general
can be compactly stated using the summation convention.

Consider a transformation from one set of variables x;, x, to a new set
of variables y,, y,, ys [we suppose there are a different number of them so
that the matrix properties can be developed for general matrices]. If the
transformation is /inear it will take the form

X, = anyr + a12Y2 + a13¥s,
Xg = A1y + Aa2Ys + Ao3ys. (14.23)

These equations can be written more compactly using the summation
convention as

Xi = Qi) (l = 13 2)9 (j = la 23 3)- (14'24)

Alternatively if we view the entities

N
X
X= [x ] and Y=y, (14.25)

2
Vs

as a 2 x 1 matrix and a 3 x | matrix respectively, we see that we could
conveniently define multiplication of matrices by saying that

X =AY (14.26)

means that each element of the product matrix X is given by (14.24) for a
particular value of the subscript i. For this to be a meaningful definition it
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is clearly necessary that the number of columns in 4 equals the number of
rows in Y [in this case both = 3].

As mentioned earlier, it is usual when a matrix has only a single column
(row) to call it a column (row) vector and, to be in line with the vector
notation of chapters 24, to write it in bold type, e.g. x(X). Thus (14.26)
would normally be written

x = Ay, (14.27)

and we will follow this practice for column or row vectors.
Consideration of a further transformation, say

yk = bklzl + bk222 + bkgzg = kaZ,, fOI' l = I, 2, 3, (14.28)

will show how the definition of multiplication of matrices can be extended
from (14.24) and (14.26) to more general cases. Substituting (14.28) into
(14.24) [with j = k] gives

X; = aijbﬂzl (14.29)

and so gives the connection between the variables (x;, x;) and the variables
(z1, zg, z3) directly. Written as a single transformation it would have the
form

Xy = duzy, (14.30)

and comparison between this and (14.29) shows that we should define the
product of the matrices 4 and B as

D = AB (14.31)
with each component d;, of D defined by
dil = aijbﬂ. (14.32)

Again the number of columns in A must match the number of rows in B.
Multiplication of more than two matrices follows naturally and we
simply state the defining relationship for the individual elements

(H)ij = (ABC . 'G)ij = Aik'Blelm' . ‘qu. (14.33)

The expression (14.33) is independent of the order in which the sums over
k,l,m,..., q are carried out and so the associative law holds in multi-
plication.

Returning to (14.32), it is apparent that if 4is M x N and B is an
N x M matrix, then two product matrices are possible, given by

(i) d“ = aijbjl, and (il) eu = bijaﬂ.
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They are clearly not the same since D is an M x M matrix whilst E is
an N x N matrix. Care must thus be taken to write matrix products in the
intended order; D = AB but E = BA.

Even if both 4 and B were square (i.e. both N x N) the product AB is
not in general the same as the product BA. If they are the same the two
matrices are said to commute.

For the rest of this chapter we will consider only square matrices. These
will be of arbitrary size N x N unless otherwise stated although most
specific examples will be 2 x 2 or 3 x 3. All summations over dummy
subscripts must be understood to run from 1 to N.

To give a concrete example of the multiplication procedure and also to
illustrate the points of the last paragraph but one, we now carry out the
following example.

Example 14.2. Evaluate AB and B4 when A4 and B are the 3 x 3 matrices
given by

3 2 -1 2 -2 3
A=10 3 2}, B=1]1 1 0
1 -3 4 3 2 1

The layout to be used for the working is that usually found most con-
venient. The elements (d;; say) of the resultant matrices are (for simple
elements) found by mentally taking the ‘scalar product’ of the ith row of
the first matrix with the jth column of the second one. For example,

1 =324+21+(-1)3=5d,;=3(-2)+21+(-1D):2= -6,
etc.

32 —1)[2 -2 3] [5 -6 8
D=4B={0 3 2|1 1 o0|l=]|9 72
1 =3 4|3 21] | 37
(2 -2 313 2 -17 [9 -1 6
E=Ba=|1 100 3 2f=3 51
3 2 1]|1 -3 4] [0 95

It is apparent from these results that 4B # BA.

»9. Check the remainder of the evaluation of D and E in the above
example.
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Further properties of matrix multiplication which can be deduced
directly from its definition include the distributive laws

(4 + B)F = AF + BF,
F(4 + B) = FA + FB. (14.34)

Although AB # BA in general, it is the case for any square matrices A
and B that

det (AB) = det A-det B = det (BA). (14.35)

A proof of this can be found in any textbook on matrix algebra and will
not be given here.

»10. Show that this is true for the particular matrices of example 14.2.

»11. (i) By considering matrices

[1 0] [0 0]
A = s B= *
00 3 4

show that 4B = O, where O is the zero matrix with all entries equal to
zero, does not imply that either 4 or B is the zero matrix,
(ii) Verify that result (14.35) is still true however.

3. Division. 1f we were dealing with ordinary numbers we would consider
equation (14.31), D = AB, as equivalent to B = D/4 provided that
A # 0. However, if 4, B, and D are matrices this notation does not have an
obvious meaning, since we have elected to define multiplication by

dy = aijbjl (14.32 bis)

rather than, say, d;, = a; x b; (no summation), and we would wish
division to be in some way the inverse of multiplication. The question
becomes: ‘Can an explicit formula for B be obtained in terms of 4 and
DY

It will be shown that this is possible for those cases where det A4 # 0.
A square matrix whose determinant = 0 is called a singular matrix, other-
wise it is described as non-singular. What will be shown is that if 4 is non-
singular, we can define a matrix, denoted by 4! and called the inverse of
A, which has the property that,

if AB= D,
then B = A~'D. (14.36 a)

In words, B can be obtained by multiplying D ‘on the left’ by 41
Analogously, if B is non-singular, then by multiplication ‘on the right’

4 - DB-L. (14.36 b)
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The construction of the inverse of 4 is based upon the results (14.16)
involving the cofactors C;; of the elements of 4, namely

ap;Cy; = S| A], (14.16 a bis)
a;sCi; = 85| A|. (14.16 b bis)

From these equations it is clear that if we take as the (i, j) elements of
A~ the C; (note the inversion of the order of the subscripts) divided by the
non-zero number | 4|, then the k, / element of 4~*4 will be

ka Skl

——am=.—
4] 4]

In the next to last step, (14.16 b) was used.

Thus, with this definition of 4 ~%, the matrix 4 -4 has elements = 1 on
the leading diagonal (i.e. when k = /) and = 0 elsewhere. Such a matrix
is called a unit matrix and denoted by 7 [it toois N x NJ;

(A7 Ay = (A" Dm( D1 = [4] = 8. (14.37)

’100...(”
010
I=joo1 - (14.38)
1o
[0 . ... 0 1]

In this notation (14.37) can be written as

A4 =1 (14.39)

»12. Show by a similar argument to (14.37) that A4-! = I, i.e. 4 and its
inverse commute.

»13. Verify formally the following intuitively obvious properties of the
unit matrix.

(i) For any matrix 4, AI = A.
(ii) I commutes with any other matrix.
(i) Iis its own inverse.

We may now return to our original equation 4B = D and solve it for B as
follows.

Because A4 is non-singular (J4] # 0) we can define the matrix A~
Muitiply both sides of AB = D on the left by A~ to obtain

A7 AB = A'D.
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Using (14.39) and the results of »13, this becomes
A™*D = A"'AB = IB = Bl = B,

which is the stated result (14.36 a).

It is clear that 4~! cannot be singular [e.g. by using (14.39) and (14.35)
and noticing that det 7 = 1] and so it too has an inverse. Applying the
result (14.36) to (14.39) shows that its inverse is A4 itself; in symbols,

A4 =1,
thus A=A =(4"YH"" (14.40)
By similar arguments, other properties of the inverse may be found;
these are left as exercises for the student.

»14. Show that for non-singular matrices 4, B,. . .,

Q) ()t = (47,
(ii) (4B)"* = B4,
(iii) (4B...G)~* = G-...B-'4"1.

14.6  Simultaneous linear equations

As a particular case of matrix division we may consider a matrix equation

Ax = b, (14.41)

where 4 is N x N and non-singular and x and b are N x 1 column
vectors. Written out in full this represents the N simultaneous linear
equations

A1 Xy + ArpXa + -+ awxy = by,
Xy + GgaXe + ¢+ AayXy = by, (14.42)

Ay1X1 + AueXg + -+ GyyXy = bN'

Consideration has already been given in section 14.4 to the case where
b = 0 and so we will not consider that case further.

A solution for the unknowns x;, X,..., Xy can be immediately ob-
tained in terms of the elements of 4 and b by using (14.36 a), namely

x = A-b. (14.43)

To illustrate this method and demonstrate the construction of an inverse
matrix we will solve the following.
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Example 14.3. Solve the simultaneous equations

2x1 + 4x2 + 3X3 = 4,
X, — 2xy — 2x3 =0,
—3x1 + 3x2 + 2x3 = -T7.

Referring to the equations as Ax = b, we first determine |A4| and find
it = 11, This is non-zero and so an inverse matrix 4 ! can be constructed.

To do this we need the cofactors of all the elements of A. The cofactor
of a,,, for example, is (—1)2-1[(4 x 2) — (3 x 3)] = 1 and this is to be
placed as the 1, 2 [note the order] element of A, The matrix A~ is in
this way built up as

2 I -2
»15. A= % 4 13 7
-3 —-18 -8
The solution of the equations is then easily obtained as
2 1 -2 4 2
X=A'1b=lil 4 13 7 0]=1]-3
-3 —18 -8 [-7 4
Thus the solution is x; = 2, xo = =3, x5 = 4.

The solution of an equation of the form (14.41) can also be considered
as inverting a transformation of variables such as is described by

x = Ay. (14.27 bis)
The solution
y=A"x (14.44)

gives the equations which express the y; in terms of the x;, whereas the
original equation (14.27) expressed the x; in terms of the y;. [It should
again be noted that for a unique inverse transformation to exist there must
be equal numbers of x; and y; — A4 is square — and 4 must be non-singular.]

147  Derived matrices and their properties

In addition to the inverse matrix 4~ 1, there are a number of other matrices
which can be derived from an N x N matrix 4. In describing them we will
begin by assuming all quantities involved are real.

The transposed matrix 4 has already been defined in equation (14.14) of
section 14.3, where it was stated that if 4 = A then A is said to be sym-
metric. A matrix which has a transpose equal to minus itself, i.e.
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ai; = —ay, (14.45)

is called skew- (or anti-) symmetric. Its diagonal elements a,,, aq,,. . ., ayy,
are necessarily zero. ~

The transpose of a product of two matrices 4B is given by the product
of their transposes taken in reverse order,

~ PP

AB = BA. (14.46)
This is easily shown by the following chain of equalities,

(AB)U = (AB)ji = ApBy = (I‘T)kj(g)ik = (E)ik(/f)kj = (E‘T)u-

»16. Extend this to a proof that
N o~ 4
(ABC...G) = G...CBA.

A matrix with the particular property that its transpose is also its inverse,
A=4"1, (14.47)

is called an orthogonal matrix. This clearly requires that 4 is non-singular;
but further, since
A4 =1 (14.48)

for such a matrix, |4|2 = |4]|4]| = |I| = 1 and |4]| = +1.
If an orthogonal matrix describes a change of variable, as in (14.27)

X = Ay, (14.27 bis)

then, using (14.46), the row vector X is given by X = ¥4 ! and the scalar .
product {1 x 1 matrix] Xx, when expressed in terms of the new variables
¥;, becomes

Xx = §JA~ Ay = ¥Iy = §y. (14.49)

Thus a transformation described by an orthogonal matrix (an orthogonal
transformation) is one which preserves the lengths of vectors.

As an alternative to the matrix equation (14.48), we may write a relation-
ship between the elements themselves of an orthogonal matrix,

iy = (-;f)ik(A)kJ' = §;. (14.50)

As a simple example of an orthogonal matrix we may consider
cosf —sind O
A=]|singd cosé O
0 0 1
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The transpose of A is also its inverse as is shown by

cosf sinf O cosf® —sinf O

A4 =|—sin® cos® O)]|sind cosd O
0 0 1 0 0 1
1 0 0
=101 O0|=1
0 0 1

This particular matrix 4 represents the transformation obtained by a
rotation of the axes through an angle 6 about the x;-axis.

»17. Calculate 4! directly as in section 14.5 and show that it is the same
as A.

When the elements of matrices are allowed to be complex, and not
restricted to real values, correspondingly more general derived matrices
can be suitably defined. Roughly speaking the additional operation of
complex conjugation is added to each of those defined for real quantities.

Thus the Her~mitian conjugate of the matrix 4 is given by (A)* (clearly
identical with (4*)), where * indicates the operation of taking the complex
conjugate of each element of the array. Some authors use A¥ or 4" instead
of A*. A matrix for which 4* = A is said to be Hermitian, a real symmetric
matrix being a special case of this when all the elements of the matrix are
real. Similarly if 4* = — 4, then A is called anti-Hermitian.

The ‘complex analogue’ of an orthogonal matrix is a unitary one, which
is defined as a matrix A4 for which

A* = 471, (14.51)

A unitary transformation maintains the value of the modulus of a (com-
plex) vector x, which is given by (¥*x)%/2. On transforming, X*x becomes

x*x = (Ay)*Ay = §*A*Ay = §* 41y = §*y,
which is the modulus squared of the vector in the new coordinates.

»18. Show that a Hermitian matrix H can be written as H = R + 15,
where R is a real symmetric matrix and S is real and skew-symmetric.
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»19. Consider the matrices

0 -i i V3 =2 -3
@B=]|i 0 -—i ,(ii)C=vl-§ 1 v6 -1
-i i 0 2 0 2

Are they (a) real, (b) symmetric, (¢) skew-symmetric, (d) singular, (e) ortho-
gonal, (/) Hermitian, (g) anti-Hermitian, (4) unitary?

14.8 Eigenvalues and eigenvectors

We have seen that a non-singular transformation x = Ay and its inverse
y = A~ 'x describe a ‘one-to-one’ correspondence between the vectors
with components x; and those with components y;. Putting it another way,
we may say that given one vector x, say, it determines a second one y
through the matrix 4. The vectors x and y may describe different types of
quantities [such as voltage gradient and current] if 4 has physical dimen-
sions [such as those of electrical resistivity], or they may both be purely
mathematical entities and to all intents and purposes dimensionless.

However, particularly interesting cases arise when the two vectors x and
y are ‘parallel’ to each other, i.e. expressed in their own units if necessary,
one is just a multiple of the other. As a formula, x = Ay and

Ay = x = Xy. (14.52)

A non-zero vector y which satisfies (14.52) for some value of A is called an
eigenvector of A, and A is called the corresponding eigenvalue.

As will be seen in the remaining sections of this chapter and much of the
next, eigenvectors and eigenvalues of matrices play an importantrole in many
physical situations. The term eigenvalue has already been used extensively
in earlier chapters in connection with the solution of differential equations,
and maintains a corresponding position here. The eigenvector is the dis-
crete analogue, appropriate to a matrix, of the continuous eigenfunction of
a differential operator.

In the remainder of this section we will prove some general results con-
cerning eigenvectors and eigenvalues in preparation for their use in later
sections. The results will be established for matrices whose elements may
be complex, the corresponding properties for real matrices being obtained
as special cases.

The ith eigenvector will be noted by y' and the corresponding eigenvalue
by A, fori = 1,2,... [foran N x N matrix we will find that there are in
general N distinct eigenvalues], so that

Ay' = Ay (no summation). (14.53)
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1. The eigenvalues of a Hermitian matrix A are real.
For any particular value of i take the Hermitian conjugate (complex

conjugate transposed) of (14.53),

year = Ny (14.54)
Using 4* = A, since A is Hermitian, and multiplying on the right by y’,
we obtain

Ay = Aty (14.55)
But multiplying (14.53) through on the left by §*° gives

§Ay' = AFTy.
Subtracting this from (14.55) yields

0= (AF — WFy".

But §*"y* is the modulus squared of the non-zero vector y* and is thus non-
zero. Hence Af must equal A, and thus be real.

2. The eigenvectors corresponding to different eigenvalues of a Hermitian
matrix are orthogonal.

Consider two unequal eigenvalues A; and A; (#A;). Multiply (14.54)
through on the right by y’ to obtain
yrAryY = Ny,
and (14.53), for the eigenvalue A;, through on the left by §* to obtain
yoAy = AF°y.

Then using the fact that A* = A, the two left-hand sides are equal and,
since the A are real, on subtraction we obtain

0= — A)§".

Finally A, # A; and so we must have §"y/ = 0, which is the stated result.

3. The eigenvectors of a Hermitian matrix are mutually orthogonal or can
be chosen to be so.

This follows immediately from result 2 if all the eigenvalues are unequal.
However if some are the same, further justification is needed. An eigen-
value corresponding to two (or more) different eigenvectors (one not
simply a multiple of the other) is said to be degenerate.
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Suppose, for the sake of our proof, A, is K-fold degenerate, i.e.

Ay = Ny fori=12.. K, (14.56)

but that A, is different from any of Ag,,, Ax. ., etc. Then any linear com-
bination of these y' is also an eigenvector with eigenvalue ), since

K K K
Az=A D ey = 3 cdy = D ahy = Az, (14.57)
1 1 1

for arbitrary values of the coefficients c;.

If the y' defined in (14.56) are not already mutually orthogonal, con-
sider the new eigenvectors z' constructed by the following procedure, in
which each of the new vectors is to be normalized before proceeding to the
construction of the next one. [The normalization can be carried out by
dividing each element of the vector z* by (Z!"z!)*/2.]

() zl =y,
(i) z? =y? — (2'y%)z',
(lll) z8 = y3 _ (izoya)zz _ (il‘ys)zl,

(K) 2K = y& — (FE-YyK)zF-1 — ... — @y, (14.58)

Each of the factors in brackets, ("°y"), is a scalar product and thusonly a
number; hence each new vector z' is, as shown in (14.57), an eigenvector of
A with eigenvalue A;, and will remain so on normalization. It is straight-
forward to check that, provided the previous new eigenfunctions have
been normalized as prescribed, each z' is orthogonal to all of its pre-
decessors.

Thus, by this explicit construction procedure, the truth of result 3 is
established.

As special cases of these three results, applicable when the matrices
under consideration contain only real elements, we may conclude that the
eigenvalues of a real symmetric matrix are real and that its eigenfunctions
are (or can be made) mutually orthogonal.

149  Determination of eigenvalues and eigenvectors

The next step is to show how the eigenvalues and eigenvectors of a given
matrix are found. To do this we refer to the definition (14.52) and rewrite
it as

Ay — My = (4 — Ay = 0. (14.59)
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The slight rearrangement used here is to write Iy instead of y where I is the
unit matrix of the same dimension (size) as 4. The point of doing this is
immediate since (14.59) now has the form developed in (14.20) of section
14.4. What was proved there was that the equation Bx = 0 only has a non-
trivial solution x if |B| = 0. Correspondingly, therefore, we must have in
the present case that

|4 = M| =0, (14.60)

if there are to be non-zero solutions y to (14.59).

Equation (14.60) is known as the characteristic equation for 4 and its
left-hand side as the characteristic or secular determinant of 4. The equation
is a polynomial one (of degree N) in the quantity A. The roots of this
equation A, (i = 1, 2,..., N) give the possible eigenvalues of A; there will
be N of them. Corresponding to each A; there will be a vector y* which is
the ith eigenvector of A.

Before proceeding further with the use of the eigenvectors and values so
found, we will work through a specific example.

Example 14.4. Verify the preceding results using the particular real sym-
metric matrix

A=]0 1 0]. (14.61)
1 00

We are seeking non-zero solutions y* of the equation Ay* = \y’, and
(14.60) shows that the possible values of A are given by |4 — AI| = 0,
i.e.

2-2 0 1
0 1—-x 0 [=0. (14.62)
1 0 - A
Expanding out this determinant gives
C=N=2+2®)-(1-1=0,
A=A -22-1)=0,

which has theroots A; = 1, A = 1 + /2, }g = 1 — /2.
For the first root, A, = 1, a suitable eigenvector with elements y,, y,, V3
must satisfy

2y, +y3 =1y, }

Y2 1-y,,
1-y;.

(14.63)

Y1
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These three equations are consistent [that was the purpose in finding the

particular values of A] and yield y, = y; = 0, y, = anything non-zero. A
suitable (normalized) vector would thus be

0
yi=|1]. (14.64)
0

Repeating the last paragraph, but with the 1 on the right-hand side of
(14.63) replaced successively by Ay = 1 + 4/2 and A; = 1 — 4/2, gives
two further (normalized) eigenvectors

1
»20. y=(@-229-2| 0 |,
L v2 -1
] 1
¥ =(4 + 23%)-12 0
| - v2 -1

The three values of A are all different and A is a real symmetric matrix. We
thus expect that the three eigenvectors are mutually orthogonal. This is
easily checked,

21 ¥y =§Uy =0 =yly? =y ¥

The *, which must be present in general, here has no effect since the eigen-
vectors are real. It will also be apparent that the normalization of the
vectors has no effect on their orthogonality, which is as would be expected.

»22. Find the eigenvalues and a set of eigenvectors of the symmetric
matrix

1 3 -1
3 4 -2
-1 -2 2

Verify that its eigenvectors are mutually orthogonal.

It will be observed that when (14.60) is written out as a polynomial
equation in A, the coefficient of —AY~! in the equation will be simply
@11 + asg +-- -+ ayy relative to the coefficient of A¥ being unity. The
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quantity >, ay is called the trace or spur of 4 and from the ordinary
theory of polynomial equations the sum of the roots of (14.60), >, A,,
must therefore be equal to the trace of the original matrix 4. This can be
used as some check that a computation of the eigenvalues has been done
correctly. In example 14.4 the traceof 4 = 2 + 1 + 0 = 3, and the sum of
the computed eigenvalues is 1 + (1 + 4/2) + (1 — 4/2) = 3; this is thus
consistent with the general property.

14.10 Diagonalization of matrices

Having gained a little practical experience of dealing with eigenvalues and
vectors, we now turn to the rather more complex question of ‘ diagonalizing’
a real symmetric matrix.}

We may illustrate what is meant by considering a homogeneous expres-
sion such as

0 = x? + xZ — 3x3 + 2xyx, + 6x,x5 — 6X5x3. (14.65)

Q is called a quadratic form and can be represented as a product of matrices
by

1 1 3 X1
XA = [x; x5 x31 |1 1 =3}]x |- (14.66)
3 -3 —-31lLxs

It may now be asked whether a transformation of variables x = Uy, along
the lines of (14.27), can be found which changes this form to one in the
new variables y;, ¥, ya containing no cross-terms. In other words Q takes
the form ;3% + poy3 + usy? = ¥Ay, where A is a diagonal matrix i.e.
one with all elements not on the principal diagonal equal to zero. [The
diagonal elements are pq, po, 1a.]

If such a transformation were made X4x would be transformed as
follows,

gAx = (Uy)AUy = §04Uy. (14.67)

t To keep the principles of the method as clear as possible, we will work only
with real symmetric matrices, which have been shown to have real eigen-
values and whose eigenvectors can be chosen real. The same ideas apply
to the more general Hermitian matrix, but ‘Hermitian conjugate’ and
‘unitary’ must be used instead of ‘transpose’ and ¢ orthogonal’ respectively.
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So, what is required is to find a matrix U such that UAU is a diagonal
matrix A. We will now find such a matrix.

Consider the matrix U, whose columns are the normalized eigenvectors
of 4, i.e.

Uy = () = yi. (14.68 a)
Its transposed matrix I will then have elements
U; = Uy =) (14.68 b)

Now, bearing in mind that the y’ are normalized and are (or can be made)
orthogonal to each other, we may examine the matrix TU;

(l7U),-, = szkka =y =¥y =&,
or Ou =1. (14.69)

Thus T is the inverse of U, and U is therefore an orthogonal matrix.
Using this result, we now examine the form of UAU appearing in
(14.67)

(040),; = (U-4U),

Ui tAnU,;

Uit Ay

UitAk

AU Uy, (not summed over )

AL (not summed over f)

= Ay. (14.70)

i

In this sequence, successive use has been made of the orthogonality and
construction of U, and then of the eigenvalue property of A. It is seen that
the matrix A = UAU is diagonal and has as its elements w, = A, (i = 1,
2, 3).

To summarize these results, the orthogonal (and thus non-singular)
matrix U constructed according to equations (14.68) has the property that
a change of variables x = Uy transforms the quadratic form XA4x into the
‘diagonal’ form §Ay, with the diagonal elements of A being the eigen-
values of 4.

Example 14.5. Find an orthogonal transformation (i.e. one for which the
matrix is orthogonal) which takes the quadratic form (14.66) into the form

myi + payi + padi
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We first find the eigenvalues of the matrix 4 of (14.66) by means of its
characteristic determinant

3 -3 -3 -

of which the solutions are
»23. Al = 2, Az = 3, Aa = —6.

Corresponding normalized eigenvectors are

1 1 1
24, xt=2"12 1|, x2=3"4 |1}, x*=6"12|-1
0 1 -2
Following the previous construction we now form the matrix
V3 V2 1
U=6"12 43 —42 -1 1. (14.71)
0 V2 =2

The general result already proved now shows that the transformation
x = Uy will carry the form (14.66) into the form 2y? + 3y — 6y3.

This may be verified most easily by writing out the inverse transform
y = U~'x = Ux and substituting. The inverse equations will be

Y= 2""%(x, + x,),
Yo = 3712(x; — xp + x3),
Vs = 6"Y3(x; — x5 — 2x3).

If these are now substituted into the form Q = 2y% 4 3y% — 6y% the
original expression

»25. 0 = x? + xZ — 3x3 + 2x.x5 + 6x.x3 — 6x,%3

is recovered.

»26. (i) Verify directly that U given by (14.71) is orthogonal.
(i) Verify directly that AU has the appropriate diagonal form.

»27. Find an orthogonal transformation which takes the quadratic form
Q= —x} — 2x3 — x3 + 8xyx3 + 6x1x3 + 8x:x, into the form u,y? +
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Ksy3 — 4y3, where p, and p, are to be determined. Express the y; in terms
of the x;.

The change of variables by an orthogonal transformation is a special
case of a similarity transformation on the matrix 4. In a similarity trans-
formation the matrix A is transformed to the matrix B given by

B = 5148, (14.72)

where S is a non-singular matrix.

Under a similarity transformation by an orthogonal matrix U several
properties of A (if it has them originally) are preserved. Without explana-
tion of the individual steps (all of which are simple, but the reader should
justify each one to himself) we will prove some of them.

(a) A is the zero (obvious) or unit matrix, 4 = L
B=U-"IU=U"U-=1
(b) The determinant of A4.

1B = |U-24U| = |U-*||4||U] = [4]|U~*]|U]
= [4|jU"T] = |4].

(c) Symmetry or antisymmetry of 4, 4 = + A.

- —~——’ -

B=(U"14U) = UAU = +U~'AU = +B.
(d) Orthogonality of 4, A4 = I.

~ ~~— ~ -
BB = (U-YAU)U ~'4U) = UAUU ~*4U = U~'4AU
=U-UU =1I.
(e) Trace A.
tr B = bii = u{;- la,»kuki = ukiui7 la,»k = Skjajk =y = trA.

(f) Eigenvalues of A.
|B— M| = |U4U — M| = |[U~%4 — ADU|
= [U|U] 14 - M| = |4 - M;

thus 4 and B have the same characteristic determinant and hence the same
eigenvalues.

»28. Which of the above properties would be preserved in a general
similarity transformation, in which S is non-singular but not necessarily
orthogonal ?
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14.11 Quadratic and Hermitian forms

The notion of a quadratic form was introduced in the previous section
(equations (14.65) and (14.66)). The example given there involved a real
symmetric 3 x 3 matrix. For the purposes of illustration we will continue
to work in a system with three components for which the column (vector)
matrices have a ready interpretation; however, all our results will apply to
general N x N matrices.

It 1s clear that if the components x;, x5, x5 are real, then the quadratic
form

1 1 3 X
Q= %Ax = [x; x; x3) 1 1 -3 Xy (14.66 bis)
3 _3 _3 X3

is real also.
Another, rather more general, expression which is also real is a
Hermitian form

H = %*Ax, (14.73)

where A is Hermitian, 4* = A4, but the components of x may now be
complex. It is straightforward to show that H is real, since

H* = H* = *4*x = ¥*4x = H.
With suitable generalization, the properties of quadratic forms apply
also to Hermitian forms, but to keep the presentation simple we will
restrict ourselves to the former, which is a special case of the latter.

The stationary property of the eigenvectors. Consider a quadratic form such
as (14.66). As the vector x is varied, through its three components x;, x,
and xj;, the value of the quantity Q also varies, so that Q = Q(x). Because
of the homogeneous form of Q we may restrict any investigation of these
variations to vectors of unit length [since multiplying any vector x by any
scalar k simply multiplies the value of Q by a factor k2].1

Of particular interest are any vectors x which make the value of the
quadratic form a maximum or minimum. A necessary (but not sufficient)
condition for this is that Q is stationary with respect to small variations in
x, whilst Xx is maintained at a constant value (unity).

Using Lagrange undetermined multipliers to deal with the conditional
variations, we are led to seek solutions of

S[RAX — A(Fx — 1)] = 0. (14.74)

+ An equivalent alternative is to consider variations in the quantity (X 4x)/(Xx)
with no restrictions placed on x.
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This may be used directly, together with the fact that (8%)4Ax = %A4(8x)
(since A is symmetric), to obtain the necessary condition

AX = )X, (14.75 a)

that x must satisfy.

However, the use of variations of a vector may be avoided by expressing
Q in its subscript form Q = x,4;;x;, and employing differentiation with
respect to x; (k = 1,2,..., N), subject to x,x; = 1. It is then required
that

0
0= —(xa,;x; — Ax;x; + A)
ox,,

= 8ayx; + X8y — Adux, — Ax, 8y
= auXx; + agx; — 2Ax,
= 2ax; — 2Ax,, since a,; = a,,.
Thus
ApiX; = AXp, (14.75b)

which is just the eigenvalue equation (14.75 a) in its subscript form.
Furthermore if equations (14.75) are satisfied for some eigenvector x,
the value of Q(x) is then just

0 = XAx = XAx = A, (14.76 a)

On the other hand if x and y are eigenvectors corresponding to different
eigenvalues they are (or can be chosen) orthogonal. Consequently the
expression yAx is necessarily zero, since

§AX = §Ax = Ajx = 0. (14.76 b)

Summarizing, those vectors x of given magnitude which make the
quadratic form Q stationary are eigenvalues of 4, and the stationary value
of Q is then equal to the corresponding eigenvalue. It is straightforward to
see from the proofs of (14.75) that conversely any eigenvector of 4 makes
Q stationary.

The eigenvectors of 4 thus lie along those directions in space for which
the quadratic form Q has stationary values, given a fixed magnitude for
the vector x. This last sentence may be turned round to state that the sur-
face given by

XAx = constant = 1 (say) (14.77)

has stationary values of its radius (origin-surface distance) in those direc-
tions which are along the eigenvectors of 4. More specifically in three
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dimensions the quadric X4x = 1 has its principal axes along the three
mutually perpendicular eigenvectors of 4, and the squares of the corres-
ponding principal radii are given by A;7! (i = 1, 2, 3). If any of the eigen-
values are degenerate, then the quadric has rotational symmetry about
some axis and the choice of a pair of axes perpendicular to that axis is not
uniquely defined.

»29. Obtain this last result by taking the surface as ¢ = x;a,,x;, determin-
ing the direction of its normal V¢, and then expressing the condition that
the normal at a point on the surface be parallel to the radius vector there
if the point lies on a principal axis.

As an illustration [involving no further calculation] we may interpret
the result of example 14.5 geometrically. The quadric to which the result
refers is

x2 4+ x2 — 3x2 — 6xox; + 6x1x5 + 2x1x, = 1. (14.78)

t

|

|

|

| X2
I /

{

- ————— )|

~ X1

Fig. 14.1 The three mutually perpendicular eigenvector directions of the quadric
given by equation (14.78). Referred to the (xi, x2, x3)-axes they are
(1,1,0,0, -1, and (1, —1, —-2).

If, instead of expressing the quadric in terms of x,, x;, x5, we were to
use new variables y,, yo, y3, with axes along the three mutually perpen-
dicular eigenvector directions (1,1,0), (1, —1,1) and (1, —1, —2)
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[referred to the x;-axes] as in fig. 14.1, then the quadric would take the
form

" Yo Y3
(2—1/2)2 (3—1/2)2 (6—1/2)2
Thus, for example, a section of the quadric in the plane y; = 0, i.e.
X1 — Xg — 2x3 = 0 is an ellipse with semi-axes 2~'/2 and 3-/2, Similarly
a section in the plane y, = x; + x; = Ois a hyperbola.
Clearly the simplest situation to visualize is that in which all the eigen-
values are positive, since then the quadric is an ellipsoid.
Several examples of the use of quadratic forms and quadric surfaces in
physics and engineering problems appear in the next chapter in connection

with Cartesian tensors and so further consideration will not be given to
them here.

=1. (14.79)

14.12 Mechanical oscillations and normal modes

The subject of oscillations and normal modes was discussed briefly in the
previous chapter. There, the equations for the normal modes (motions which
are truly periodic) were derived using Lagrange’s equations which were in
turn derived from Euler’s variational equations. As an alternative, simpler,
but less rigorous approach, we will here derive them [or at least make them
plausible] from the more physical consideration of energy conservation.

So far as mechanical systems are concerned we consider only those for
which a potential exists. That is the potential energy of the system in any
particular configuration depends upon the coordinates of the configuration
[which need not be restricted to spatial positions] but must not depend
upon the time derivative (general velocity) of these coordinates. A further
restriction which we place is that the potential has a strict (local) minimum
at the equilibrium point; this is a physically-obvious necessary and suffi-
cient condition for stable equilibrium. By suitably defining the origin of the
potential, we may take its value at the equilibrium point as zero and we will
do this.

We denote the coordinates chosen to describe a configuration of the
system by ¢; (i = 1, 2,..., N). [In chapter 13 coordinates §; were used to
avoid confusion with the function ¢(x) also appearing in that chapter.]
The ¢; need not be distances; some could be angles, for example, as in the
swinging rod on a string of section 13.5. For convenience we can define the
g; so that they are all zero at the equilibrium point.

The instantaneous velocities of various parts of the system will depend
on the time derivatives of the ¢;, denoted by ;. For small oscillations the
velocities will be linear in the ¢, and consequently the total kinetic energy
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T will be quadratic in them — including cross terms of the form §,4; with
i # j. The general expression can be written as a quadratic form

T = ai,q'iq',. (14.80)

The matrix 4 can be taken as symmetric, since if it is not so already, it may
be replaced by another 4’ whose elements are given by aj, = aj; =
3(ay; + a;) and is therefore symmetric, without affecting the value of T.
The coefficients a;; depend upon the geometry of the system and are there-
fore real. Thus A is a real symmetric N x N matrix.

Fig. 14.2 The relationship between the coordinates 8; of section 13.5 and the co-
ordinates g; of section 14.12.

As an example, the kinetic energy of the rod of section 13.5 (resketched
in fig. 14.2) was found in that section to be given to second order in ¢;
(= 6, in that problem) by

T = IMI*G + G:ds + 343 + 2aMI%GE,

and therefore represented by the real symmetric matrix

AMI263 14.81
=2 |3 » (14.81)

This, like any matrix corresponding to a kinetic energy, is positive definite
(more strictly non-negative definite); that is, whatever real values the g;
take, the quadratic form (14.80) has a value >0.

Turning now to the potential energy, we may write its value for a
configuration q = ¢,, ¢s,..., gy by means of a Taylor expansion about
the origin q = 0,

av(o 1 2V (0)
Vg =v(0) + ———)qi + =
o, 2 94:94;

9:9; + 0(g)). (14.82)
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However we have chosen V(0) = 0 and, since the origin is an equilibrium
point, there is no force there and so @V(0)/ég; = 0. Consequently, to
second order in the ¢; we also have a quadratic form for the potential
energy — although this time a quadratic in the coordinates rather than in
their time derivatives,

V = biq4;- (14.83)
In the example already mentioned, ¥ was shown to be the quadratic form
V = 1Mig(24% + 43),

to second order in the g;, with corresponding real symmetric matrix

B Milg |6 O
=13 0 3 : (14.84)

In this case and in general, the requirement that the potential is a strict
minimum means that the potential matrix, like the kinetic energy one, is
real and positive definite. It too may be made symmetric if not initially
sO.

The development via (14.82) is not intended to imply that the matrix B
is in general to be calculated as 4 82V (0)/0q; oq; {which would automatically
make it symmetric]; in practice it is usually found by direct calculation
of ¥ to second order in the small coordinates.

With these expressions for T and V we now proceed with our simplified
approach to obtaining the normal mode equations, based upon the fact
that

d
3T+ =0 (14.85)

i.e. there are no external forces.
Substituting from (14.80) and (14.83) into (14.85) and recalling that
matrices A and B are symmetric we obtain

ai;4ig; + augd; + bygid; + bidig; = 0,
2ai;g; + byg)g: = 0. (14.86)
Now it is not clear from this that it is the only solution possible, but we

will assume that this implies that the coefficient of each ¢; in this summation
is separately zero, i.e.

a;g; + byg, =0, i=12,...,N. (14.87)

For a rigorous derivation Lagrange’s equations should be used as in
chapter 13. The present treatment cannot hope to produce this result of N
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separate equations in a rigorous way, since the starting equation (14.85)
expresses only a single overall conservation condition.

Now we search for sets of coordinates g; which al/l go through their
oscillations with the same period, i.e. the total motion repeats itself
exactly after a definite finite interval.t We do this by seeking solutions of
the form

q; = X; COS wt, (14.88)

where w does not depend on i, but of course the x; do, and the relative
values of the x; [assuming we can find such a solution] will indicate how
each coordinate is involved in this special motion.

Putting (14.88) into (14.87) yields directly

—wza{jx]‘ +bi,~x]- = 0, l= l, 2,...,N,
which may be written as the simultaneous homogeneous linear equations
(bi]' e w2a1j)x]‘ = 0. (14.89)

Our previous work of section 14.4 shows that this can only have non-trivial
solutions if

|B — w?4| = 0. (14.90)

This is a form of characteristic equation for B except that A has replaced
the unit matrix 7. It has the more familiar form if a choice of coordinates
is made in which the kinetic energy T is a simple sum of squared terms in
the ¢, i.e. T = >, 4?.

However even in the present case, (14.90) is an Nth degree polynomial
equation in «? whose roots (which can all be shown to be positive since 4
and B are positive definite) may be labelled as v} (k = 1, 2,..., N). Sub-
stituting each in turn into (14.89) will enable the corresponding set of
values x¥ to be established and the initial (stationary) physical configura-
tion, which on release will execute motion with period 27/w,, to be found.

To illustrate this we complete the solution of the problem of the sus-
pended rod of length / swinging in one plane at the end of a light string also
of length L

Equations (14.81), (14.84) and (14.90) show that we have to solve

Mlg |6 O w?MP2 6 3 0
12 |o 3 12 |3 2|
t From this point on, the analysis applies equally well to many coupled
electrical circuit problems with no resistive damping, since they may

often be stated in the form of coupled differential equations like those in
(14.87).
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Writing w?//g = A, this becomes

6 — 61 —3A
.—.0,
-3 3-2
A2 — 10X + 6 = 0,
A =51+ +/19.

Thus the two frequencies, known as normal frequencies or eigenfrequencies,
of the system are w; = (0.641g/1)*'* and w, = (9.359g/1)*/? [the two values
quoted in section 13.5].

Putting the lower of the two values for w?, namely (5 — 1/19)g/! into
(14.89) shows that for this mode

$30.  xpixp = 3(5 — 1/19):6(+/19 — 4) = 1.923:2.154.

This is close to, but not exactly the same as, the ‘straight-out’ position
used in section 13.5 to estimate the lowest frequency. [Hence the good
estimate obtained there.]

»31. Find the ratio of the initial inclinations of the string and rod if,
when released from rest, they are to execute simple harmonic motion at the
higher of the two normal frequencies.

In connection with quadratic forms it has been shown how to make a
change of coordinates so that the matrix for a particular form becomes
diagonal. In example 17 at the end of this chapter a method is developed
for simultaneously diagonalizing two quadratic forms (but not with an
orthogonal transformation in general). If this process is carried out for 4
and B of a general system undergoing stable oscillations, the kinetic and
potential energies in the new variables #; take the forms

T = 5, ik, (14912)
V=S, (1491 b)

and the equations of motion are uncoupled equations

il + vy = 0 (no summation), i = 1,2,..., N. (14.92)

Clearly a simple renormalization of the »; can be made to reduce all the
w1 in (14.91 a) to unity. When this is done the variables so formed are
called normal coordinates, and equations (14.92) the normal equations.
When a system is executing one of these truly periodic motions it is said
to be in a normal mode, and once started in such a mode it will repeat its
motion exactly after each interval of 2n/w;. Any arbitrary motion may be
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written as a superposition of the normal modes and each component will
execute harmonic motion with the corresponding eigenfrequency; however,
unless by chance the eigenfrequencies are integrally related, the system
will never return to its initial configuration after any finite time interval.

As a second example we will consider a number of masses coupled
together by springs. For this type of situation the potential and kinetic
energies are automatically quadratic functions of the coordinates and their
derivatives (provided the elastic limits of the springs are not exceeded), and
the oscillations do not have to be vanishingly small for the analysis to be
valid.

Example 14.6. Find the normal frequencies and modes of oscillation of
three particles of masses m, um, m connected in that order in a straight
line to two equal light springs of force constant k. (This arrangement could
serve as a model for some linear molecules.)

1 1 1

—_— — —_—
X1 X2 X3

Fig. 14.3 The coordinate system of example 14.6. The three masses m, pum and m
are connected by two equal light springs of force constant k.

The situation is shown in fig. 14.3 in which the coordinates of the
particles x,, x5, x3, are measured from their equilibrium positions at
which the springs are neither extended nor compressed.

The kinetic energy of the system is simply

T = Im(x} + pxd + x3),
whilst the potential energy stored in the springs is
V= $k[(x; — x1)* + (x5 — x3)°].
The kinetic and potential energy symmetric matrices are thus
1 00 1 -1 o0
a=20o » of 851 2 2
=3 v 0l B=-
0 0 1 0 -1 1
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To find the normal frequencies we have, following (14.90), to solve
|B — w?4| = 0. Thus writing mw?/k = A we have

1 —A -1 0
-1 2—pur -1 =0,
0 -1 1—2

which leads to
»32. A=0,1, or 14+ (2/w).

The corresponding eigenvectors are (respectively)

1 1
»33. xt=3"1201], x2=2-12 of,
1 -1

1
x2 =2 + 4D 12 =2/n]. (14.93)
1

The physical motions associated with these solutions are illustrated in
fig. 14.4. The first, A = o = 0 and all the x; equal, merely describes the
bodily translation of the whole system, with no (i.e. zero frequency)
internal oscillations.

In the second solution the central particle remains stationary, x5 = 0,
whilst the other two oscillate with equal amplitudes in antiphase with
each other. This motion of frequency w = (k/m)'’? is illustrated in the
middle of fig. 14.4.

O— " n—EG—"—O =0
—_— *~——
O—vwn—&—n—0 = X

w® = —
m
P ——->
. _kp+2
( )——JVM,——@—/\/\/\,———( ) wf=-—
m pu
-—— - *—-——

Fig. 14.4 The normal modes of the masses and springs of example 14.6.
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The final and most complicated of the three normal modes has a
frequency w = (k(u + 2)/mp)*'2, and involves a motion of the central
particles which is in antiphase with that of the two outer ones and has an
amplitude which is 2/u times as great. In this motion the two springs are
compressed and extended in turn.

The eigenvectors x* obtained by solving (B — w?4)x = 0 are not
mutually orthogonal unless 4 is a multiple of the unit matrix {p = 1},
but it is shown in example 17 of section 14.13 that they do satisfy

%¥'Ax’ =0 and X'Bx' =0 fori#j. (14.94)
»34. Verify that this is so for the particular case of solutions (14.93).

The general property (14.94) can be used [as in the development of
(13.17) and (13.18)] to justify the general result that no matter what trial
vector X may be used, the quantity Q = [(XBx)/(X4x)]/? always lies
between the lowest and the highest eigenfrequencies of the system,
for which upper and lower bounds respectively may thus be found.
Furthermore, as with the quadratic forms considered earlier, Q has a
stationary value of w? when x is the kth eigenvector.

14.13  Examples for solution

1. Evaluate the following: (a) esszis, (B) €eeise, (©) €ese, (d)
€ia;;, Where a;; are the elements of a symmetric matrix.

2. In the following suppose all subscripts run from 1 to 3 and that the
a; are the components of a vector a etc.

(a) Verify that 8;a,b; = a-b [§;; = 1 if i = j and equals zero other-
wise].

(b) Verify that e;,a:b; = (a A b),.

(¢) Express €;;,€uma:b;eidy, in vector form, then use result (a) to show
that, since a, b, ¢ and d are arbitrary vectors, € €m = 846;m —
8imS1.

3. Find the characteristic equation [det (4 — AI) = 0] of the matrix
A and prove that the matrices B and C have the same characteristic
equation.

b ¢
A=1c a b, B=\|a b ¢/, C=1b ¢ al.

c a b a b ¢

]

a b ¢ b ¢ a c a b

Show that, if BC = CB, then two of the roots of the characteristic
equation are zero.
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4. Use the properties of determinants to solve the following for x
with a minimum of actual calculation.

x a a 1
x+2 x+4 x-3
a x b 1
(i) =0; (@()|x+3 X x+5|=0.
a b x 1
x—2 x-1 x+1
a b ¢ 1

5. Show that the following equations have solutions only if = 1 or
2,

Xx+y+z=1, x+2p+4z=17, x+4y+ 10z =12,
and find them in these cases.
6. Solve the following equations for x;, x., x5 using matrix methods:

X1 + Z.X2 + 3X3 = l,
3x1 + 4x. + S5x3 = 2,
x; + 3X2 + 4X3 = 3.

7. Solve the simultaneous equations:

2x + 3y + z = 11,
x+y+z=6,
S5x —y + 10z = 34,

8. (i) Show that if A4 is Hermitian and U is unitary, then U ~*AU
is Hermitian,

(ii) Show that if A4 is anti-Hermitian, then iA4 is Hermitian.

(iii) Prove that the product of two Hermitian matrices 4 and B is
Hermitian if and only if 4 and B commute.

(iv) Prove that if S is a real skew matrix, then the matrix 4 =

(I — S)YI + S§)~1!is orthogonal and express the matrix

4= cos 0 sin 0]
- [—sinB cos 6

in this form.
9. For the matrix

1 « 0
A= ,B 1 0 ’
0 0 1
where « and B are non-zero complex numbers, find the eigenvalues
and eigenvectors. Find the respective conditions (a) for the eigen-

values to be real, (b) for the eigenvectors to be orthogonal. Show that
the conditions are jointly satisfied only if 4 is Hermitian.
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10. Following the procedure of (14.58) construct an orthonormal set
of vectors from the following X' = (0,0,1, ), X2 = (1,0, —1,0),
X2 =(,2,0,2),%=(,1,1,1).

11. Find three real orthogonal vectors each of which is a simul-
taneous eigenvector of

0 01 01 1
A=1]10 1 0| and B=]1 O 1}|.
1 00 110

12. What are the maximum and minimum values taken by the
expression

Q = 5x% + 4y? + 4z%2 + 2xz + 2xy

on the unit sphere x2 + y2 + z2 = 1? For what values of (x, y, 2)
do they occur?

13. [The following problem is effectively the inverse of the preceding
question. It uses the properties of eigenvectors and eigenvalues to
construct a matrix with given eigenvectors and values. The required
answer is the given data of the previous question, but an understand-
ing of the method of procedure is the purpose of the problem.]
Find a quadratic form in x = (x, y, z) on the unit sphere x2 +
y? + z2 = 1, which takes a maximum value of 6 at the points
+67%2 (2,1, 1), a minimum value of 3 at +3-*2(1, —1, —1) and
the value 4 at its other pair of stationary points. Proceed as follows:

(i) Find the other pair of stationary points.

(ii) Consider the expression Q = >2_; A(X'x)? relating the terms
in it to the components of U ~1x, where U is the orthogonal matrix
whose columns are the given eigenvectors x'.

14. Find the lengths of the semi-axes of the ellipse
73x2 + T2xy + 52y% = 100,

and determine its orientation.

15. (i) Show that the quadric
5x2 + 11y% + 522 — 10yz + 2xz — 10xy = 4

is an ellipsoid and has semi-axes of 2, 1, and 1. Find the direction of
the longest axis.
(i) Find the direction of the axis of symmetry of the quadric

Tx% + 7y + 722 — 20yz — 20xz + 20xy = 3.

16. [The following problem is constructed directly through Newton’s
laws and not by the methods of section 14.12.]
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A system of three coupled pendulums satisfies the following
equations of motion:

—m¥i; = cmx; + d(x; — x3),
—MX2 = CMXz + d(X2 - xl) + d(X2 - XQ),

—mi; = cmxz + d(x; — xo0),

where x;, x2 and x3 are measured from the equilibrium point, m and
M are masses, and ¢ and d are positive constants. Find the normal
frequencies of the system and sketch the patterns of oscillation.

What happens as d— 0, or d— ©?

17. Simultaneous reduction to diagonal form of two real, symmetric
quadratic forms. [This is a more advanced piece of development,
based upon the methods used in the body of the chapter. Its results
have previously been referred to in section 14.12.]

Consider two real symmetric forms {i4u and iBu, where il stands
for (x, y, z), and denote by u" those vectors which satisfy

Bu* = A"Au" (no summation), (a)
in which #n is a label and the A" are real, non-zero and all different.

(i) By multiplying equation (a) on the left by @™ and the transpose of
the corresponding equation for u™ on the right by u", show that
i"Au" = 0 for n # m.

(ii) By noting Au" = (A")~*Bu", deduce i"Bu* = 0 for m # n.

It can be shown that the u” are linearly independent and the next step
is to construct a matrix P whose columns are the vectors u", i.e.
Py, = u}, e.g. Py, is the y element of u3.

(iii) Make a change of variable u = Pv so that ii.4u becomes ¥Cv, and
iiBu becomes ¥Dv. Show that C and D are diagonal by showing
¢;; = 0if i # j and similarly for d;;.

Thus u = Pv or v = P~ *ureduces both quadratics to diagonal form.
To summarize, the method is:

(4) find the A* which allow Bu = A4u a non-zero solution, by
solving |B — A4| = 0,

(B) for each A" construct u”,

(C) construct the non-singular matrix P whose columns are the
vectors u”,

(D) make the change of variable u = Pv.

Notes: (a) the method can be extended to the case of equal roots of
|B — 24| =0,

(b) if A is taken as I, the analysis is that of the main text and P is
orthogonal.
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18. [Do not attempt this question until question 17 has been studied.]
Find a real linear transformation which simultaneously reduces
the quadratic forms

x2 + 4y% + 222 — 4yz — 2zx + 6xy
and
2x% + y? + 2zx,
to the forms a,£2 + am? + agzx? and b, €2 + ban? + bgx

19. Find a real linear transformation which simultaneously reduces
the quadratic forms

3x2 + 5y% + 522 + 2yz + 6zx — 2xy
and
5x2 + 12y% + 8yz + 4zx
to diagonal form. [Take the first quadratic as i4u in example 17.]

20. This problem is an alternative [and, as it happens, more com-
plicated] solution to the situation analysed in example 7 of section
13.6.

Three particles of mass m are attached to a light string with fixed
ends so that they divide it into four equal portions of length a. Find
the normal frequencies and modes of the system by calculating the
matrices A and B in T = Xa,,%; and V = x;b;x,. Calculate the co-
efficients b, as follows, starting from the equilibrium configuration:

(i) Calculate the work done in moving particle 1 to position x; (< a)
showing it is equal to 2S5x3/3a, where S is the tension in the string.
(ii) Keeping x; fixed, calculate the work done in moving particle 2
from its present position [2x;/3] to its final position xo. [(3x3 — x1x2
+ 4x7)S/al

(iii) Do the same for particle 3. [(x3 — x2x3 + $x2)S/a)

21. (i) The base vectors of the unit cell of a crystal, with O at one

corner, are denoted by e, ez, e;. G is the matrix with elements g,;
where

81y = €€y,

and hy; are the elements of a matrix H = G ~*. Show that the vectors
f, = hye, are the reciprocal vectors and that &, = f;-f;.
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(ii) If the vectors u and v are given by
u = ue;, v = Uifi,

obtain expressions for |u|, |v|, and u-v.

(iii) If the base vectors are each of length @ and the angle between
each pair is 7/3, write down G and hence obtain H.

(iv) Calculate (@) the length of the normal from O onto the plane
containing the points p~te;, ¢~ e,, r~les, and (b) the angle between
this normal and e;.
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Cartesian tensors

It is often said by physicists and engineers when approaching the quanti-
tative description of a physical process that ‘of course it doesn’t matter
how I choose my axes, the physical result must always be the same’.
Having thus justified doing so they proceed quite naturally to choose a
coordinate system in the way that seems the most convenient for the
particular investigation. However, we may turn the argument around and
ask, ‘As the physical results are independent of the choice of coordinate
axes, what must this imply about the nature of the quantities involved in
the description of the physical processes ?’ The study of these implications
and classification of physical quantities by means of them, for a particular
type of coordinate change — namely rotations — form the content of the
present chapter.

Some attention was given to rotations of coordinate axes in chapter 14,
where it was shown that under such changes different types of quantities
behaved in different ways. For example, a real vector x was transformed
into the vector y = A~'x, or more specifically for rotations, into y = Ax
since A was then an orthogonal matrix. On the other hand a scalar product
XVx@ was transformed into a scalar product §Vy® which had the same
numerical value as XVx® since

FOYD = KO A~ 1xD = KDY = FOXD, (15.1)

Different again was the behaviour of a matrix B, since it transformed into
a new matrix given by ABA.

In this chapter we develop a general formulation to describe and classify
these transformations. In the development, the generic name tensor is
introduced, and certain scalars, vectors and matrices are described respec-
tively as tensors of zeroth, first and second order. [The order - or rankt ~
corresponding to the number of subscripts needed to specify a particular
element of the tensor.] Tensors of third and fourth order will also occupy
some of our attention.

1 ‘Order’ and ‘rank’ are used equivalently in respect of general tensors. For
matrices ‘rank’ has a particular meaning, and may have values other
than 2.
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The general study of tensors of arbitrary order, in many dimensions,
and allowing oblique axes, is a difficult one and is far beyond the scope
of this book. We will confine our attention strictly to orthogonal coordinate
systems In two or three dimensions, but allow tensors of any finite order
(in principle). But even this restricted area is too wide for a reasonably
concise treatment and a further restriction to Cartesian coordinates will
be assumed.

Our object then is to study the properties of various types of mathe-
matical quantities and their associated physical interpretations, when they
are described in terms of Cartesian coordinates and the axes of coordi-
nates are rigidly rotated whilst keeping the origin fixed. Naturally our
ultimate interest is in physical quantities and their interrelationships, but
as an introduction we will develop mathematical properties and illustrate
them with physical examples, rather than the other way round. The mathe-
matical quantities are called Cartesian tensors.

Before the presentation of the main development it should be pointed
out that, as in the previous chapter, the summation convention is assumed
except where the contrary is specifically stated. On the other hand, it is
perhaps also worth remarking again that, in the belief that excessively
condensed notations hinder rather than help many students, many equa-
tions which could be written more compactly (e.g. by suppressing sub-
scripts or using a suffix notation for partial differentiation) have been left
in their lengthier forms so as to reduce the ‘mental unpacking’ required.

15.1 First- and zeroth-order Cartesian tensors

The whole concept of a tensor is dependent upon the behaviour of Car-
tesian coordinates x; (i = 1, 2, 3) when the axes are rotated about the
origin, and so we examine this first. If we denote coordinates with respect
to the new rotated axes by x; (i = 1, 2, 3), then the connecting relation-
ships are

Xy = aux;’, (152 a)
x; = aﬂx,, (152 b)
the second equation following because the matrix 4, of which g;; is an
element, is orthogonal (4~! = A). The orthogonality also implies rela-

tionships among the elements of 4, expressing the fact that A4 = 44 = I,
and given in subscript notation by

A Ay = SU’ (153 a)
and Qpiy; = SU' (15.3 b)

These results have been obtained previously in section 14.7.
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It is natural to think of the coordinates x; as the components of a
(position) vector [the most obvious vector], and taking this as a guide,
to consider any set of (three) quantities »; which are directly or indirectly
functions of the x; together with possible constants, and ask how their
values are changed by any rotation of the Cartesian axes. The specific
question to be answered is whether or not the values of the specific forms
u;, in terms of the new variables, can or cannot be obtained from the
old ones u;, in terms of the old variables, simply by replacing x by u in
equations (15.2). If they can, the u; are said to form the components of
a vector or first-order Cartesian tensor. By definition the position co-
ordinates themselves are the components of such a tensor.

Thus our definition is that the expressions u; form the components of a
first-order Cartesian tensor if, for all rotations of the axes of coordinates,
given by (15.2 a, b), subject to (15.3 a, b), the same expressions using the
new coordinate variables are u;, and these are the same as the u; given by

ut = aiju;, (15.4 a)
and u; = azu;. (154 b)

The two conditions (15.4 a) and (15.4 b) are not independent, the second
being obtainable from the first by multiplying through by a;. and using
(15.3). Equally the second implies the first.

That the question is not a redundant one and really does pick out sets
of two or three quantities which have particular properties under rota-
tions will now be shown by considering explicit examples. In order to
keep the equations to reasonable proportions the examples will be re-
stricted to two-dimensional ones. Three-dimensional cases are no different
in principle — only much longer to write out.

In two dimensions the most general rotation of coordinates from the
original set Ox,x, to the new set Ox;x, through an angle 6 (fig. 15.1) is
given by

X; = x;¢088 — x5sin 8,
Xg = xisin 8 + x, cos 6. (15.5 a)

Comparing this with (15.2 a) gives for the orthogonal matrix

A(6) = [cos 6 —sin 0].

. 155b
sinf cos @ ( )
The inverse equations are

X3 = Xx;¢080 + x,sin 8,
Xy = —Xx;8in 6 + x,cos 0, (15.6)

in line with (15.2 b).
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X2

o X3

Fig. 15.1 Rotation of Cartesian axes by an angle § about the x;-direction.

Example 15.1. Which of the following pairs of quantities (u,, u,) are the
components of a first-order Cartesian tensor in two dimensions;

M) (x2, =x1), () (X2, x1), (i) (1, x3)?

To save space we denote cos ¢ by ¢ and sin 6 by s in the working.

(1) Here u; = x, and u, = —x; referred to the old axes. In terms of the
new coordinates they will be #; = x; and u; = —x, i.e.

U; = Xg = —SX; + CXg,

Uy = —X; = —CX; — SX,. (15.7)

Now if we start again and evaluate #; and u; as given by (15.4 b) we find
that

Uy = apty + anuy = cx; + s(—x,),
u’z = a12u1 + 022142 = (—S)XQ + C(—xl). (15‘8)

Expressions (15.7) and (15.8) for u; and u; are the same whatever the
values of 0 [i.e. for all rotations] and thus by definition (15.4) the pair
(x5, —x,) are components of a first-order tensor.

(ii) Here u; = x, and u, = x,. Following the same procedure,

Uy = X5 = —8X; + Cxo,
Uy = X] = CX; + SX5.

But by (15.4 b), for a Cartesian tensor we must have,

Uy = CUy + Sy = CXy + $Xq,

uy = (—S)uy, + cuy = —sx, + Cxy.

These two sets of expressions do not agree and thus the pair (x,, x;) do
not form the components of a first-order tensor.
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(iit) u, = x% and u, = x§. The first component alone [as in (ii)] is suffi-
cient to show that these do not form a first-order tensor, since directly

u; = x2 = ¢2x? + 2csx;x, + s%x2,
whilst (15.4 b) requires that
Uy = Cuy + Sup = cx¥ + sx3,

which is quite different.

»1. (i) Show for any general (but fixed) ¢ that (u,, us) = (x; cos ¢ —
X, 8in @, X, sin ¢ + x, cos @) are the components of a first-order Cartesian
tensor in two dimensions.

(if) Identify example 15.1 (1) as a particular case of this and show that
(u,, u,) of example 15.1 (ii) cannot be so represented.

There are many physical examples of first-order tensors which will be
familiar to the reader. As a straightforward one, we may take the Car-
tesian components of momentum for a particle, (mx,, mx,, mxs). These
transform in all essentials as do (x,, xo, x3) themselves since the other
operations involved, multiplication by a number and differentiation with
respect to time, are quite unaffected by any orthogonal transformation of
axes. Similarly acceleration and force are represented by the components
of first-order tensors.

Other more complicated vectors involving the position coordinates
‘more than once’, such as angular momentum J =1 A p = m(r A 1),
are also first-order tensors. That this is so is less obvious than for the
above examples, but it may be verified by writing out the components of
J explicitly or by appealing to the quotient law of section 15.4 and the
use of ¢;;;, from section 15.5.

Having considered the effects of rotations on ‘vector-like’ sets of
quantities we may consider quantities which are unchanged by a rotation
of axes. In our previous nomenclature these have been called scalars but
we may also describe them as tensors of zero order. They contain only
one element [formally they need zero subscripts to identify a particular
element] and the most obvious non-trivial example associated with a
rotation of the axes is the square of the distance of a point from the
origin, ¥ = x} + x% + xZ. In the new coordinate system it will have the
form ¥’ = x? + x32 + x32, which for any rotation has the same value
as x? + x3 + x2, as is shown by (15.1) in the particular case when
x(l) — x(2)‘

Any ‘scalar-product’ of two first-order tensors (vectors) is in fact a
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zero-order tensor (scalar), since in the original system it is #v; (summed
over i) and in the rotated system is given by

WUy = QyUiQeU = A;A5U0 = Sjkujvk = U,vy;, (15.9)

which is exactly the same.

This result leads directly to the identification of many physically im-
portant quantities as zero-order tensors. Perhaps the most immediate
of these is energy, either as a potential, or as an energy density (e.g.
F-dr, ¢E-dr, D-E, B-H, p.-B), but others, such as the angle between two
directed quantities, are important,

It is the fact that in most analyses of physical situations it is a scalar
quantity (such as energy) that is required to be found, that leads to the
situation described in the first paragraph of this chapter. Such quantities
are invariant under a rotation of the axes and so it is possible to work with
the most convenient set of axes and still have confidence in the result.

Complementing the way in which a zero-order tensor was obtained
from two first-order tensors, so a first-order tensor can be obtained from
a scalar. We show this by taking a specific example, that of the electric
field E derived from an electrostatic scalar potential ¢ by

E = —%- (15.10)
ox;
Under a rotation of the axes (equation (15.2)), ¢ is invariant (¢’ = ¢)
but the components of the electric field E; are given by

ey od ox; @
E/ = (—-ﬁ) = ——¢, = ——{l = a,E;, (15.11)
ox; ox; ox; 0x;

where (15.2 a) has been used to evaluate &x;/dx;. Now (15.11) is in the
form (15.4 b) thus showing that the components of the electric field do
behave as the components of a first-order tensor.

»2. If u (=u,) is a first-order Cartesian tensor, show that V-u = 0u;/0x;
is a zero-order tensor. [Model the argument on (15.11) and use (15.3).]

15.2 Second- and higher-order Cartesian tensors

Following on from scalars with no subscripts and vectors with one sub-
script, we turn next to sets of quantities which require two subscripts to
identify a particular element of the set. Let these quantities be denoted
by u;;.

Taking (15.4) as a guide we define a second-order Cartesian tensor by
saying that the u;; form the componernts of such a tensor if, under the
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same conditions as for (15.4),

Uy = Qulpity, (15.12 a)
ui'j = QyQiUy . (1512 b)

We may at the same time define a Cartesian tensor of general order as
follows. The set of expressions uy;..., form the components of a Cartesian
tensor if, for all rotations of the axes of coordinates given by (15.2 a, b)
subject to (15.3 a, b), the expressions using the new coordinates are
. x, and these are the same as the u;; , given by

Uij..k = QipQjq. - Qyrlhpq...1» (1513 a)

u;]_“k = ApiQgj. . - QyiUpq...r- (15.13 b)

It is apparent that in three dimensions, an Nth-order Cartesian tensor
has 3¥ components.

Although a second-order tensor has two subscripts and it is natural
to display its components in matrix form, a tensor and a matrix are not
identical. A matrix may in a particular case be a representation of a
tensor with respect to a particular coordinate system, but equally the
elements of a matrix may have no connection at all with any set of axes.
Indeed the algebra of matrices can be developed purely by defining the
basic operations (addition, multiplication, etc.) and proceeding from
there. Under orthogonal transformations, 4 — U ~1AU, the elements of
matrices do behave like the components of a second-order tensor, but
their behaviour under these particular transformations is only one of
many properties, whilst for tensors it is almost the only one that matters.
[We may consider, for example, the behaviour of matrices under general
similarity transformations as mentioned at the end of section 14.10. It
may also be noted that although the elements a;; of the transformation
are written with two subscripts, they cannot be the components of a
tensor since the two subscripts refer one each to two different coordinate
systems.]

As examples of sets of quantities which are readily shown to be second-
order tensors we consider the following.
1. The outer-product of two vectors. Let u; and v; be two vectors (i =
1, 2, 3) and consider the set of quantities w;; defined by

Wiy = ULy, (15.14)

The set wy, is called the outer product of u; and v;. Under rotation it be-
comes

! .7
Wiy = W05 = Qul Q01 = Qpei@13Wir (15.15)
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which shows that it does transform as the components of a second-order
tensor. Use has been made in (15.15) of the fact that »; and v; are first-
order tensors.

2. The gradient of the components of a vector. Suppose u; is a vector and
consider the quantities generated by forming the derivatives of each u;
(i = 1, 2, 3) with respect to each x; (j = 1, 2, 3), i.e.

oy,

W, = 15.16
= (15.16)

These nine quantities form a second-order tensor as can be seen from
the following argument:

6“; 3(ak,~uk) 6x,

ox; O0x, 0x;

Ouy,
Aei— Q.
ox,

Wis

= Qi@ iWy, (15.17)

as required by (15.13 b).

A test as to whether any given set of quantities form a second-order
tensor can always be made by direct substitution for the x; into the trans-
formed set and comparison of this with the right-hand side of (15.12 b).
This procedure is extremely laborious and it is almost always better to
try to recognize the set as being of one of the forms just developed, or
to make alternative tests based on the quotient law of section 15.4.

However, one example of direct substitution will now be carried out,
but, as in example 15.1, we will work only in two dimensions and again
abbreviate cos 8 and sin 6 of matrix (15.5 b) to ¢ and s respectively.

Example 15.2. Show that the u;; given by
x2 -
U= [ 2 x‘x2] (15.18)
— XXy x32

are components of a second-order tensor — or, more briefly, that U is a
second-order tensor.
Carrying out first the direct evaluation we obtain (see (15.6))

,

i Jj uy

1 1 uy; = x@= s%x% — 2scx;x, + ¢2x2,

1 2 wup = —xix5 = scxi + (s — ¢Hx,x; — scxg,
2 1 uy = —xixs = sex? + (5% - ¢?)xyx, — sexi,
2 2 Uy = x? = c%x? + 2scxyx, + $3x3.
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Now evaluating the right-hand side of (15.12 b)

Uy Uyo Uz Uz
Uy = ccx3 +  os(—=xyxg) +  sc(—xyxy) + ssx?,
Uy = o(—8)x5 + cc(—x1x) + s(—=sH—x1xg) + scxi,
ug; = (=9s)cx3 + (—=s)s(—x;x5) + co(~x;x5) + csx?,

Uy = (=) —=8)x3 + (—8)e(—x1x3) + o(—s)(—x1x2) + cexi.

The corresponding expressions are seen to be the same, showing (as
required) that U is a second-order tensor.

The same result could be inferred much more easily by noting that U
in (15.18) is in fact the outer product of the vector (x,, —x;) with itself,
and using results (15.14) and (15.15). That (x,, —x;) is a vector was
established in example 15.1 (i).

»3. Show that

c - [xg xlxz]

X1Xg x3

is not a Cartesian tensor of order 2. [To establish a single element that
does not transform correctly is sufficient.]

Physical examples involving second-order tensors will be discussed in
the later sections of this chapter, but we might for example note here that
the susceptibility and conductivity of materials are given by second-order
tensors and that the form (15.16) has close connections with the theory of
elastic strain and fluid flow.

15.3 The algebra of tensors

Because of the similarities between first- and second-order tensors, and
vectors and matrices, it would be expected that similar types of algebraic
operations can be carried out with them.

The addition and subtraction of tensors follows an obvious definition;
namely that if u;; , and v;; , are tensors (of the same order) then their
sum and difference, w;; , and y;; . respectively, are given by

Wik = Wije T Vijks (15.19 a)
Yijok = Uig e — Vij ks (15.19 b)

for each set of values i, j,. .., k. That w and v are tensors follows immedi-
ately from the linearity of a rotation of coordinates.

It is equally straightforward to show that if u;; , is a tensor, then so is
the set of quantities formed by interchanging the order of (a pair of)
indices, e.g. uy;_ .
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»4. Write out the formal demonstration of this last property.

If w;. .\ is found to be identical with u;;_,, then u; , is said to be a
symmetric tensor with respect to its first two subscripts [or simply ‘sym-
metric’ for second-order tensors]. If u;; , = —uy;. . (every element) then
u is an antisymmetric tensor. An arbitrary tensor is neither symmetric
nor antisymmetric but can always be written as the sum of a symmetric
and an antisymmetric tensor:f

Uy = oy p + Ui a) + 3y — Wy k)
= Sigk + Lijoke (15.20)

Of course these properties are valid for any pair of subscripts.

In equation (15.14) of the previous section we had an example of a
kind of ‘multiplication’ of two tensors, thereby producing a tensor of
higher order — in that case two first-order tensors multiplied to give a
second-order tensor. Inspection of line (15.15) shows that there is nothing
particular about the actual orders involved and thus in general that the
outer product of an Nth-order tensor with an Mth-order one will produce
an (M + N)th-order tensor.

An operation which produces the opposite effect ~ namely generates
a tensor of smaller order, rather than larger ~ is known as contraction
and consists of making two of the subscripts equal and summing over
all values of the equalized subscripts. That this produces another tensor,
but with order reduced by 2, is shown by the following argument. Let
Uj..1..m... D€ an Nth-order tensor, then

utlj...l...m...k = QApilgj. - -Ayi- - - Qg . Ay Upg. .1..5..0"
. v (15.21)
N factors
Thus
ui,j...l...l...k = Qpidgs. . Qyp...04g. .. Auilpg...r...5..m
= dpilys. . - s . <Quillpg...r..5..n
= amaqj~ . ~ankupq..,r...r...ns (1522)
—
N — 2 factors
showing that u;, ;. , is a Cartesian tensor of order N — 2.

For a second-rank tensor, the process of contraction is the same as
taking the trace of the corresponding matrix (section 14.9). The trace uy

1 The connection between an antisymmetric second-order tensor and a vec-
tor is considered in example 3 of section 15.10. This work requires results
from sections 15.4 and 15.5.
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itself is thus a zero-order tensor or scalar and hence invariant under rota-
tions, as has been noted in the previous chapter.

The process of taking the scalar product of two vectors can be recast
into tensor language as forming the outer product w;; = wp, of two
first-order tensors # and v and then contracting the second-order tensor
W so formed, to give w; = wv;, a scalar (invariant under a rotational
change of axes).

As yet another example of a familiar operation which is a particular case
of a contraction, we may note that the multiplication of a vector u; by a
matrix B (with elements b;;) to produce another vector v;,

byu; = vy, (15.23)

can be looked on as the contraction w,;; of the third-order tensor w,,
formed from the outer product of b, and u,.

154 The quotient law

The previous paragraph appears to be a heavy-handed way of describing
a familiar operation, but it leads us to ask whether it has a converse. To
put the question in more general terms — if we know that u and v are
tensors and also that

Woa...k..omWij. k..n = Upq,..mij...ns

does this imply that w is also a tensor ? Here w, u and v are respectively of
Mth, Nth, and (M + N — 2)th order and it should be noted that the sub-
script k& which has been contracted may be any of the indices in w and u
independently.

The answer to the question is ‘yes’ provided that the components of u
can be varied independently [the components of v are then not arbitrary
but depend upon u]. This result is called the quotient law for tensors. To
prove it for general M and N is no more difficult in the ideas involved
than to show it for specific M and N, but does involve the introduction
of a large number of subscript symbols. We will therefore take the case
M = N = 2, but it will be readily apparent that the principle of the proof
holds for general M and N.

We thus start with (say)

Wpllye = Upy,s (15.24)

with u, an arbitrary second-order tensor. Under a rotation of the co-
ordinates the set w,, (tensor or not) transforms into a new set of quantities
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which we will denote by wj,,. We thus obtain in succession the following
steps

Woilhie = Upi (transforming (15.24))
= Qgpjilq; (v is a tensor)
= AopdjiWalljy (from (15.24))
= aqpajiwaajmalnu;pm (u is a tensor)
= aapalanlul’n- (aﬁaj,,, = Sim)

Now k on the left and # on the right are dummy subscripts and thus
this is equivalent to

(Wok — GgpycWotiy, = 0. (15.25)
Since u;;, and hence u;, is an arbitrary tensor, we must have
Wor = QqpducWqr»

showing that the w,, are given by the general formula (15.13 b) and hence
that the set wy, are the components of a second-order tensor.

»5. (i) Show, by following an analogous argument, that the same result
(15.25) and deduction could be obtained if (15.24) were

Worlli = Upiy

i.e. with the contraction with respect to a different pair of indices.
(ii) Verify directly that wy,u,, = v,; implies (as given by the quotient law)
that wy, is a scalar.

Use of the quotient law to test whether or not a given set of quantities
is a tensor is generally much more convenient than making a direct sub-
stitution along the lines of example 15.2. A particular way in which it is
applied is to contract the given set of quantities (with N subscripts) with
an arbitrary (independently variable components) Nth-order tensor and
determine whether the result is a scalar.

»6. Use the quotient law to show that, (@) the coefficients of a quadratic
form in the position coordinates, and (b) U of equation (15.18), are
second-order tensors, but that (¢) C in »3 is not.

15.5  The tensors §;; and ¢,

Throughout this book and particularly in chapter 14 we have made fre-
quent use of the two quantities 8;; and ¢, defined by
;=1 ifi=},
= 0 otherwise, (15.26)
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and

e = +1 ifi, j, k is an even permutation of 1, 2, 3,
= —1 ifi, j, k is an odd permutation of 1, 2, 3,
=0 otherwise. (15.27)

We will now show that these are respectively second- and third-order
Cartesian tensors. Notice that the coordinates x; do not appear explicitly
in the components of these tensors, their components consisting entirely
of 0 and 1.

Treating first §,,, the proof is straightforward, since if we consider the
quantities given by aya,,8,;; they are

aikajlatj = Ay ay
= 8, from (15.3b), (15.28)

which is exactly the same expression in the new coordinates. Thus §;;
is a second-order tensor.

Turning now to €, we have to consider the quantity e, given by
a4 m0n€iz- FOT any particular set of values /, m, n, this is just the deter-
minant of a matrix. If any two or more of /, m, n are equal, then two col-
umns of the matrix are equal and the determinant is zero. Thus we need
to consider further only the case of /, m, n, all different. For/ = 1, m = 2
and n = 3, or any even permutation of this, the determinant is simply
that of the matrix 4 describing the rotation. Since A is orthogonal this
has value 1.1 If /, m, n, is an odd permutation of 1, 2, 3 [the only remain-
ing possibility], then the matrix has determinant — 1.

Collecting together the various cases, we see that ¢,,, has exactly the
properties of (15.27) but with i, j, k replaced by /, m, n, i.e. it is the same
as the expression e, written using the new coordinates. This shows that
€, 1S a third-order Cartesian tensor.

Many of the familiar expressions of vector algebra and calculus studied
in chapters 24 can be written as contracted tensors involving §;; and
ey, €.8. the vector product b A ¢ has as its ith component e;,b;c,.
Others may be found by the reader in the following exercise.

»7. Write the following as contracted Cartesian tensors (i) a-b; (i) V24;
(iii) curl u; (iv) grad (div u); (v) curl (curl u); (vi) (a A b)-c.

An important relationship between the e- and 8-tensors is expressed
by the identity

€rim = Odjm — Oim0y. (15.29)

1 But see section 15.7 later.
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To establish the validity of this identity between two fourth-order tensors
[the left-hand side is a once-contracted sixth-order tensor] we consider
the various possibilities which arise.

The right-hand side has the values

+lifi=/landj=m # i (15.30 a)
~lifi=mandj=1+#1i, (15.30 b)
0 for any other set of subscript values i, j, I, m. (15.30 ¢)

In each product on the left-hand side, & has the same value in both ¢
factors and for a non-zero contribution none of i, /, j, m, can have the
same value as k. Since there are only three values {1, 2 and 3] that any
of the subscripts may take, the only non-zero possibilities are i = / and
j = m or vice versa, but not with all four subscripts equal [since then
each e factor is zero, as it would be if i = j or I = m).

This reproduces (15.30 c¢) for the left-hand side of (15.29) and also the
conditions of (15.30 a) and (15.30 b). The values in (15.30 a and b) are
also reproduced in the left-hand side of (15.29) since,

(@ ifi=1landj=m, €;, = € = €m, and whether ¢, is +1 or —1,
the product of the two factors is +1, and,

G if i=m and j=1 e€p = e = —€m, and thus the product
€ix€am (0O summation) has value —1.

This concludes the establishment of identity (15.29).

A useful application of (15.29) is to obtain an alternative expression
for curl curl of a vector. As in »7 (v), curl curl u expressed in tensor form
is

%u,,
(curl curl u); = €;€1im . (15.31)
ax,- 3x,
Using identity (15.29) this becomes
Puy,
(curl curlu); = (848m — Sim8y) ———
ax, 3x,
0 (8u,) &%u,
T ox, \ox; ox?
= [grad (divw)], — V3. (15.32)

This result has already been mentioned in section 4.5 and the reader is
referred there for a discussion of its applicability.
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»8. By examining the various possibilities satisfy yourself that

6l:.v 8iq sir
€ik€par = |05 85 8y
8Icp Skq 8kr

Equation (15.29) is a special case of this more general result.

15.6  Isotropic tensors

It will have been noticed that, unlike most of the tensors discussed [except
for scalars], 8;; and ¢;;, have the property that all their components have
values [as opposed to expressions] which are the same whatever rotation
of axes is made, i.e. the component values are independent of the a;; of
the transformation. Specifically 8,, has the value 1 in all coordinate frames,
whereas for a general second-order tensor U all we know is that if u;, =
Jf11(x1, X2, x3) then uj; = fi1,(x1, x5, x3). Tensors with this particular
property are called isotropic (or invariant) tensors.

It is important to know how general a tensor can be and still be iso-
tropic, since the description of the physical properties (e.g. conductivity,
magnetic susceptibility or tensile strength) of an isotropic medium [i.e.
one which has the same properties whichever way it is orientated] will
involve an isotropic tensor. In the previous section it was shown that
8;; and ¢, are second- and third-order isotropic tensors; we will now
show that, to within a scalar multiple, they are the only such isotropic
tensors.

A8y, is the only isotropic second-order tensor. Suppose u; is an isotropic
tensor; then for any rotation of the axes we must, by definition, have that

Uy = Uy = Gl (15.33)

for each of the 9 components.

First consider a rotation of the axes about the (1,1, 1) direction
taking Ox,, Ox,, Ox; into Ox;, Oxj, Ox] respectively. This requires
that uy; = wy; = ugs. Similarly u;, = uj, = wus;. Continuing in this way,

»9. (@) U1y = Uzp = U3,
() 12 = us3 = u,
(€) usy = uzy = uys. (15.34)
Next consider a rotation of the axes (from their original position) by
=/2 about the Oxs-axis. For this rotation a; = 1, a3; = —1, az3 = 1

and all other a;; = 0. Amongst other relationships, we must have from
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(15.33), that

g = (—1)-1-uy,
and Uggz = 1'1‘"13.

Hence u;3 = uy3 equals 0 and so therefore, by parts (b) and (c¢) of (15.34)
do all elements except u,,, 425 and u,5, which are all the same, This shows
that uU = Aau.

A€y is the only isotropic third-order tensor. The general line of attack is as
in the previous example and so only a minimum of explanation will be
given.

U = Uy = Qylmsuthma  (all 27 elements).
Rotate about the (1, 1, 1) direction; 1 -—>2—3— 1.

(@) w11y = Uggp = Ugss.
(b) uy15 = ug93 = Uz, (and 2 similar sets involving repeated subscripts).
(¢) w193 = U3, = U3y, (and a set involving odd permutations of 1, 2, 3).

Rotate by =/2 about the Oxs-axis; ajz = 1, a5 = —1, ag3 = 1,
others = 0.

) uy, = (=D (=D (=1 tgoy = —ugs.
@ uo = (=1D-(=1)-1-up;.

(f) dao1 = 1o 1-(=1)ayys.

() w125 = (—1)-1-1-uy;.

(a) and (d) show that elements with all subscripts the same are zero.
(e), (f) and (b) show that all elements with repeated subscripts are zero.
(g) and (c) show that u;55 = gg) = Ug12 = —Ug1z3 = —Ugyy = —Usg0.

In total, u;; is at most a multiple of ¢;,, but since ¢, (and hence
Aeyy) has already been explicitly shown to be an isotropic tensor, it must
be the most general third-order one.

»10. Show that the only isotropic first-order tensor is the trivial one with
all its elements zero.

15.7 Polar and axial vectors

It is something of an aside in the context of the rest of this chapter, but
sufficiently important from a physical point of view that the behaviour
of mathematical entities (and the physical quantities they represent)
under a different kind of axis change, namely reflection in the origin,
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should receive some mention. This kind of transformation is represented
in all its essentials by the equation

X = —x, (15.35)

but may in practice also involve a ‘rigid axes’ rotation and hence appear
more complicated. The change may alternatively be looked upon as one
which changes from an initial right-handed coordinate system to a left-
handed one; any prior or subsequent rotation will not change this state
of affairs.

It is obvious that a reflection plus rotation preserves the length of the
position vector and is thus represented by an orthogonal matrix A as
in (15.2) and (15.3). However, in this case det A4 is equal to —1 and
not + 1 [the matrix corresponding to (15.35) itself being the most obvious
example].

Vectors (first-order tensors) which, like the position coordinates x;, re-
verse sign on a change to a new coordinate system, obtained from the
original by a reflection in the origin, are called polar vectors. Vectors
whose sign remains unaltered under such a change are called axial vec-
tors.

x3(x3)

X1
(o]
d
’ rd
X e
-
«7
a
EA
(a) ()]

Fig. 15.2 (@) The behaviour of polar (p) and axial (a) vectors under reflection in the
origin of the coordinate system (xj, X2, X3) giving the new system
(x4, X3, X3). (b) In practice the axes are drawn unchanged and the vectors
reversed (p’) or not (a").

For drawing purposes it is, in practice, usually much more convenient
to imagine that the axes are unchanged, but that the vectors are reversed
(or not), i.e. to use fig. 15.2 (b) rather than the two diagrams of fig. 15.2 (a)
which show the behaviour of a polar vector p and an axial vector a.
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Since the position vector of a particle r (=x;) is a polar vector, so is its
momentum mi, but its angular momentum J (as can be seen from fig.
15.3) does not change sign on a reflection of the coordinate system and
is therefore an axial vector.

mt

\
mi'

Fig. 15.3 Angular momentum J = r A mi is an axial vector. Vector J is perpen-
dicular to the plane containing r and mt.

Vectors which are obtained as the gradient of scalars, such as the com-
ponents E; of an electrostatic field, will also be polar vectors since
o\’ o¢’ 0
(j_) ¥ __®, (15.36)
ox; ox; ox,

if x7 is given by (15.35) and ¢ is a scalar, but vectors obtained as the curl
of another vector may be polar or axial depending upon the character of
this second vector.

Corresponding to polar and axial vectors for first-order tensors, zeroth-
order tensors may be divided into scalars and pseudo-scalars — the latter
being invariant under rotations but changing sign on reflection. As an
example of a pseudo-scalar we may consider the triple scalar product of
three polar vectors such as the component of angular momentum about a
particular axis given by (r A mi)-fi (see fig. 15.3).

This last expression also provides an example of a form of quotient
law relevant in this connection, which can be used to test the characteristic
of an unknown vector.

The contraction of two vectors with each other yields a scalar
or pseudo-scalar according as the vectors are both of the same
kind or one is polar and the other axial.
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From the physics point of view the importance of the distinction be-
tween polar and axial vectors is principally that:

(i) Any physically possible equation must have all its terms with the
same characteristics,} i.e. all terms vector, or all pseudo-scalar, etc.

(ii)) Any system which is symmetric (antisymmetric) with respect to reflec-
tion in the origin cannot have quantities describing it which are pseudo-
scalar (scalar).

»11. Determine the behaviour of the following under reflection.

(a) Electrical current I, (b) magnetic field H [consider that due to a current-
carrying wire], (¢) magnetic flux B, (d) magnetic moment @, (¢) the
couple on a magnetic dipole in magnetic flux B.

»12. Verify that the following physical equations and expressions are
invariant under reflection:

{a) the force on a current-carrying wire in a magnetic field: F = I A B,
(b) Poynting vector for energy flow in an electromagnetic wave: S =
E A H,

(c) rate of ohmic heating per unit volume: w = E-j,

(d) acceleration in rotating coordinate systems:

R=F+0AT+20AF+ A (wAT.

[This may alternatively be looked on as a proof that w must be axial.]

15.8 Physical tensors

In this section some physical applications of tensors will be illustrated.
First-order tensors are fairly familiar as vectors, and so attention will
be concentrated on second-order tensors, starting with a mechanical
example.

Consider a collection of rigidly connected point particles? of which the
ath with mass m®@ is a typical one, positioned at r® with respect to an
origin O. Suppose that the rigid assembly is rotating about an axis through
O with angular velocity w (fig. 15.4).

1 Ignoring here the non-conservation of parity which appears in some nuclear
physics reactions.

1 In this paragraph and all that follow on this topic, a more realistic situa-
tion obtains if a continuous rigid body is considered. In this case m®
must be replaced everywhere by p(r)dx dy dz, and all summations by
integrations over the volume of the body.
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w r e

me

@

o

Fig. 15.4 The velocity i of the oth particle is w A r'® and is perpendicular to the
plane containing w and r'®,

The angular momentum J about O of the assembly is given by
J=2 (9 A p?). (15.37)

But p*° = m@i® and i itself is given by w A r'® [for any «] and so
in subscript form,

J, = z M@e, , XD XD

= Z M De; X e men X' .

= Z Mm@ (88,5 — 8,m8,) XV xPew, (by (15.29))

= Z mO (s, — xXPx(P)ay

a

= Lo, (15.38)
where I; is a symmetric second-order Cartesian tensor [by the quotient
rule, since J and w are vectors] which depends only on the distribution
of masses in the assembly and not upon the direction or magnitude of w.
The tensor is called the inertia tensor at O of the assembly.

Written out in full (in ordinary Cartesians) for (say) a continuous body
(see footnote) it would be

f(yz + z%)p dr —fxyp dr —fsz dr

I = - fxyp dr f(22 + x%)p dr —fyzp dr
—fop dr —fsz dr f(x2 + y)pdr
J

(15.39)

™
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where p = p(x, y, z) is the mass distribution and dr stands for dx dy dz,
the integrals being over the whole body. The diagonal elements of this
tensor are called the moments of inertia and the off-diagonal elements
without the minus signs are known as the products of inertia.

»13. Verify that, for any one «, both terms in the (15.38) definition of
I, are separately tensors, and hence that /;; must be.

By a parallel argument to that already made, the kinetic energy of the
rotating system is given by

»14. T=1% Z m@(E® . ¢ = Hww =1J0;, (15.40)

and so can be expressed as the scalar obtained by twice contracting «
with the inertia tensor. This also shows that the moment of inertia of the
body about any line given by unit vector fi is

L, (15.41)

(or filfi in matrix and vector form).

Since | (=1, is a real symmetric second-order tensor, it has associated
with it three mutually perpendicular directions which are its principal
axes and have the properties [proofs in the previous chapter]:

(i) with each axis is associated a principal moment of inertia A, (u =
1,2,3),

(ii) when the rotation of the body is about one of these axes, the angular
velocity and the angular momentum are parallel and given by

Aw=J=]w, (15.42)

i.e. w is an eigenvector of | with eigenvalue A,,
(iii) referred to these axes as coordinate axes, the inertia tensor is diagonal
with diagonal entries A, A,, A;.

Two further examples of physical quantities represented by second-
order tensors are magnetic susceptibility and electrical conductivity. In
the first case we have (in standard notation)

M, = Xqua (15-43)
and in the second
Ji = oyE;. (15.44)

M is the magnetic moment per unit volume and j the current density (per
unit area). In both cases we have on the left-hand side a vector and on
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the right-hand side the contraction of a set of quantities with another
vector. The sets of quantities must therefore form the components of a
second-order tensor.

For isotropic media M oc H and j oc E, but for anisotropic materials
such as crystals the susceptibility and conductivity may be different along
different crystal axes, making y;; and o;; general second-order tensors,
although they are usually symmetric.

The susceptibility and conductivity tensors have analogous properties
to those of the inertia tensor. They can be deduced from the analogies
between (15.38) and equations (15.43) and (15.44) and by noting that the
expressions for energy are

—3$poM-H per unit volume (15.45)
in the magnetic case, and
E-j per unit volume per sec (15.46)

in the electrical one.

15.9 Stress and strain tensors

The theory of small elastic deformations of solid bodies provides further
examples of tensors. We consider first the description of strain, i.e. the
displacement of particles of the body from the positions they occupied
before the body was deformed. It will be found that in the neighbourhood
of a point P the displacement vector for the strained body of any other
point Q, relative to that of P, is given in terms of the position vector of
Q relative to P for the unstrained body by a second-order tensor.

o Xy + u P

strained

Fig. 15.5 An element at P,Q, when the body is unstrained, moves to PQ under the
strain. For an explanation of the other symbols see the text.
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As illustrated in fig. 15.5, consider a particle at P, (=x;) which is dis-
placed under the strain to P (=x; + ;) and another one in its neighbour-
hood which is initially at Q, (=x; + y;) and under the strain moves to Q
(=x;+u, + yi +v). All of y;, w; and v; (( = 1,2, 3 in all cases) are
taken as small, so that a first-order theory may be developed. Now,
assuming that w(x;, x;, x3) is differentiable up to any needed order, we
note that the total displacement at Q is both u; + v; and also w(x;, + i)
and thus write

u + v, = ulx, + yi)

ou;
= w(x,) + y, (a—) + second order.
Py

i
Hence

ou,

5 = (__) ¥, (15.47)
0x;/ p,

which is the symbolic form of the statement made in the first paragraph

of this section.

That (6u,/éx;) is a Cartesian tensor of second order is apparent either
from the quotient law (section 15.4) since v; and y; are vectors, or by direct
demonstration as follows.

Under a rotation of axes

X; = aux;', x; = Q;iXj, (15.2 blS)
(0u;/0x;) becomes
ou\’  ouf o(au;) ox, Ouy
("—') ST = oo o T Gikm S
ox,,

showing that (6u;/0x;) is indeed a second-order tensor.
As has been shown previously for a general second-order tensor,
(9u,/éx;) can be written as the sum of a symmetric tensor

1 (0w 8u,)
e, =—— + — 15.48
Y72 (8x, ox; ( )
and an antisymmetric one
1/0u ou
w, = _(_* - _f). (15.49)
2\ox,  ox

Also, as proved in example 3 of section 15.10, the contribution w;;y;,
to v; represents a small rotation — A y with £ = (wa3, w31, wi9).

The symmetric tensor e;; is called the strain temsor and describes the
local deformation e;;y; at the point Q which had [when Q,] initial co-
ordinates y; with respect to P,.
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Po Q2

P

Fig. 15.6 The total displacement of P,Q, consists of a rigid translation to PQ, a
rotation to PQ, and a deformation to PQ.

The full displacement of the point @ (still confined to be in the neigh-
bourhood of P) from its unstrained position is thus made up of three
parts (see fig. 15.6),

(i) a rigid body translation, u; P,Q,— PQ,,
(ii) a local rigid body rotation, w;;y; PQ;— PQ,,
(iii) a local distortion, e;;y, PQ,— PQ.

The main interest from the point of view of the present chapter is in the
symmetric strain tensor e;; describing a pure deformation.

The simplest deformation is a uniform stretching of the material of the
body in one direction, say the Ox, direction,

(u19 U, uS) = (kxl, 09 0) (15.50)
In this case e;; = k and all other elements of the tensor are zero.
X2
0 Xy

Fig. 15.7 A simple shear parallel to the x;x3-plane.

A simple shear (see fig. 15.7) in the x;-direction and parallel to the
x,xg-plane is described by

(ul, u2’ u3) = (kx2’ 0, 0)'



432 Cartesian tensors

This displacement is not a pure deformation but consists partially of a
rotation, as is confirmed by the fact that only éu,/éx, is non-zero and
thus 0u,/0x, is not symmetric.

»15. A pure shear is described by a tensor in which w;; = 0, 6,5 = ey, = &,
and all other elements of e;; are zero. Show that this corresponds to the
superposition of two simple shears.

Associated with the strain tensor we may define a strain quadric such
that the direction of the displacement at any point Q on a radius vector
PP’ is parallel to the normal to the quadric at the point where the radius
vector meets the quadric (fig. 15.8). In addition, the fractional extension
of an element in any direction from P is inversely proportional to the
square of the quadric radius (r in fig. 15.8) in that direction.

P

direction of
displacement at Q -

Fig. 15.8 The strain quadric at P.

To derive the quadric suppose that, although we are working to first
order in both y; and v,, |v| is smail compared with | y|. Then the fractional
extension e due to the deformation described by e;; is

PQ —PoQo |y +vf — |yl

PyQo ])’i‘
_ U»y)? + 20 + |9]DY2 — |y]
Iyl

2
- ﬁi + 0("?). (15.51)
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Now replacing v; by e;;y; gives for e the expression

e .
e = 121, (15.52)
|7l
Thus if we take a quadric with centre P and given by
€ Yiy; = C, (15.53)

where c is chosen to make the quadric real, it will have the properties
stated.

»16. Verify that this is so.

In addition, just like the quadrics discussed in section 14.11, it will
possess three mutually perpendicular principal axes. An element of the
body in any of these directions is extended in the direction of its own
radius vector (3;).

»17. Show that the strain quadric for a simple extension along the direc-
tion /, m, n, is a pair of parallel planes.

Dis

Fig. 15.9 Definition of the stress tensor p;; at the point P for the case i = 1. The
plane across which the components of stress give p;, has its normal parallel
to the positive x;-axis.

As well as the tensor describing the strain of a deformed solid a stress
tensor at a point P may be specified; this is denoted by p;;. The quantity
pi; is the x;-component of the stress vector acting across a plane through
P whose normal lies in the x;-direction. The sense of the stress vector is
that of the action of the region of greater x; on that of lesser x;. Fig. 15.9
illustrates the case in which i = 1 and j has the values 1, 2 and 3; the other



434 Cartesian tensors

six components correspond [in threes] to two other planes through P
parallel to the x;x;- and x,x,-planes.

If an element of area containing P (inside or on the surface of the body)
has unit normal n then the stress p™ across it can be shown to be given by

P = puni, (15.54)

where p;; = p;;. That p,; is a second-order Cartesian tensor follows either
from the quotient law or by direct verification.
Just as for strain, a stress quadric

puyiy; = ¢, with y; = rn (15.55)

and analogous properties, can be defined. The normal to the quadric at
the point where any radius vector meets it gives the direction of stress
across any plane to which the radius vector is a normal.

Example 15.3. A generalization of Hooke’s Law relates the stress and
strain tensors by

Pij = Cijki€ris (15.56)

where ¢, is a fourth-order Cartesian tensor. Assuming that the most
general fourth-order isotropic tensor ist

cijkl = /\BUSM + 7)8“‘8” + Vsilgjka (15.57)

find the form of (15.56) for an isotropic medium of Young’s modulus E
and Poisson’s ratio o.

For an isotropic medium we must have an isotropic tensor for ¢,
and so assume the form (15.57). Substituting this into (15.56) yields

Dis = )\Sijekk + ne;i; + Ve ;.
But ¢;; is symmetric, and if we write  + v = 2u this takes the form
Pii = Aedy; + 2ue;. (15.58)

[A and p are called Lamé constants. It will be noted that if e; = 0 for
i 5 J, then so does p;;, i.e. the principal axes of stress and strain coincide.]

Now consider a simple tension in the x;-direction, i.e. p,; = S, all
other p;; = 0. Then denoting e,, [summed over k] by 6 we have (in addition
to e;; = 0 for i # j) the three equations

S = A0 + 2uey,,
0 = A0 + 2ue,,,
0 = AB -+ 2#633.

+ This may be shown by methods similar to, but lengthier than, those of
section 15.6.
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Adding them gives
S = 03X + 2u).

Substituting for 6 from this into the first of the three, and recalling
that Young’s modulus is defined by S = Ee,,, gives F as

30+ 2
g, E= HOAT (15.59 a)
A+ p
Further Poisson’s ratio is defined as ¢ = —e,,/e;, which is thus
1 A6 1 X  Ee, A (15.59 b)
O = — — = —— — = . .
e 20 ey 2u 30+ 2 2(A 4 4)
Solving (15.59) for A and p gives finally
oF
»19. Dij (15.60)

= —————— 8 + — ife
G190 -2 % " 019

15.10 Examples for solution
1. Show how to decompose the tensor T;; into three tensors
Ti; = U; + Vi + Sy,

where U, is symmetric and traceless (U; = 0), V}; is isotropic, and
S;; has only three independent components.

2. Use the quotient law to show that

y2+ 22 — x*? —2xy —2xz
—2yx X2 4 22 — )2 —2yz
—2xz —2yz x% + y? - 2

is a second-order tensor.

3. Antisymmetric tensor. Suppose w;; is an antisymmetric second-
order Cartesian tensor in three-dimensions.

(i) Show it has only three independent components.

(ii) By writing the tensor in terms of wsg, ws:, and w,, and consider-
ing v; = d€,;W;, show that the three independent components of
W form the components of a vector v.

(iii) Verify wy; = €.

(iv) For a general vector b evaluate (v A b), and hence show that
vector multiplication by v is equivalent to tensor contraction with
= Wyj.
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4. Use tensor methods to establish the following vector identities.

(i) WAVAW=(uwy-— (v-wu.

(ii) curl (¢u) = ¢ curl u + (grad ¢) A u.

(i) div(u A v) = v-curlu — u-curlv.

(iv) curl (u A v) = (v-grad)u — (u-grad)v + udivy — vdivu.
(v) grad (Ju-u) = u A curlu + (u-gradju.

5. In four dimensions define second-order antisymmetric tensors
F;; and Qy; and a vector S; as follows:

(@) Fa3 = H,, Q»3 = B; and their cyclic permutations,
(b) Fiy = — Dy, Qu=E fori=123,
() Si=J; fori=1,2,3; S,=p.

Then taking x, as ¢ and the other symbols to have their usual meaning
in electromagnetic theory show that the equations 0(Fy;)/éx; = S,
and 2(Q0)/0x; + 3(Qu)/0x; + & Qy;)/0x, = 0, where i, j, k are any
set chosen from 1, 2, 3, 4 (all different), reproduce Maxwell’s equa-
tions.

6. (i) Evaluate (A A curl A), for any vector function A.
(i) Assuming that the divergence theorem holds for any tensor field

ouyj. k...
f Zleken dV = f Uij e..n Sk,
v 8xk s

show that
f [A(A-dS) — 142 dS] = f [AdivA — A A curl A]ldV.
S v

(iii) How does this general result simplify (a) if A is the electric
field E in a time-independent situation, and () if A is the magnetic
flux B?

7. Ohm’s law says that the current density j is linearly related to the
electric field E in a conductor. Show that

Ji = suEc + (E A a),

where sy is a symmetric tensor and a is an axial vector.

8. A rigid body consists of four particles of masses m, 2m, 3m, 4m
respectively situated at the points (q, a, @), (a, —a, —a), (—a, a, —a),
(—a, —a, a) and connected together by a light framework.

(i) Find the inertia tensor at the origin and show that the principal
moments of inertia are 20ma?, (20 + 2+/5)ma?, and (20 — 2+/5)ma>.
(ii) Find the principal axes and verify that they are mutually ortho-
gonal.
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9. A rigid body comprises 8 particles each of mass m, held together
by light rods. In a certain coordinate frame the particles are at

ia(3, l, _1)’ ia(la —],3), ia(l, 3» _1), ta(—‘l, 1, 3)-

Show that when the body rotates about an axis through the origin,
if the angular velocity and angular momentum vectors are parallel
then they are in one of the ratios 40ma2, 64ma? or 72ma?2.

10. The paramagnetic tensor y;, of a body placed in a magnetic field
is

2k 0 0
0 3k &
0 Lk 3k

Assuming depolarizing effects are negligible, find how the body will
orientate itself if the field is horizontal and the body (i) can rotate
freely, (ii) is suspended with the axis (1, 0, 0) vertical, (iii) is sus-
pended with the axis (0, 1, 0) vertical.

11. A block of wood contains a number of thin soft iron nails. A
unit magnetic field directed eastwards induces a magnetic moment
with components (3, 1, —2) in the block, and fields of unit strength
directed northwards and vertically upwards induce moments
(1,3, —2) and (-2, 2, 2) respectively. Show that the nails all lie
parallel to a certain plane. [Assume soft iron has a constant per-
meability.]

12. For tin the conductivity tensor has the form
a 0 0
=10 a O
0 0 b

when referred to its crystal axes. A single crystal is grown in the
shape of a long wire of length / and radius r, the axis of the wire
making polar angle # with respect to the crystal third axis. Show that
the resistance of the wire is

I 1
—— —(acos?8 + bsin?2 0).
7r? ab

13. By considering an isotropic body subjected to a uniform ‘hydro-
static’ pressure (no shearing stress) show that the bulk modulus,
defined by

pressure

= fractional decrease in volume |
is given by k& = E/[3(1 — 20)].
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14. In a certain isotropic elastic medium the displacement vector u,
is given by

Uy = K(x1 + x3),  ug = K(x; + x2),  us = K(x2 + x3).
Find the magnitudes of the principal stresses in terms of Young’s

modulus and Poisson’s ratio.

15. An elastic cylinder of finite length and initially unstressed, fits
accurately into a rigid smooth cylindrical tube open at both ends.
Equal and opposite compressive normal stresses are applied uni-
formly over the ends of the cylinder. Show that the modulus of
elasticity is
E(l — o)
(1 + oY1 — 20)
16. (More difficult vector analysis.) For an isotropic elastic medium

under stress, the displacement u; satisfies

6uk 914,
_— = _ = C —_—t
I4 Pij 15kl ( o, 3xk)

[pi; is the stress tensor] where c;;,; is the isotropic tensor
Cir = adydg + b(8udy + 3uds) + c(81by — Sudi),

and p is a constant. Show that div u and curl u both satisfy wave
equations.
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Complex variables

Throughout this book references have been made to results ‘which are
derived from the theory of complex variables’. This theory thus becomes
an integral part of the mathematics appropriate to physical applications.
The difficulty with it, from the point of view of a book such as the present
one, is that, although the applications for which it is needed are very real
and applied, the underlying basis of complex variable theory has a dis-
tinctly pure mathematics flavour.

To adopt this more rigorous approach correctly would involve develop-
ing a large amount of groundwork in analysis, for example, precise
definitions of continuity and differentiability, the theory of sets and a
detailed study of boundedness. It has been decided not to do so here,
but rather to pursue only those parts of the formal theory which are
needed to establish the results used elsewhere in this book and some others
of general utility. Specifically, the subjects treated are,

(i) complex potentials for two-dimensional potential problems,
(ii) location of zeros of a function, in particular a polynomial,
(iii) summation of series ar.d evaluation of integrals,

(iv) the inverse Laplace transform integral.

In this spirit, the proofs that are adopted for some of the standard
results of complex variable theory have been chosen with an eye to
simplicity rather than sophistication. This means that in some cases the
imposed conditions are more stringent than would be strictly necessary
if more sophisticated proofs were used; where this happens the less
restrictive results are usually stated as well. Some proofs have been
omitted altogether or merely sketched in exercises for the student to do.
The reader who is interested in a fuller treatment of the fascinating sub-
ject of complex variable theory should consult one of the many excellent
textbooks on the subject.

+ For example, Knopp, Theory of functions, Part I (Dover, 1945); Phillips,
Functions of a complex variable (Oliver & Boyd, 1954); Titchmarsh, The
theory of functions (Oxford, 1952).
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One further concession to ‘hand-waving’ has been made in the interests
of keeping the treatment to a moderate length. In several places phrases
such as ‘... can be made as small as we like . . .” are used, rather than a
careful treatment in terms of . .. given € > 0, there exists a 8 > 0 such
that . ..". In the author’s experience, some students are more at ease with
the former type of statement despite its lack of precision, whilst others,
who would only contemplate the latter, are usually well able to supply it
for themselves.

16.1 Functions of a complex variable

The quantity f(z) is said to be a function of the complex variable z if to
every value of z in a certain domain (region of the Argand diagram)
there corresponds one or more values of f(z). Stated like this f(z) could
be any function consisting of a real and an imaginary part, each of which
is itself a function of x and y. However, we will only be concerned ulti-
mately with functions which are differentiable in a particular sense, and
so we proceed immediately to this restricted class of functions.

A function f(z) which is single-valued in a domain is
differentiable at the point z, if the derivative
. J@ - [
f(z) = lim 1) = /) (16.1)
2=20 Z — Z,
exists and is unique (in that it does not depend upon the
direction in the Argand diagram from which z tends to

Zo).

To illustrate that this notion is restrictive, consider the following two
examples which are both complex functions of a complex variable; one
is differentiable, the other is not. We denote the real and imaginary parts
of f(z) by u and v respectively; for a general function both will depend
on x and y,

f(@) = ulx, y) + iv(x, y). (16.2)

(i) Take f(z) = x? — y% + 12xy.
Consider the definition (16.1) when z =2z, + Az = x, + Ax +
i(yo + Ay); then

(xo + Ax)? — (yo + Ay)?
f@) ~ fzo) 4 i2x + Ax)yo + DY) — x§ + ¥§ — i2x0y0
z— 2 Ax +iAy
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2x0 Ax 4+ (Ax)? — 2y, Ay — (Ay)?
+ 12(xo Ay + yo Ax + AxAy)
Ax +iAy

(Ax)? — (Ay)? + 12 Ax Ay
Ax + 1Ay

2x° + 12y° +

(using —1 = i?).

Now, in whatever way Ax and Ay are allowed to tend to zero, the last
term on the right will tend to zero and the unique limit 2x, + i 2y, will
be obtained. Thus f(z) with u = x? — »® and v = 2xy is differentiable at
Zo = Xo + 1yo.

(ii) Take f(z) = 2y + ix. Following the same procedure we have

f(@) — f(zo)  2y0+ 24y +ix, +1Ax — 2y, — ixg
zZ— 2z B Ax + iAy

2Ay +1iAx

Ax +iAy

Now suppose z — z, along a line through z, of slope m, so that Ay = m Ax.
Then

. Sf(@) = f(z0) . 2Ay +iAx  2m +1i
lim —————— = lim - = —.
z2—2o zZ— 2 Ax,Ay=0 Ax + lAy 1 +im

This limit is dependent on m and hence on the direction from which z
tends to z,. Thus f(z) = 2y + ix is not a differentiable function at
Xo + 1yg.

A function which is one-valued and differentiable at all points of a
domain D is said to be analytic (or regular) in D. A function may be
analytic in a domain except at a finite (or infinite if the domain is infinite)
number of points; in this case it is said to be analytic except at these
points, which are called the singularities of f(2). [In our treatment we will
not consider cases in which an infinite number of singularities occur in a
finite domain.]

From examining the two previous examples, it is apparent that for a
function f(z) to be differentiable and hence analytic there must be some
particular connection between its real and imaginary parts u and v. We
next establish what this connection must be by repeating the procedures
of the two examples, but for a general function.

If the limit
L = lim M (16.3)

2=29 zZ — 2y
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is to exist and be unique, in the way required for differentiability, then
two particular ways of letting z tend to z, (any point in D), parallel to
the real axis and paralle] to the imaginary axis, must produce the same
limit. This is certainly a necessary result although it may not be sufficient.

So first suppose z — z, is purely real and equal to Ax, then L of (16.3)
is given by

u(xo + Ax, yo) + iv(xo + Ax, yo)
— u(xo, ¥o) — iv(Xo, Yo)

L = lim
Ax—0 Ax
. [u(xo + Ax, yo) — u(xo, yo)
= lim
Ax=0 Ax.
. U(xo + Ax, yo) ~ v(Xo, yo)]
+i :
Ax

For this limit to exist we must have that ou/ox and 8v/éx exist at x, + iy,
and that L has the value

du  ov

— 41—

ax ox
Similarly if z — z, is purely imaginary and equal to i Ay, then the partial
derivatives &u/dy and &v/dy must exist at x, + iy, and L must have the
value

» 1 — —i— (16.4 b)

(16.4 a)

For f to be differentiable, expressions (16.4 a) and (16.4 b) for L must
be identical, and thus equating real and imaginary parts we must have,
as a necessary condition, that

ou Ov ov u ¢ +i (16.5)
— = — = —— atz = xq + iyo. .
ox Oy ox oy o Ve
The two equations are known as the Cauchy—Riemann equations.
We can now see why example (i) f(z) = x? — y*® + i 2xy was differen-
tiable, or at least why example (ii) f(z) = 2y + ix was not.

() u=x%—y,v=2xy:
u o ov ov ou

(i) u =2y,v = x:

ou ov v ou
ox oy ox oy
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It is apparent that for f(z) to be analytic something more than the existence
of the partial derivatives of u and v with respect to x and y is required;
this something is that they satisfy the Cauchy-Riemann equations.

We may also enquire as to the sufficient conditions for f(z) to be analytic
in D. It can be shownt that a sufficient condition is that the four partial
derivatives exist, are continuous and satisfy the Cauchy-Riemann equa-
tions. It is the additional requirement of continuity which makes the
difference between the necessary conditions and the sufficient conditions.

»2. Which of the following complex functions are analytic?
(@) 3x + 2y + i3y — 2x),
(b) sin x cosh y + icos x sinh y,
(0) x* + %,

X y
(d)x+———+i(y-—T———2)-
xZ + y2 x2+y

»3. In which domain(s) of the Argand diagram is

f=1xl =iyl

an analytic function?

Since

2i
we may formally regard any function f = u + iv as a function of z and
its conjugate z*, rather than x and y. If we do this and examine df/oz*

we obtain
of of ox of oy

+ —_—
oz*  0xoz* Oy oz*

(8u ) 80) 1 + (8u '81))( 1 )
—_— —_— X —_— — —— — —
ox +l&x 2 8y+]6y 2i

1 /ou Ov) i(@v N c’?u) 16.7)
_—2_(8x—5+28x ay (16.

Now if fis analytic, the Cauchy—Riemann equations (16.5) must be satis-
fied, and these immediately give that &f/éz* is identically zero. Thus we
conclude that if fis analytic, then f cannot be a function of z* and any
expression representing an analytic function of z can contain x and y
only in the combination x + iy [not in the combination x — iy].

1 1
X = —2-(2 + z¥) and y=—(z—2z%, (16.6)

It

+ See for example any of the references given earlier.
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»4. Write the functions in »2 in terms of z and z* and hence verify the
results obtained there.

One further result of great practical importance in the theoretical physics
can be obtained simply from the satisfying of the Cauchy-Riemann
equations by the real and imaginary parts of an analytic function. Dif-
ferentiating one equation again with respect to one independent variable,
and the other with respect to the other, we obtain

7 (614) 17 (EU) 0 (811) o (0u
ex\ox)  ox ay ~5; ox) ﬁy(ﬁy)

o (v d {ou 0 (Cu o (ov
w2232 -56)
Ox \ox Ox \oy oy \ox oy \ay
Thus both u and v are separately solutions of Laplace’s equation in two
dimensions
o 0%

Vig = — 4 — = 0. .
b=t 5= O (16.8)

Further use of this will be made in section 16.4.

16.2 Power series in a complex variable

The theory of power series in a real variable was discussed in section 3 of
chapter 1. A natural extension of this in the present context is to consider
a series such as

fz) = i a,z", (16.9)

where z is the complex variable and the a, are in general complex. Ex-
pression (16.9) is a power series about the origin and may be used for
general discussion; a power series about any other point z, is obtained
by a change of variable from z to z — z,.

If z were written in its modulus and argument form z = r exp (i9),
expression (16.9) would be

fl2) = i a,r® exp (inb). (16.10)

n=0

This series is absolutely convergent if the same can be said of

©

> laglrm, (16.11)

n=0

which is a series of positive real terms. Tests for the absolute convergence
of real series can thus be used, and of these the most appropriate form is
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based on the Cauchy root test. A radius of convergence R is defined by
l/R =}E,anll/n. (1612)

The series (16.9) is absolutely convergent if |z| < R and divergent if
|z| > R; if |z| = R no particular conclusion may be drawn. [lim is not
strictly identical with lim, but for our purposes the distinction may be
ignored.]

A circle of radius R and centred on the origin is called the circle of
convergence of the series > a,z". R = 0and R = oo correspond respectively
to convergence at the origin only, and convergence everywhere. For R
finite the convergence occurs in a restricted part of the z-plane (Argand
diagram). For a power series about a general point z,, the circle of con-
vergence is of course centred on that point.

Example 16.1. Find the parts of the z-plane for which the following series
are convergent

0 2% (ii) 2;1!2", (i) 2%

(i) (#)'™ behaves like n as n— oo. Thus lim (1/n!)¥* = 0. Hence R = o
and the series is convergent for all z.

(ii) Correspondingly, lim (n!)!™ = 0. Thus R = 0 and the series con-
verges only at z = 0.

(iii) Asn—> oo, ()" has a lower limit of 1 and hencelim (1/n)*» = 1/1 = 1.
Thus the series is absolutely convergent if |z| < 1.

»5. By taking z = 1 and z = —1 in case (iii) above, demonstrate that a
power series may or may not converge on its circle of convergence.

The ratio test may also be employed to investigate the absolute con-
vergence of a complex power series. The series is absolutely convergent if
—|anal 12" —an.] 2]

1> lim — = lim
|| |z| ||

(16.13)

For example in case (i) of example 16.1,
@ illel _ mtlel el
|a, (n+ D! n+1

which is <1 for all n > ny if n, is sufficiently large [n, will depend upon
|z]]. Thus the series is absolutely convergent for all (finite) z, confirming
the previous result.
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»6. Apply the ratio test to cases (ii) and (iii) of example 16.1.

Before turning to particular power series, we next prove the following
important theorem.

The power series > § a,z" has a sum which is an analytic
function of z inside its circle of convergence. (16.14)

To prove this write f(z) for 3 a,z" with |z] = r < R and consider

f(z+h) f@ 2 [(z+h)"—z]

=24

where p = |h| is small enough that r + p is also < R. [This is always pos-
sible since z is inside the circle.] Now

+hr -2 _ ‘(”) "o (” "y
_— =p 5)? + 3)2 h +

h
n
n

n—2
r"‘2+< | )r"‘3p+-~

_ nzn~1

N

'(3)

= p(;) r+pn 2.

The inequality used here is justified by the observation that

n n! n!
(m) S =) S 2 m = )l — m)!

(5)(n23)
= form > 2.
2/ \m—2

< P[i_‘la.,l('z')(r + p)"-z]-

(16.15)

Thus

fe+h-f) &
S

na,z" !

Now since S a,z* has radius of convergence R, lim (a,)" = R-%.
Thus, since n'"—1 as n— oo, lim (3n(n — 1a,)" must also = R~
Therefore the series in brackets on the right-hand side of (16.15) converges
and consequently is bounded, <M say, where M does not depend on p.
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So finally in the limit #— 0, the right-hand side of (16.15) tends to zero
and shows that
h —_ ©
fim LGP —SE@ > nagzht,
0

h=0 h

(16.16)

This establishes statement (16.14) and also shows (by repeated applica-
tion) that any power series can be differentiated any number of times
inside its circle of convergence.

16.3 Some elementary functions

In example 16.1 it was shown that the function exp (z) defined by

x©

n
exp(z) = > = (16.17)
> !
is convergent for all z of finite modulus and is thus by the previous section
an analytic function over the whole z-plane.t Like its real variable counter-
part it is called the exponential function; also like its real counterpart it
is equal to its own derivative.
The multiplication of two exponential functions results in a further
exponential function, in accordance with the corresponding result for
real variables.

»7. By considering the coefficients of z{zi in exp (zy)-exp(z;) and
exp (z; + z7), and noting that all series involved are absolutely convergent
for all z, show that

exp (z,)-exp (z5) = exp (z; + z). (16.18)

As an extension of (16.17) we may also define the complex exponent
of a real number ¢ > 0 by the equation

a* = exp(zlna), (16.19)

where In g is the natural logarithm of a. The particular case a = ¢ and
the fact that Ine = 1, enables us to write exp (z) interchangeably with
¢ If z is real, the definition agrees with the familiar one.
The result that when z = iy,

exp (iy) = cosy + isiny, (16.20)
has already been met in equation (1.15a) of chapter 1. Its immediate
extension is that

exp (z2) = exp (x)(cos y + isin y). (16.21)

+ Functions which are analytic in the whole z-plane are usually called integral
functions.
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As z varies over the complex plane the modulus of exp (z) takes all
real positive values, except that of 0. However, two values of z which differ
by 2mni, for any integral n, produce the same value of exp (z), as given
by (16.21), and so exp (z) is periodic with period 2ni. If we denote exp (2)
by ¢, then the strip in the z-plane, —# < y < = corresponds to the whole
of the r-plane, except for the point ¢ = 0.

»8. To which regions of the z-plane do the following in the z-plane corre-
spond? (i) — 0 <x <0, —m<y<<7 () 0<x<o0, —7<y<<m
(iii) the half-ray argz = 6 with 0 < 6 < =/2, (iv) the half-ray argz = @
with 7/2 < 6 < =.

The sine, cosine, sinh and cosh functions of a complex variable are
defined from the exponential function exactly as are those for real vari-
ables. The functions derived from them (e.g. tan and tanh), the identities
they satisfy, and their derivative properties, are also just as for real vari-
ables. In view of this we will not give them further attention here.

The ‘inverse function’ of exp (z) is given by w the solution of
exp (w) = z. (16.22)

By virtue of the discussion following (16.21), w is not uniquely defined,
since it is indeterminate to the extent of any integral multiple of 2xi. If
we denote w by

w=Logz = log |z] + iargz, (16.23)

where log |z| = In |z| is the natural logarithm (to base e) of the real posi-
tive quantity |z|, then Log z is an infinitely many-valued function of z.
Its principal value is obtained by giving arg z its principal value
(—m < argz < =), and is denoted by log z. Thus

logz = log|z| + i, with -7 < § = argz < =. (16.24)

Now that a logarithm of a complex variable has been defined, definition
(16.19) of a general power can be extended to cases other than those in
which a is real and positive. If ¢ (#0) and z are both complex, the zth
power of ¢ is defined by

t* = exp(z Log1t). (16.25)

Since Log ¢ is multiple valued, so is this definition. Its principal value is
obtained by giving Log ¢ its principal value, log ¢.

If £ (#0) is complex but z is real and equal to 1/n, then (16.25) provides
a definition of the ath root of t. Because of the multiple-valuedness of
Log ¢, there will be more than one nth root of any given ¢.
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»9. Show that there are exactly »n distinct nth roots of t.

In the definition of an analytic function, one of the conditions imposed
was that the function was single valued. Now the logarithmic function,
a complex power and a root, are all multiple valued. However it happens
that the properties of analytic functions can still be applied to these and
other multiple-valued functions of a complex variable provided suitable
care is taken. This care amounts to recognizing that if z is varied in such
a way that its path in the Argand diagram forms a closed curve enclosing
particular points (dependent upon the function in question) of the dia-
gram, then the function will not return to its original value. A general
discussion of how this is done, using a ‘cut’ plane, is beyond the scope
of this book and is not needed in a general form for the particular applica-
tions of later sections. Again the reader is referred to more complete
texts, e.g. the references given at the beginning of this chapter.

»10. Evaluate the following, (a) Re exp (2iz), (b) Im cosh? z, (¢) (—1 +
V312, (d) |exp (i*?)], (e) exp (i%), (/) Im 2!*%, (g) i', (h) Log [(v/3 + D°].

»11. Verify that d (exp (z))/dz = exp (z) and deduce that

d(L 1
3 Loga) =7

16.4  Complex potentials and conformal transformations

At the end of section 16.1 it was shown that both the real and the imaginary
parts of an analytic function of z are separately solutions of Laplace’s
equation in two dimensions. Analytic functions thus offer a possible way
of solving some two-dimensional physical problems describable by a
potential satisfying ¢%¢ = 0. The general method is known as that of
complex potentials. As preliminaries to showing that they can be so used,
some further properties of functions of a complex variable and their be-
haviour under ‘transformations’ will be established.

If, as previously, we denote an analytic function f(z) by # + iv, then:

The contours of constant u and constant v are orthogonal.

On a curve 4 = constant in the z-plane

o ou d
LN 4 I (16.26)
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and similarly on a curve v = constant,

2] -~ (@)
e dy dy ou ou o v
o ol ! Ha)/ (5)] x Ha)/ (5)] (16.28)

But, because f is analytic, the Cauchy-Riemann equations imply that
du/ox = ov/dy and du/dy = —ov/0x, and hence that the right-hand side of
(16.28) is equal to — 1. However, this is just the condition that the tan-
gents to the two curves u = constant and v = constant [whose slopes are
given by dy/dx] meet at right angles. This establishes the result.

In the context of solutions of Laplace’s equation, this result implies
that the real and imaginary parts of f(z) have an additional connection
between them, for if the set of contours on which one of them is a constant
represents the equipotentials of a system, the contours on which the other
is constant, being orthogonal to each of the first set, must represent the
corresponding field lines [or stream lines, depending on the context].

field lines

/ v = constant \

equipotentials
« u = constant

Fig. 16.1 The equipotentials and field lines for a line charge perpendicular to the
plane of the paper.
As an example consider the function

q

2me,

f@@) = log z, (16.29)

in connection with the physical situation of a line charge of strength ¢
per unit length passing through the origin, perpendicular to the z-plane
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(fig. 16.1). Its real and imaginary parts are

9 log |z|, v =

e TEY

u= argz. (16.30)
The contours in the z-plane of u = constant are concentric circles and of
v = constant are radial lines. As expected these are orthogonal sets, but
also they are respectively the equipotentials and field lines appropriate to
the field produced by the line charge.
Suppose we make the choice that the real part u of the analytic function
f shall give the conventional potential function [v could equally well be
selected]. Then we may consider how the field direction and magnitude
is related to f.
Because u = constant is an equipotential, the field has components
[we use the electrostatic case for definiteness)
ou ou
E,=—— and E = - —- (16.31)
ox oy
Since f is analytic, (i) we may use the Cauchy-Riemann equations to
change the second of these

ou
Ex = — 5; and Ey = a’ (1632)

and (ii) the direction of differentiation at a point is immaterial and so
df of ou ov
—=—=—+4+1— = ~FE, +1E,. 16.33
dz ox ox ox v ( )

From these it can be seen that the field at a point is given in magnitude

b
Y _ |9 , (16.34 a)
dz
and that it makes an angle with the x-axis given by
df
T — arg — - (16.34 b)
dz

It is apparent that much of physical interest can be calculated by working
in terms of f and z directly.

Next, we turn our attention to the subject of ‘transformations’ by which
we mean a change of coordinates from the complex variable z to another
one r = r + is by means of a prescribed formula

z = g(t). (16.35)

Under such a transformation, or mapping, the Argand diagram for the
z-variable is transformed into one for the t-variable, although the complete
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z-plane may be ‘mapped’ onto only a part of the f-plane, or onto the
whole of the t-plane, or onto some or all of the r-plane covered more
than once. An example appropriate to the particular transformation
t = exp (z) was discussed briefly in section 16.3 and »8.

We consider only those mappings for which z and ¢ are related by an
analytic function g; such mappings are called conformal. The important
points about them are that, except at points at which g'(¢) = 0 or is
infinite:

1. Continuous lines in the z-plane transform into continuous lines in the
t-plane.

2. Any analytic function of z transforms to an analytic function of ¢.

3. The magnification, as between the z- and r-plane, of a small line ele-
ment in the neighbourhood of any particular point is independent of the
direction of the element.

4. The angle between two intersecting curves in the z-plane equals the
angle between the corresponding curves in the ¢-plane.

Result 1 is immediate and result 2 is almost self-evident, since if f(2)
is analytic in z (i.e. an analytic function of z) and z = g(¢) is analytic in ¢,
then F(t) = f(g(¢)) is analytic in ¢. Its importance lies in the fact that the
real and imaginary parts of F(¢) are, since F is analytic, necessarily solu-
tions of

26 %

— + = 0. (16.36)
Further, suppose (say) Re f(z) is constant over a boundary B in the
z-plane. Then Re F(¢) is constant over B in the z-plane. But this is the
same as saying that Re F(¢) is constant over the boundary B’ in the t-
plane, B’ being the curve into which B is transformed by (16.35).

Taking these results together shows that if a solution of Laplace’s
equation, constant over a particular boundary, can be found as the real
or imaginary part of an analytic functiont of z in the xy-plane, then the
same expression put in terms of r and s will be a solution of Laplace’s
equation in the rs-plane and in addition will be constant over the corre-
sponding boundary curve expressed in terms of r and s. Thus from any
two-dimensional solution of Laplace’s equation derived from an analytic
function, for a particular geometry, further solutions for some other
geometries can be obtained by making conformal transformations.
Naturally the initial geometry is usually simple and the final one more

t In fact the original potential function need not be explicitly given as the
real or imaginary part of an analytic function. Any solution of y2¢ = 0
is carried over into another solution of V2¢ = 0 in the new variables by a
conformal transformation. A lengthier proof is needed in this case.
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complicated. From the physical point of view the problem is the converse,
since the geometry is usually given and the solution sought. However,
experience working from simpler to more complicated situations is neces-
sary before the reverse procedure can be successfully tackled.

(1
V4% Z3
(04
z = g(1)
ﬁ
2o
7
b2 é1

Fig. 16.2 Under the transformation z = g(¢) two curves C, and C; passing through
t, become two curves passing through z, = g(#,). The angle between the
curves is unchanged by the transformation.

The final two results, 3 and 4, can be justified by the following argu-
ment. Let fig. 16.2 show two curves C; and C, passing through the point
to in the t-plane and ¢, and ¢, be two points on their respective tangents
at t,, each distance p from ¢,. The same prescription with z replacing ¢
describes the transformed situation; however, the transformed tangents
may not be straight lines and the distances of z; and z; from z, have not
yet been shown to be equal.

In the #-plane ¢, and ¢, are given by

ty —to = pexp (i6,) and f, — t, = pexp (if,).
The corresponding descriptions in the z-plane are
7y — 2o = pyexp (i$)) and 2z, — zp = pyexp (ipy).

The angles 6; and ¢; are clear from fig. 16.2.
Now since z = g(¢) and is analytic

. Zy — Zp . Zg — Zp dg
lim = — = lim — = —,
ty=~to tl - to ty—tg t2 - to dt
. . P1 .
i.e. lim — exp [i(¢, — 6,)] =
ps0 P

lim P2 exp[i(h, — 02)] = g°(5). (16.37)
p=0 p

Comparing magnitudes and phases (arguments) in the equalities (16.37)
gives the stated results 3 and 4 and adds quantitative information to them.
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Namely that for small line elements

(p1/p) = (ps/p) ~ |g'(F)], (16.38 a)
¢ — 0~ ¢, — 0, ~ argg'(t). (16.38 b)

For strict comparison with result 4, (16.38 b) must be writtenas 8, — 6, =
¢, — ¢, with an ordinary equality sign, since the angles are only defined
in the limit p — 0 when (16.38 b) becomes a true identity.

Since in the neighbourhoods of corresponding points in a transforma-
tion, angles are preserved and magnifications are independent of direction,
it follows that small plane figures are transformed into figures of the
same shape, but in general with magnification and rotation [but no dis-
tortion].

16.5 Examples of complex potentials

Since one of the best ways of explaining a mathematical method is to
use it, this section consists of worked examples and exercises using com-
plex potentials in electrostatics.

Example 16.2. Find (i) the complex electrostatic potential associated with
an infinite charged conducting plate (s = 0), and thus obtain those associ-
ated with:

(i1) a semi-infinite charged conducting plate (x > 0,y = 0),

(iii) the inside of a right-angled charged conducting wedge (x > 0,y = 0
and x = 0, y > 0).

4
L] [}
] ] i t
! | | !
i I | §
[ i
I I i !
V. i

t-plane z-plane z-plane
(@) ) ()

Fig. 16.3 (a) The equipotentials (solid lines) and field lines (broken) for an infinite
charged conducting plane at s = 0, where ¢t = r + is; (b) after the trans-
formation z = t2; (c) after the transformation z = t'/2 of the situation
shown in (a).
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(i) Figure 16.3 (a) shows the equipotentials (solid lines) and field lines
(broken) for an infinite charged conducting plane s = 0. Suppose we elect
to make the real part of the complex potential coincide with the conven-
tional electrostatic potential. This latter is clearly

#(r,s) =V — ks, (16.39)

where k is related to the charge density o by k = a/eq, since physically
E = (0, 0/¢p) and E = — V¢,

Thus what is needed is an analytic function of ¢ of which the real part
is ¥V — ks. This can be obtained by inspection, but we may proceed
formally and use the Cauchy-Riemann equations to obtain the imaginary
part J(r, s) thus:

0 o 7 o
i = —¢‘ =0 and i = — i =k
os or or os
Hence ¢ = kr + ¢, and, absorbing ¢ into ¥,
f®y =V — ks + ikr = V + 1kt. (16.40)

This is the required complex potential.
(ii) Now consider the transformation

z=g(t) =2 (16.41)

This satisfies the criteria for a conformal mapping (except at ¢ = 0) and
carries the upper half of the z-plane into the entire z-plane, with the equi-
potential line (plane) s = 0 going into the half line x > 0, y = 0.

By the general results proved, f(¢) when expressed in terms of x and y
will give a complex potential of which the real part will be constant on
the half line in question;

F@) =f(t) =V + ikt = V + ikz"? (16.42)

is thus the required potential. Expressed in terms of x, y and p =
(x% + Y22, 222 4s

+ x 1/2 - X 1/2
»12. 2”2=p”2[(PZP ) +i(P ” ) ] (16.43)

and so, for example, the electrostatic potential is given by

Re F(z) =V — —\5—2 [(x% + Y2 — x]¥2. (16.44)

The corresponding equipotentials and field lines are roughly sketched in
fig. 16.3 (b).
(iii) A ‘converse’ transformation to that used in (ii),

z=g(t) = 1*2,
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has the effect of mapping the upper half ¢-plane into the first quadrant of
the z-plane and the conducting plane s = 0 into the wedge x > 0,y = 0
andx =0,y > 0.

The complex potential now becomes

F(z) = V + ikz?
=V + ik[(x®* — y%) + i2xy], (16.45)
showing that the electrostatic potential is
V — 2kxy, (16.46)
and the electric field has components
E = (2ky, 2kx). (16.47)

Fig. 16.3 (¢) indicates the approximate equipotentials and field lines.
[Note that in both transformations no violation at the origin of result 4
of the previous section occurs, since g'(¢) is either 0 or co there and so
the conditions for result 4 are not satisfied. ]

»13. Use the results expressed in (16.34 a, b) to show directly

(@) in (iii) that |[E| = 2k(x? + y»)*2,

(b) in (ii) that the charge density on the plate oc x~1/%

(¢) in (ii) that |E| = $k(x% +y%)~ V4,

(d) in (iii) that the direction of E is at any point complementary to that
of the radius vector to that point. [Their sum is 7/2.]

»14. Carry out (a), (b) and (¢) of »13 in terms of x and y.

»15. (i) Verify that f(t) = E(t — a®*t~1) is the complex potential appro-
priate to a conducting circular cylinder of radius a placed perpendicular
to a uniform electric field E.

(ii) Show that the transformation z = ¢ + 4a?t~?! transforms the circular
cylinder into an elliptical one of semi-axes 3a and 1a.

(iii) Show that the only ‘singular’ (non-conformal) points of the trans-
formation are located inside the cylinder.

(iv) Deduce that the potential appropriate to the elliptic cylinder is

F(z) = 3E(z? — 2a®)'? — }Ez.
(v) Verify that on the elliptic cylinder, Re F(z) = 0, as it should be.

16.6  Complex integrals

Corresponding to the integral of a real variable, the integral of a complex
variable between two (complex) limits can be defined. Since the z-plane is
two dimensional there is clearly greater freedom and hence ambiguity in
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what is meant by a complex integral. For example, in fig. 16.4, we might
ask, ‘Does the integral of some function f(z) between 4 and B mean one
involving the values of f at points along the straight line C,, or along the
curved lines C, or C;, or does it not make any difference anyway?’
What will be found is that in general they will have different values, i.e.
in general, the value of the integral depends upon the path adopted in

B
C2

A Ca

Fig. 16.4 Alternative paths for an integral of a function f(z) between 4 and B.

the complex plane. However, it will also be found that for different paths
bearing a particular relationship to each other the value of the integral
does not depend upon which of the paths is adopted.

Let a particular path C be described by a continuous parameter g
(« < g < B) which gives successive positions on C by means of the equa-
tions

x=x(q), y=xy2q, (16.48)

with ¢ = « and ¢ = B corresponding to the points 4 and B respectively.
Then the integral along path C of a continuous function f(z) is written

f f(z) dz, (16.49)
(o}

and is given more explicitly as the sum of the four real integrals obtained
as follows:

f f@dz = f (u + iv)dx + i dy)

=fudx—fvdy+ifudy+ifvdx
c (o] C (o)

5 dx 8 dy 5 dy
= —d —_— "—‘d i _d
_/;udq q _/;vdq q+1j; udq q

+"/‘li dxd 16.50
lavdq q. (16.50)
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The question of when such an integral exists will not be gone into, ex-
cept to state that a sufficient condition is that dx/dg and dy/dq are con-
tinuous.

To illustrate this definition and also the final sentences of the first
paragraph, we will now consider some simple examples.

Example 16.3. (i) f(z) = z~* and C; is the circle |z| = R, starting and
finishing at z = R.

p=0,g=1
iR iR iR iR
Con Ca O
, K -R R —R
(@) (b) (© @)

Fig. 16.5 The paths and parameterizations of example 16.3. See text for details.
The path C; is parameterized as (fig. 16.5 (a))
z(q) = Rcosg + iRsing, 0 <g < 2m,
whilst f(z) is given by

@) b
z) = — =
x + iy x2 4 y?
Thus
X Rcosgqg
u = =
x2 + y2 R2
and
-y Rsing
D= = — .
X2 + y2 RZ

Hence using expression (16.50),

1 2z cos 22 —sin
f —dz=f q(——Rsinq)dq —f chosqdq
c, € o R o R

. % cosgq
+1/ R cosgdg
o R

. (% —sing .
+1f (—Rsing)dg (16.51)
0 R
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=040+ in + in = 2ui. (16.52)

This very important result will be used many times later, and the follow-
ing should be carefully noted,

(a) its value,
(b) that its value is independent of R.

With a bit of experience, integrals like this one can sometimes be
evaluated directly without writing them as four separate real integrals
(see also »16). In the present case:

dz J‘Zn—R sing + iRcosgq

2n
dg =J idg=2mi. (16.53)
1]

 Z o Rcosg + iRsing

(i) f(z) = z7* and C, is the semicircle |z} = R in the half plane y > 0,
joining z = Rtoz = —R.

This is just as in (i) except that now 0 € ¢ < . With this change we
have from line (16.51) or line (16.53) that

dz

— = 7.

cg £

(iii) Yet again take f(z) = z~?, but this time with a contour C; made up
of the two straight lines C3, and Cg, (fig. 16.5 (¢)). These may be para-
meterized as

Cyp:z=(1—-g@R+igR 0<g<),
Cap:z=-—-pR+i(l —pR O<p<]).

With these parameterizations the required integrals may be written

dz 1 —R+IiR 1 —R — iR
—=J. —dg +f . — dp.
o R+ g(—R + iR) o IR+ p(—R —1R)

(16.54)

Csz

If we could accept from real variable theory that, for real g,
f (a + bg)~*dg = b~*log (a + bg), even if a and b are complex, then
these integrals could be evaluated immediately. However to do this would
be presuming to some extent what we wish to show, and so the evalua-
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tion must be made in terms of entirely real integrals. For example, the
first is

J-l —R + iR J‘l(—1+i)(1_q-iq)
q

RI—g)+igR 7 ), (A—qr+

1291

=| —— __dq
ol —2g + 2¢*

1 1
+if ————d
1_[,1—2q+2q2 1

=3[In(1 — 29 + 2¢9)f;

+ % [2 arctan (‘1 —1—/12/2 )]1
0

il

The second integral on the right of (16.54) can also be shown to have
value 4i. Thus
dz .
— = mi.
c; 2

(iv) Take f(z) = Re (z) and the same contour as in (i). Then

2n

f Re(z)dz = f Rcosqg(—Rsing + iR cos q) dg = imR®.
Cy o

(v) As (iv) but using C, as the contour.

f Re (2)dz = f Rcosg(—Rsing + iR cos ¢)dg = $inR?.
Ca

[}
(vi) As (iv) but using C3 = C3, + Cg, as the contour.
1
f Re (2) dz =f (1 — OR(—R + iR) dg
Ca 0
1
+ f (—pR(—R —-iR)dp

0

=4R* -1 +1i) +1R%2(1 + i) = iR%.
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Considering results (i)—(vi) together and recalling that (i)-(iii) and
(iv)—(vi) have common integrands, some interesting observations are
possible. Firstly the two integrals (ii) and (iii) from z = Rto z = —R
have the same value even though the paths taken (C, and C;) are different,
but this is not true for (v) and (vi). It also follows that if we took a closed
path C, (fig. 16.5 (d)) given by C, from R to — R and Cj; traversed back-
wards from — R to R, then the integral round C, of z~* would be zero
[both parts contributing equal and opposite amounts]. This is to be com-
pared with result (i), in which closed path C;, beginning and ending at the
same place as C,, yields a value 2ni.

These results demonstrate that the value of an integral between the
same two points may depend upon the path that is taken between, but
at the same time suggests that in some circumstances it is independent of
the path. The general result is embodied in the results of the next section —
namely Cauchy’s theorem which is the corner-stone of the integral cal-
culus of complex variables.

»16. Relate line (16.53) to »11 and the multivalued nature of Log z.

16.7  Cauchy’s theorem and integral

Cauchy’s theorem. If f(z) is an analytic function, and f'(z) is continuous
at each point within and on a closed contour C, then

'[ f(z)dz = 0. (16.55)

To prove this we will need a two-dimensional form of the divergence
theorem (section 4.2) (also known as Green’s lemma). This says that if
u and v are two functions with continuous first derivatives within and on
a closed contour C (bounding a domain D) in the xy-plane, then

ff( )dxdy f(lu+mv)ds—f(udy—vdx)

(16.56)

Here I, m are the direction cosines of the outward normal to C at the
point (x, ).

If the three-dimensional divergence theorem is applied to a ‘vector’
whose three components are (u, v, 0) over a volume which is a uniform
cylinder with axis perpendicular to the xy-plane and whose intersection
with that plane is the contour C, then the first equality of (16.56) is
apparent. The first expression is the volume integral and the second the
surface integral, both being in terms of ‘per unit length of the cylinder’.
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X

Fig. 16.6 The relationship used in Green’s lemma between the outward normal to
domain D and an element of its enclosing contour C. The two marked
angles are equal.

The second equality follows from the geometric relationship between
the outward normal to the cylinder (or C) and the line element in travers-
ing C in the positive sense, the tangent to C at (x, y) having direction
cosines (—m, [) if the outward normal is (/, m). [See fig. 16.6.]

This can now be applied to

I=f f(z)dz=f (udx—vdy)+if(vdx+udy)
to give

1—ff [a( ¥) a(_v)]dxd + ff [8(_U)+8—:]d x dy.

(16.57)

Now recalling that f(z) is analytic and therefore the Cauchy-Riemann
equations (16.5) apply, we see that each integrand is identically zero and
therefore I is also. This proves the theorem.

In actual fact the conditions of the above proof are more stringent
than are needed. The continuity of f’(z) is not necessary for the proof of
Cauchy’s theorem, analyticity of f(z) within and on C being sufficient.
However, the proof then becomes more complicated and is too long to
be given here.¥

A sort of converse of Cauchy’s theorem is known as Morera’s theorem.
We state it without proof.

If f(z) is a continuous function of z in a closed domain D bounded
by a curve C and further j o f(2)dz = 0, then f(z) is analytic in D.

+ The reader may refer to almost any book devoted to complex variables and
the theory of functions.
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»17. The function f(z) = z% is analytic in any region of the z-plane.
Verify by a direct evaluation that fc z?dz around a closed contour C
has zero value,

(i) when C is the circle |z| = R starting at z = R,
(i) when C is the square whose four corners are x = +L, y = +L
starting at any corner.

The connection between Cauchy’s theorem and the zero value of the
integral of z~' around the composite path C, discussed towards the end
of the previous section, is apparent — the function z~! being analytic in
the two regions of the z-plane enclosed by contours (C,; and Cj,) and
(C; and Cg).

Cauchy’s integral. If f(z) is analytic within and on a
closed contour C and £ is a point within C, then
1 f@)
1o =— dz. (16.58)

2mi Jo z — €

This is saying that for an analytic function its value anywhere inside a
closed contour is uniquely determined by its values on the contourt
and that the specific expression (16.58) can be given for the value at
the interior point.

Fig. 16.7 The contour used to prove Cauchy’s integral formula.

To prove the validity of Cauchy’s integral consider a contour as shown
in fig. 16.7. In this y is a circle centred on the point z = ¢ and of small
enough radius p that it all lies inside C. The two close parallel lines C;
and C, join y and C, which are ‘cut’ to accommodate them. The new
contour I' so formed consists of C, C,, y and C,.

t The similarity between this and the Uniqueness theorem for Dirichlet
boundary conditions of chapter 10 will be noticed.
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Within the area bounded by I' [which does not include the point
z = £] the function f(z)/(z — &) is analytic and therefore by Cauchy’s
theorem (16.55),

z
J. /@) dz = 0. (16.59)
rZ—
Now the parts C; and C, of I' are traversed in opposite directions and
lie (in the limit) on top of each other and so their contributions to (16.59)
cancel. Thus

S (2) - /()
cZ— f y 2 — f
The sense of the integral round y is opposite to the conventional (anti-

clockwise) one and its value is given by the following argument, which
uses the fact that any point z on y is given by z = £ + pexp (i6),

/@ @ 4, . f(Z)—f(E)

dz = 0. (16.60)

zZ =
yz2—§ yz2— ¢ y 2§
=_f(g)f2”plexP( 9 do + I M
(i6) '
= =27f(§) + L. (16.61)

But |/;] cannot be greater than

1
—max (1) ~ [Ol2mp.

Since f(z) is continuous the maximum of | f(z) — f(¢)| on y can be made as
small as we wish by taking p small enough. Hence I; = 0 and (16.61) can
be rearranged in the form (16.58) thus establishing that result.

An extension to Cauchy’s integral formula can be made to yield an
integral expression for f'(£) as

l z
f(2) az,
cz— 98
under the same conditions as previously.

To show this, the definition of a derivative and (16.58) itself are used
to evaluate

fE+RH-1® 1 f(Z)( 1 )dz
h T 2mi h \z—€¢6—-h z-¢
(16.63)

f©® =

(16.62)

+ Compare with example 16.3 (i) after a change of origin to z — ¢.
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The right-hand side of (16.63) can be rearranged as the right-hand side of
(16.62) together with an integral 7, given by

/ 1 hf(z) dz
2T i)z - &z - £ - h)
All that remains to be shown is that |/,| — 0 as || — 0. But since £ is in-
side C and z is on C, for sufficiently small # the denominator of (16.64)
will be finite [perhaps small — but definitely non-zero]. However, since f'is
analytic and therefore bounded in the domain, the numerator — 0 as

|A| = 0. Thus in the limit |#| — 0, I, must tend to 0 and (16.62) is estab-
lished.

(16.64)

»18. Prove by induction that the nth derivative of f(z) is given by a Cauchy
integral,
n! f(z)dz

f(")({:) = % R (Z _ f)’H‘l‘

Following on from (16.65), Taylor’s theorem may be established al-
though we will only indicate how.

(16.65)

If f(z) is analytic in the region [z — a] < R and z is a point inside
that region, then

o«

f@= 2 afz - ar, (16.66)

n=0
where a, is given by f™(a)/n!
It can be proved by expanding (£ — z)~! as a geometric series in
(z — a)/(¢ — a), multiplying through by f(£), integrating d¢ around a

contour of radius p < R centred on a, and using Cauchy’s formula and
result (16.65).

»19. Carry through these procedures.

The Taylor expansion is valid inside the region of analyticity and, for any
particular a, can be shown to be unique.

16.8 Zeros and singularities

So far we have considered functions only in domains where they are
analytic. We now examine their behaviour at points where they cease to be
s0.

Suppose z = ais a point in the z-plane and that a power series expansion
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of a function about that point can be made for all z inside some region
0<|z—4d| <R,

+ ©

f@= > afz-a)r. (16.67)
This series, which is an extension of the Taylor expansion, is called a
Laurent expansion. The previously stated Taylor’s theorem indicates that
if £(2) is analytic at z = g, then all a, for n < 0 must be zero.

It may happen that not only are all a, zero for n < 0, but that a,,
ay,...,a,_1, are all zero as well. In this case the first non-vanishing term
in (16.67) is a,(z — @)™ with m > 0, and f(2) is then said to have a zero of
order mat z = a.

If f(2) is not analytic at z = a then two cases arise (m is here taken as
positive):

(i) it is possible to find an integer m such thatg_,, # Obuta_ .., = 0for
all integral k£ > 0,
(ii) itis not possible to find such a lowest value of —m.
In case (i), f(z) has the form
a_p, a_m41 a_,

(z—a)”'-‘b(z—a)’"‘1 z—a
+2 az —ar, a.. #0, (16.68)
(4]

and is described as having a pole of order m at z = a; the value of a_, [not
a_p)is called the residue of f(z) at the pole z = a, and will play an impor-
tant part in later applications.

It can be shown that:

(a) zeros of f(z) are isolated, i.e. around each one there exists a neighbour-
hood which contains no other zero of f(z),

(b) poles are isolated,

(c) if f(z) has a pole at z = a then | f(z)| = o as z— g, from whatever
direction.

These three results are perhaps intuitively reasonable although they really
require formal demonstration by analysis.

For case (ii) in which the negatively decreasing powers of (z — a) do not
terminate, f(z) is said to have an essential singularity. Such cases and other
more complicated singularities, whilst interesting in their own right, will
not be of importance to the physical applications considered and will not
be pursued.

An expression common in mathematics and which we have so far
avoided using explicitly, is ‘z tends to infinity’. For a real variable such as
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|z| or R, ‘tending to infinity’ has a reasonably well-defined meaning. For a
complex variable needing a two-dimensional plane to represent it, the
meaning is not well defined. However, it is convenient to have a unique
meaning and this is provided by the following definition.

The behaviour of f(z) at infinity is given by that of
S(1/é) at £ = 0. (16.69)

Different functions have different behaviours at z = oo; as examples:

(@) f(2) = a + bz~2; on putting z = 1/¢, f(1/€) = a + b¢? which is
analytic at £ = 0; thus fis analytic at z = 0.

) f(2) = z(1 + 22): f(1/¢) = 1/€ + 1/£3, thus f has a pole of order 3 at
z = o0,

(c) f(2) = exp (2): f(1/&) = 3% (n!)~1£~" thus f has an essential singula-
rity at z = oo.

16.9 Residue theorem

Having seen that the value of an integral round a closed contour C is zero
if the integrand is analytic inside the contour, the next question is ‘what is
the value when it is not analytic inside C?’ The answer to this is contained
in the residue theorem which will now be proved in a number of stages.

1. Suppose the point z = a is a pole of f(z) of order m, then f(z) can be

written as
m

f(2) =) + 2

’
n=l(Z - a)n

-n

(16.70)
where ¢(z) is analytic within some neighbourhood surrounding a. Now
consider the integral 7 of f(z) along an arc C of a circle

|z —a| = p, 0, <arg(z —a) £ 0, (16.71)

where p is chosen small enough so that no singularity of f, other than
z = a, lies within the circle.

= Jooss 3 [525

T fes a_,ipexp (if) df
= z)dz + —_—
fc ¢ 21: L; p" exp (inf)

= I¢(z) dz + iia-npl_" fe’ exp [(1 — mid]do.  (16.72)
c 1 61
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Two particular cases now arise.

2. Cis a complete circle, i.e. 8, = 6, + 2.

In this case all the angular integrals in the sum, except that for which
1 — n = 0, vanish. In addition, by Cauchy’s theorem, so does the first
integral. Hence for a closed circular contour C

81+ 21
f f@dz=1= ia_1p°f " 46 = 2mia_ . (16.73)
o} 8y

Notice that this result does not depend on the value of p and compare it
with that of example 16.3(i) (p. 459).

3. m = 1(z = ais then called a simple pole) and p — 0.

As p— 0 the first integral tends to zero, since the path becomes of zero
length and ¢ is analytic and therefore continuous along it. The only term in
the sum, and hence the value of 7, is thus given by

6.
lim f f(z)dz = I = lim ia_lpof P40 = ia_,(6, — 8,).
p-0 c p=0 o,
(16.74)

A similar, but slightly more useful result than this can be obtained by
replacing a_, in (16.74) by

lim [z ~ @)/ (2)), (16.75)
if such a limit exists.

Residue theorem. If f(z) is continuous within and on a closed con-
tour C and analytic, except for a finite number of poles, within C,
then

f f(z)dz = 27 D R;, (16.76)

where > R;is the sum of the residues of f(z) at its poles within C.

The method of proof is indicated by fig. 16.8 in which (a) shows the
original contour C referred to in (16.76), and (b) shows a contour C’ giving
the same value to the integral — because f is analytic between C and C’.
Now the contribution to the C’ integral from the polygon (a triangle for
the case illustrated) joining the small circles is nothing, since fis also analytic
inside C’. Hence the whole value of the integral comes from the circles and,
by result (16.73), each of these contributes 27i {residue at the pole it
encloses}. All the circles are traversed in their positive sense if C is and so
the residue theorem follows.

Formally Cauchy’s theorem (16.55) is a particular case of this in which C
encloses no poles.
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x = pole

(@) ®)

Fig. 16.8 The contours to prove the residue theorem: (4) the original contour;
(b) the contracted one encircling each of the poles.

»20. Obtain results (i)}-(ili) of example 16.3 (p. 458) by inspection and
use of the residue theorem.

»21. What is the value of the integral of f(z) = z=2(2 — z)~! around the
contours (a) the unit circle, (b) a square of unit side centred on the origin,
and (¢) a square of side 6 centred on the origin?

16.10  Location of zeros

As the basis of a method of locating the zeros of functions of a complex
variable we next prove three theorems.

1. If f(2) has poles as its only singularities inside a contour C and
is not zero at any point on C, then

/@)

c f(2)

Here N,(P,) is the order of the zero (pole) of f(z) at the jth of the points
a; enclosed by C at which fhas a zero or pole. [Obviously only one case at

each point.]
To prove this we note that at each position a;, f(z) can be written as

f@) = (z - a)"é(2), (16.78)
where ¢(z) is analytic and non-zero at z = a; and m; is positive for a zero
and negative for a pole. Then the integrand f'(z)/f(z) takes the form

f@_ m 4@

@ z-a ¢
Since ¢(a,) # 0, the second term on the right is analytic; thus the integrand

has a simple pole at z = g; with residue m;. For zeros m; = N, and for
poles m;, = —P,, and thus by the residue theorem (16.77) follows.

dz = 27i ) (N; — P)). (16.77)

(16.79)



470 Complex variables
2. If f(2) is analytic inside C and not zero at any point on it, then
27> N, = Acfarg f(2)], (16.80)
7

where A.[x] denotes the variation in x around the contour C.

Since fis analytic there are no P, and further since

fz d
15 = -d—Z[Logf(z)], (16.81)
equation (16.77) can be written
/@) .
ALog f(2)] = L 70 dz =27 Q) N,. (16.82)
But
Ac[Log f(2)] = Acllog | f(2)]] + iAclarg f(2)], (16.83)

and since C is a closed contour, log | f(z)| cannot change around it and
the real term on the right is zero. Comparison of (16.82) and (16.83) then
establishes (16.80), which is known as the principle of the argument.

3. (Rouché’s theorem.) If f(z) and g(z) are analytic within and
on a closed contour C and |g(z)] < |f(z)| on C, then f(z) and
f(2) + g(2) have the same number of zeros inside C.

With the conditions given, neither f(z) nor f(z) + g(z) can have a zero
on C. So applying theorem 2 with an obvious notation,

2m NAS + g) = Aclarg (f + 2)]
i
Ac [arg f] + Aclarg (1 + g/)]
= 2"2 N(f) + Aclarg (1 + g/f)]. (16.84)

Further since [g| < |f| on C, 1 + g/f always lies within a unit circle
centred on z = 1, thus its argument always lies in the range —=/2 <
arg (1 + g/f) < =/2 and cannot change by any multiple of 27. It must
therefore return to its original value when z returns to its starting point
having traversed C. Hence the second term on the right of (16.84) is zero
and the theorem is established.

These three theorems are of value in locating the zeros of functions of a
complex variable. The location of such zeros has particular application in
electrical network and general oscillations theory, since the complex zeros
of certain functions give the system parameters (usually frequencies) at
which system instabilities occur.
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The importance of Rouché’s theorem is that for some functions, in
particular, polynomials, only the behaviour of a single term in the function
need be considered if the contour is chosen appropriately. For example, for
a polynomial [treated as f(z) + g(z)] only the properties of its leading
(smallest) power [treated as f(z)] need be investigated, if a circular contour
of large (small) enough radius R is chosen so that |leading (smallest) power
term| > > [all other terms| on the contour. Further if the zeros of f(z) +
g(z) = 5§ b,z™ are considered as the roots of /(z) + g(z) = 0 written in the
form

8) _
1)
then it is apparent that no roots can lie outside (inside) |z| = R and also
that f(z) = byz™ (or by) has N (or 0) zeros inside |z| = R; f + g conse-
quently has the same number of zeros inside the same circle.

A weak form of the maximum-modulus theorem may also be deduced.
This states that

1+ 0, (16.85)

If /(z) is analytic within and on a simple closed contour
C, then |f(z)| attains its maximum value on the
boundary of C. (16.86 a)

Let | f(z)] < M on C with equality at at least one point of C. Now sup-
pose there is a point z = g inside C such that | f(a)] > M. Then the func-
tion h(z) = f(a) is such that |A(z)] > |—f(z)| on C, and thus A(z) and
h(z) — f(z) have the same number of zeros inside C. But A(z) (=f(a)) has
no zeros inside C and by Rouché’s theorem this would imply f(a) — f(z)
has no zeros in C. However f(a) — f(z) clearly has a zero at z = @, and so
we have a contradiction; the assumption of a point z = a inside C such
that | f(@)] > M must be invalid. This establishes the theorem.

The stronger form of the theorem, which we do not prove, allows the
following to be added to (16.86 a).

The maximum value is not attained at any interior point
except in the case in which f(z) is a constant. (16.86 b)

To illustrate some uses of the theorems, some information about the
zeros of h(z) = z* + z + 1 is now deduced.

(a) Putting z = x and z = iy shows that no zeros occur on the real or
imaginary axes. They must therefore occur in conjugate pairs [as taking the
complex conjugate of A(z) = 0 shows].
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y

o X x

Fig. 16.9 A contour for locating zeros of a polynomial occurring in the first quad-
rant.

(b) Take C as the contour OX YO as shown in fig. 16.9 and consider the
change in the argument of A(z).

OX: along OX, argh is everywhere zero (since 4 is real) and thus
Apxlarg h] = 0.
XY:z = Rexp (i0).

Ayylarg h] = Axylarg 2%] + Axylarg (1 + 273 + z79)]
Axy[arg R* e} + Axy[arg (1 + O(R™?))]

27 + O(R™9). (16.87)

YO:argh = y/(y* + 1), which starts at O(R~?) and finishes at 0 as y
goes from R (large) to 0. It never reaches «/2 because y* + 1 = 0 has no
real positive root. Thus Ay,[arg #] = 0. Hence for the complete contour
Aclarg Al = 0 + 27 + 0 + O(R~3) and if R is allowed to tend to infinity
we deduce from (16.80) that A(z) has one zero in the first quadrant.

Since the roots occur in conjugate pairs, a second root must be in the
fourth quadrant and the other pair in the second and third quadrants.

(c) Apply Rouché’s theorem,
(i) with Cas |z| =3/2,f=z4g=2z+ L.

Now |f] = 81/16 on C and |g| < 1 + |z] < 5/2 < 81/16. Thus since
z* = O has four roots inside |z| = 3/2,so0alsodoesz* + z + 1 = 0.

(i) with Cas [z} = 2/3, f=1,g = z* + z.

Now f=1 on C and |g] < |z% + |z| = 16/81 + 2/3 = 70/81 < 1.
Thus since 1 = 0 has no roots inside |z| = 2/3, neither does 1 + z + z* =
0.

Hence to summarize at this point, the four zeros of A(z) = z* + z + 1
occur one in each quadrant and all lie between the circles [z| = 2/3 and
lz] = 3/2.

»22. Use a quadrant contour 0 — 1 — i — 0 to show that the zero in the
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first quadrant has |z| > 1. [Use de Moivre’s theorem to obtain an expres-
sion for the argument.]

A further technique useful in locating function zeros is explained in
example 11 of section 16.16.

16.11 Integrals of sinusoidal functions

The remainder of this chapter is devoted to methods of applying contour
integration and the residue theorem to various types of definite integrals.
In each case not much preamble is given since, for this material, the sim-
plest explanation is felt to be a series of worked examples which can be
used as models.

Suppose an integral of the form

2n
J‘ F(cos 6, sin 6) d6 (16.88)

1]

is to be evaluated. It can be made into a contour integral around the unit
circle C by writing z = exp (i6) and hence

cosf =14z +z1, sinf= —%(z — 27y,

df = —iz"1dz. (16.89)

This contour integral can then be evaluated using the residue theorem,
provided the transformed integrand has only a finite number of poles
inside the unit circle and none on it.

Example 16.4. Evaluate

Y% 46 bsa>0 (16.90)
—L a® + b? — 2abcos 8’ a7 )

By de Moivre’s theorem

cosnf = 3(z" + z7"). (16.91)
Using n = 2 in (16.91) and straightforward substitution for the other
functions of @ in (16.90) gives

i ¢+ 1

——j dz.
2ab Jc 2%z — (a/b)]iz — (bja)]
There are 2 poles inside C,

(i) atz =0,
(ii) at z = a/b [recall b > a].

1=




474 Complex variables

(i) Rearrange the integrand as

oenlp- 2T -]

and expand. The coefficient of z~1, i.e. the residue, is
23 2 + b
»23. b a

(ii) The residue at z = a/b (a simple pole) is

. b)t + 1
lim [(z - %) X integrand] = (a/B)” +

a* + bt
 ab(h? — a?)
And so by the residue theorem
. i (02 + b? a* + bt ) 2ma?
I =271 x — — = .
2ab\ ab ab(b®> — a?) b%(b% — a?)

16.12 Some infinite integrals

1

—R o R
Fig. 16.10 A semicircular contour in the upper half-plane.

If (i) f(2) is analytic in the upper half-plane, Im z > 0 except for a finite
number of singularities, but with none on the real axis,

(i) on the semicircle I' (fig. 16.10) of radius R, {R x maximum of |f| on
I'} tends to zero as R— oo,

(i) [°, f(x) dx and |7 f(x) dx both exist, then

j f(x) dx = 2#i{sum of the residues at poles with Im z > 0}.
(16.92)

Condition (ii) ensures that

L f()dz

< 2nR{maximum of |f| on T},




16.12 Some infinite integrals 475

which tends to 0 as R — oo, after which (16.92) is obvious from the residue
theorem.

Example 16.5. Evaluate

®  dx
I= om’ a real.

The complex function (z2 + %)~ * has poles only at z = +ai of which
only z = di is in the upper half-plane. Conditions (ii) and (iii) are clearly
satisfied. If we put z = ai + ¢ and expand for small ¢ we obtain

1 _ 1 1 . ig)—4
(2 + @' (i + )¢ (2ai.§)4( T 2
The coefficient of £~ is

1 (=4)(-5)-6) (—_1)3 -5
(2a)* 3! 2a 3247

Hence

ce(x + a®)t 3247
and I = 57/324".

j‘“’ dx 107

Condition (i) of the previous method required no poles of the integrand
on the real axis, but simple poles on the real axis can be accommodated by
indenting the contour as shown in fig. 16.11. The indentation at the pole
z = g is in the form of a semicircle y of radius p in the upper half-plane,
thus excluding the pole from the interior of the contour.

—R o R
Fig. 16.11 An indented semicircular contour used when the integrand has a simple
pole on the real axis.

What is then obtained from a contour integration is, apart from the
contributions for I" and v,

PJR f(x) dx Ej

-R

a-—

’ S(x)dx + f ’ f(x) dx, (16.93)

and is called the principal value of the integral as p — 0.
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The remainder of the calculation goes through as before, but the con-
tribution from the semicircle ¥ must be included. Result 3 of section 16.9
shows that, since only a simple pole is involved, its contribution is

—ia_ym, (16.94)

where a_; is the residue at the pole and the minus sign arises because y is
traversed in the clockwise (negative) sense.

We defer giving an example of an indented contour until we have estab-
lished Jordan’s lemma and then work through an example illustrating both.
Jordan’s lemma enables infinite integrals involving sinusoidal functions to
be evaluated. It states that if,

(i) f(2) is analytic in the upper half-plane except for a finite number of
poles in Im z > 0,

(ii) the maximum of |f| — 0 as |z} — oo in the upper half-plane,

(tii) m > 0O, then

I Ej e" f(z)dz—0 as R— 0, (16.95)
r

where T is the same semicircular contour as in fig. 16.10. Notice that con-
dition (ii) is less stringent than the earlier condition (ii), since we now only
require M(R)— 0 and not RM(R)— 0, where M is the maximumt of
/@) on |2] = R.

The proof of the lemma is straightforward, once it has been observed
that for 0 < 0 < In

sin 6

; (16.96)

1 > 2

SN

It then proceeds as follows

Ir

N

im2 dz] € ﬂM -mv Rdé6
fr|e f(Z)IIZI<f0 e

ni2
= 2MR[ e~ mEsing 44,
0
Thus
n/2
ll" < ZMRf e—mn(20/‘n)d0
0

M M
— (l—-e ™)< —>
m m

It

and hence tends to zero since M does, as R — .

+ More strictly the least upper bound.
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Example 16.6. Find the principal value of

© cOos mx
dx, areal, m > 0.
e X —a

Consider the function (z — a)~?! exp (imz); it has no poles in the upper
half-plane and a simple pole at z = 4, and further {(z — @)~}| =0 as
|z] = 00. We use a contour like that shown in fig. 16.11 and apply the
residue theorem. Symbolically,

RSP Y Ay (16.97)
Lo[+[+]

Now as R— o and p— 0, fr“" 0 by Jordan’s lemma and as in (16.93)
and (16.94) we obtain

© cimx
Pf dx —ima_, =0, (16.98)
e X —a

where a_, is the residue of (z — a)~ ! exp (imz) at z = q, which is exp (ima).
Then taking real and imaginary parts of (16.98) gives

© cos mx . .
P dx = — sin ma, as required,
e X—a

® sin mx
P dx = 7 cos ma, as a bonus.
o X —a

16.13  Integrals of many-valued functions

We have discussed briefly some of the properties and difficulties associated
with several many-valued functions such as z/2 or Log z. It was men-
tioned, but not discussed, that one method of managing such functions
is by means of a ‘cut plane’. A similar technique can be used with advantage
to evaluate some kinds of infinite integrals involving real functions for
which the corresponding complex functions are many-valued. A typical
contour employed is shown in fig. 16.12. Here I' is a large circle of radius R
and y a small one of radius p, both centred on the origin. Eventually we
will let R— oo and p— 0.

The value of the method comes from the fact that because the integrand
is multivalued, its value along the two lines AB and CD joining z = p to
z = R are not equal and opposite although both are related to the cor-
responding real integral. Again an example is the best explanation.
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r

y o~ B
. R

c D

Fig. 16.12 A cut-plane contour for use with multivalued integrands.
Example 16.7. Evaluate

© dx
I=£ (;—+—-—a)3x1/;’ a>0.

We consider the integrand f(z) = (z + a) %z~ Y2 and note that |zf(z)| -
0 on the two circles as p— 0 and R — c0. Thus the two circles make no
contributions to the contour integral.

The only pole of the integrand inside the contour is at z = —a. To deter-
mine its residue put z = —a + £ and expand [note z/2 is a¥/? exp (}in) =
ia1/2] ; 1 1

@+ apza®  Eia (1 - ga)”
1 1¢ 3¢
=W(1+52+§§+”')'
The residue is thus — 3i/8a%2.
The residue theorem now gives

ot [ L -2 (55)
= 2 — .
AB r DC y 842

We have seen that f ; and J'y vanish, and if we denote z by x along the line

AB then it has the value z = x exp (2ni) along the line DC [note exp (27i)
must not be set equal to 1, until after the substitution for z has been made

in JDC]. Putting in these forms,

g dx
+ f° dx _ In .
o [xexp (2mi) + alx'? exp (32n1) 445/2
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Thus
[l 1 ] f ® dx kI
exp(m) | Jo  (x + a)®x'2 T 4g52’
and
1 In
I = — X ———— "
2 4452

»24. Use the same contour and technique to evaluate

® dx
_/0‘ _(x—+a)—2x—5’ a>0,0<B<1.

16.14 Summation of series

Sometimes a real infinite series may be summed if a suitable complex
function can be found which has poles on the real axis at the positions
corresponding to the values of the dummy variable in the summation,
and whose residues at these poles are equal to the values of the terms of the
series there.

Example 16.8. By considering
/‘ 7 Cot 7z d int |
z, a non-integral,
c (@+ 27 g
where C is a circle of large radius evaluate
© 1
Z (@ + n)z ’

n= -

The integrand has (i) simple poles at z = integral n, —o0 < n < o0,
(ii) a double pole at z = —a.

(i) To find the residue of cot =z, put z = n + £ for small ¢;

cos (nm + &m) cos (nm) 1
cotnz = ~ =

sin(nm + €m) ~ cos (nm)énm B f_ﬂ- .
The residue of the integrand is thus =(a + n)~2-7~ %

(ii) Putting z = —a + ¢ for small ¢ and determining the coefficient of
gt

7 cot w2 ™ € + &m)

——— = — cot (—an ™

(@a+2 &

= flz{cot(—aw) + ¢ [(% (cot 7rz)L=_a 4. } +)

+ This illustrates a useful technique for determining residues.
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Thus the residue is
w[—= cosec? wz),. _, = —=? cosec? (wa).
Collecting together these results to express the residue theorem gives

! m Cot mz d ) [ i 1 . 2 (ra)
_— - —_—— SeC a
ca+zr T T @ T }
(16.99)

with N = integral part of R. But as the radius R of C tends to o, |cot 7z —
F 1 (depending on whether Im z 2 0). Thus

k[
= (a + 2)? '
which tends to 0 as R — co. Thus /— 0 as R — oo and (16.99) establishes
the result
i 1 w2
2", (@ + n)? " sin? (ma)
Series with alternating signs in the terms, i.e. (—1)", can also be

attempted this way, but using cosec =z instead of cot #z since this has
residue (—1)"7~1 at z = n. See section 16.16 for an example.

16,15 Inverse Laplace transform

As a final example of contour integration we mention a method whereby
the process of Laplace transformation, discussed in section 5.11, can be
inverted.

It will be recalled (equation (5.60)) that the Laplace transform F(s) of a
function f(x), x > O, is given by

F(s) = j e *f(x)dx, Res > 0. (16.100)
V]

In chapter §, functions were deduced from the transforms by means of a

prepared dictionary. However, an explicit formula for an unknown inverse

may be written in the form of an integral. It is known as the Bromwich

integral, and is given by

1 A+io
f(x) = _._J‘ e* F(s)ds, A >0, (16.101)
2m Ja-10

where s is treated as a complex variable and the integration is along the
line L indicated in fig. 16.13. The position of the line is dictated by the
requirements that A is positive and that all singularities of F(s) lie to the
left of the line.



16.15 Inverse Laplace transform 481

Ims

Res

le— A —»

Fig. 16.13 The integration path of the inverse Laplace transform is along the infinite
line L. The quantity A must be positive and large enough for all poles of
the integrand to lie to the left of L.

That (16.101) really is the unique inverse of (16.100) is difficult to show
for general functions and transforms, but the following verification at
least makes it plausible,

1 Ar+io ©
f(x) =— ds es"j e s f(x') dx’,

7l Ja-to 0
Re(s) > 0, ie. A > 0,

1 © A+iwm
— dx’ f(x) j es* - ds
2”1 7O A=-io
1 [ ’ ’ ® Alx = x’) alp(x — X"
pw dx’f(x) e e idp,
Jvo -0

putting s = X + ip,

1 ©
= — S f(x) e =27 §(x — x')dx’
2n

[

=f(x),x >0, }
(16.102)

=0,x<0.

Our main interest here is in the use of contour integration. To employ it
to evaluate the line integral in (16.101), the path L must be made into a
closed contour in such a way that the contribution from the completion
either vanishes or is simply calculable.

A typical completion is shown in fig. 16.14(a) and would be appropriate
if F(s) had a finite number of poles. For more complicated cases in which
Fhas an infinite sequence of poles (but all to the left of L, asin fig. 16.14(b))
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Fig. 16.14 Some contour completions of the integration path L of the inverse Laplace
transform. For details of when each is appropriate see the main text.

a sequence of circular arc completions which pass between the poles must
be used and f(x) is obtained as a series. If F(s) is a multivalued function, a
cut plane is needed and a contour such as that shown in fig. 16.14(c) may be
appropriate.

We consider here only one simple example [for which the answer is
already given in chapter 5] and refer the reader to the examples of section
16.16 for others.

Example 16.9. Find the function f(x) whose Laplace transform is
F(s) = s (1 — e~3%),
where X is fixed and positive.
From (16.101) we have the integral
1 j‘)\ﬂw es* — estx—X)

f(x) = — ds> (16.103)
27

A-~jwo S
whose integrand has a singularity only at the origin. Thus any positive
value of A will suffice.

Using the general result (16.102),

f(x)=0 forx < 0. (16.104 a)

[This could be obtained formally by closing L with a circular arc I in the
right half-plane, thus enclosing no poles, and. observing that the integrand
~> 0 everywhere on U since Re s > 0 and x < 0. With no poles enclosed
and no contribution from I, the integral along L must also be zero.] So we
have to consider x > 0, and here two cases arise.
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(i) x > X > 0. Close L as in fig. 16.14(a). On T, Re s < 0 [A can be as

small as desired] and s-s7! {exp (sx) — exp [s(x — X)]} tends to zero

everywhere on I' as R—co. As in section 16.12 the integral round T

vanishes for infinite R and so by the residue theorem,

1 es¥ — es(x—X)
.

i
7 = om {residue at s = 0} = 0.

s i
Thus ,
fx)=0 forx > X > 0. (16.104 b)

(i) X > x > 0. Here the two parts of the integrand behave in different
ways and have to be treated separately,

s e =X
27Ti(11 - 12) = j -_— dS - j‘ dS.
L S L S
The integrand of I; then vanishes in the far left-hand half-plane and I;
is evaluated as in (i) to yield

2mil, = 2ni{residue of s~ e’ at s = 0} = 2mi. (16.104 ¢)

The integrand of I, vanishes in the far right-hand half-plane and is
evaluated by a circular arc completion in that half-plane. Such a contour
encloses no poles and, as explained immediately following result (16.104 a),
leads to I, = 0.

Thus collecting together results (16.104 a~c) we obtain:

f(x) =0, x <0,
=1, O0<x< X,
=0, x> X,

as shown in fig. 16.15. This is the same result as given by entries 1 and 13
of table 5.1.

fx)

>

0 X x
Fig. 16.15 The result of the Laplace inversion carried out in example 16.9.
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16.16

Complex variables

Examples for solution

1. Find an analytic function of z = x + iy whose imaginary part is
(ycos y + xsin y) exp (x).
2. Find a function f(z), analytic in a suitable part of the Argand
diagram, for which

sin 2x

"~ cosh 2y — cos 2x '
Where are the singularities of f(z)?

3. Find the radii of convergence of the following series

@>=: »3
1 n 2

" = n'z"
;
n

(C)z =

n+p

In

(d) Z Zhpin ™, (e) z (
1 1
4. For the function

162) = tog (2= C),

zZ — C

)nzz" (p real in (e)).
n

where c is real, show that the real part « of fis constant on a circle of
radius ¢ cosech u centred on the point z = ¢ coth «.

Use this result to show that the (electrical) capacity/unit length of
two parallel cylinders of radii a, placed with their axes 24 apart, is
proportional to (arcosh (d/a)) 1.

5. Find a complex potential in the 7-plane appropriate to the physical
situation in which the half-plate » > 0, s = 0 has zero potential and
the half-plate r < 0, s = 0 has potential V.

By making the transformation z = ta(r + r~*) with ¢ real and
positive, find the electrostatic potential associated with the two half-
plates x > a, y =0 and x < —qa, y = 0 at potentials 0 and V
respectively.

6. By considering in turn the transformations
zle = 4w+ w™Y), w=expd,

where z = x + iy, w = rexp (i0), { = £ + in, and c is a real positive
constant, show that z/¢ = cosh { maps the strip £ = 0,0 < 5 < 2=
onto the whoie z-plane. What curves in the z-plane correspond to the
lines ¢ = constant, y = constant? Identify those corresponding to
E=0,=0,7="2m

The electric potential ¢ of a charged conducting strip —¢ < x¥<
¢, ¥ = 0 satisfies

¢~ —kin(x? + y»12 for large (x2 + y)'2,

with ¢ constant on the strip. Show that ¢ = Re (—k arcosh (z/c)) and
that the magnitude of the electric field near the strip is k(c2 — x%)~ /2,
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7. Find the Taylor series expansion about the origin for the function
f(2) defined by

1) = i (= 1) *"sin (frf)

where p is a constant. Hence verify formally that the definition of
f(2) is a convergent series for all z.

8. Identify the zeros, poles and essential singularities of the function
w = tan z.

9. For the equation 82° + z + 1 = 0,

(i) show that all three roots lie between the circles |z] = ¢ and
Iz = %;

(ii) approximately locate the real root, and hence deduce that the
complex ones lie in the first and fourth quadrants and have moduli
greater than 0.5.

10. (i) Prove that z® + 3z + 7z + 5 has two zeros in the first
quadrant.

(i) Find in which quadrants the zeros of 2z% + 7z2 + 10z + 6 lie.
Try to locate them.

11. Zeros inside |z| = R. The following is a method of determining
the number of zeros of an nth degree polynomial f(z) inside the
contour C given by |z| = R;

. R(1 + it) . .
(i) putz =——"withf(=tan/2)in -0 <7< @,
1 - iz)
A() + iB(t) (1 + i)

a-—ior 4+ i

(ii) obtain f(z) as

(iii) arg f(z) = arctan (B/A) + narctant,
(iv) Acfarg f(2)] = Aclarctan (B/A)] + nm.

(v) By inspection or sketch graph, determine Ac[arctan (B/A)],

by finding the discontinuities in B/4 and evaluating arctan (B/A)
att = + oo,

Use this method, together with »22 (page 472) to show that the

zeros of z¢ 4+ z + 1 in the second and third quadrants have |z} < 1.

12. By considering the real part of

—izt"tdz .
f » n integral and =0,
1 —a(z+ z7Y) + a?

where z = exp (i6), evaluate

J‘" cos nt dd
o 1 —2acos 8 + a*

» arealand >1.
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*  sinf .
13. Evaluatef ————— df, where gisrealand > 1.

_.a— sinf
[Prove first that if £(2) has a simple zero at z,, then 1/f(2) has residue
1/f’(z,) there.]

® tsin at

14. Evaluate f

o + 2

«  cos mx dx T
15. Provef —_———=—(4e" ™2 —e™™), m> 0.
o 4x*+5x24+1 6

16. Show that the principal value of the integral
* cos (xfa
f (x/a) dx

w X2 — a?
is —(w/a)sin 1.

17. [Harder problem] (i) Evaluate the integral of exp (imz?%) cosec (7z)
around the parallelogram with corners + 4 + R exp (in/4).

(ii) Show that the parts of the contour parallel to the real axis give
no contribution when R — .

(iii) Evaluate the integrals along the other two sides by putting
z' = rexp (im/4) and working in terms of z” + 4 and z” — . Hence by
letting R — o show

f e "idr = 1.

*x -a

18. Evaluate f dx, areal,0 < « < 1.

0X+l

* In x x dx
19. Show f —————dx = — v27%? and f _
o X¥H1 + x) o X1 + x)

= /27,
20. Prove that > (% + 3n + §)7* = 47.

[It may prove instructive to carry out the summation numerically,
say between —4 and 4, and note how much of the sum comes from
values near the poles of the contour integration.]

21. By considering the integral of

(sin o )2 ™
za sin 7z

around a circle of large radius, evaluate, for ¢ < «/2, the sum

sin? (ma)

(ma)?

i (_ l)m—l
m=1
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22. Use the Bromwich inversion and contours like fig. 16.14(a) to
find the functions of which the following are the Laplace transforms,

() s(s® + b3,

@ii) n!(s — @)~ ™*V, n integral and >0, s > a [change variable to
t =5 — al

(iii) a(s> — a®»~%, s > |a| [change to ¢t = 5 — |al].

Compare your answers with table 5.1,

23. Use the contour in fig. 16.14(¢) to show that the function whose
Laplace transform is F(s) = s~'/2, is (#x)~ Y2 {For an integrand of
the form r~*/2 exp (—rx) change to a variable ¢t = r%/2]

24. In example 18(iii) of section 9.14 an expression was given for the
transform of a function v(x, t),

V(x,s) = s~ exp (—kxs'?).

Show that its Bromwich integral inversion can be converted into a
real integral as follows:

(1) Consider a completion such as shown in fig. 16.14(c) and verify
that it encloses no poles of the integrand,

(ii) on the upper (side of the) cut take s as r exp (i7) and on the lower
as r exp (—im). Write k2r = u® and show that the contributions from
the two cuts are together

2 f‘” w?r\ sin ux
— exp (— —) du,
T Jo k? u

(iii) show that, in the limit of its radius p tending to zero, the small
circle ¥ contributes —1 to the integral to give for the complete
expression for v(x, t) the real integral

2 [ u?t\ sin ux
vix,t)=1—-— exp ——) du
mJo k2 u
[Assume, as can be shown, that the contribution from I' vanishes as
R— .]
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Solutions and hints for exercises
and examples

CHAPTER 1

Square each of the equations (1.23) and subtract.
Use (1.16).
a(l — x)"(1 — x¥*1), convergent for |x| < 1, divergent for x = 1,
oscillates finitely for x = —1, oscillates infinitely for x < —1.
(@) Na + 3dN(N — 1), divergent; (b) In(N + 1), divergent; (c¢)
41 — (—2)Y), oscillates infinitely; (d) 1 — (N + 1)~1, convergent to
S = 1; (e) add Sy/3 to the Sy series,

(3/16)(1 = (—=3)™%) + BN/4)(=3)~ W+,
convergent to 3/16.
(i) Convergent, compare with »8(d); (ii) divergent, compare with > n~1;
(iii) convergent, compare with »8(d); (iv) divergent, a, - 0; (v) conver-
gent, ratio test; (vi) convergent, root test; (vii) divergent, ratio — e, or
a, = 0.
(a) Absolutely convergent, compare with »9(i); (b) oscillates finitely;
(¢) convergent, alternate signs; (d) absolutely convergent for all x; (e)
absolutely convergent, use partial fractions; (f) oscillates infinitely.
(a) 3; (b) 2x + 1, use the binomial expansion of (4 + B)Z%; (¢) 2; (d) 0;
(e) cos x, use the formula for sin (4 + B)and thatsin B~ Bandcos B =~
1 in the limit B— 0.
(a) 8x7; (b) —3/x*; (o) x(1 + x%)~V2; (d) —2sin (2x); () a sec? (ax);
(f) a(l + a®x2)~1; (g) exp (x); (h) sinh (x), see definition (1.23 a) and
result (g); () (1 + x?)~Y2; (j) x=*; (k) 6 sin 3x cos 3x = 3 sin 6x.

N 1
Write — (—‘—‘—— - —'—)
A \fx + 80 ()

1 flx + Ax) — f(x)
* T+ A0S Ax ’

(@) — 6(2x + 3)™*; (b) — 2 exp (— 2x); (c) 2 sec? x tan x; (d) — 9 cosech?®
(3x) coth (3x).

(@) (x% + 2x) exp (x);

(b) cos x cosh x + sin x sinh x;

(o) Inx;

(d) 3x?tan® x(tan x + x sec? x);

(e) [sin (ax) + ax cos (ax) + Ax sin (ax)] exp (Ax);
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»23.
»24.
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Solutions and hints: Chapter 1 489

(f)2xcos(1 — x? + 2x®sin (1 — x?);
(g) =2x(a® + x)7 b + xH)~Ac? + xH)73[(a% + x2)~L + 2(0% + x¥H)71
+ 3(c + x?)7 1.

@22
a) ————, _
(a + x)? (1 — x)32
) ) ) —Tx2 - x+2
= sec? x; — .
¢ cos? x (4x2 — 2x + 1)
(a) (2sec® x — 4) tan x sin 2x + 4 sec? x cos 2x;

() sin x(2x~% — 3x™ Y — cos x(3x~2 + In x);
(c) 8(4x® + 30x% + 62x + 38) exp (2x).
Show xy® = (x + 2)y and then use Leibniz.

o« (__ l)ﬂ(2X)2ﬂ+1 x3 2x5
a —_ B x+ =+ —:
@ 2. @n + 1! Grx+ 5+ 35

= (1 — x)" x3 x5

-2 — d) x + x2 + — — —.
@ =2 — Drx+x+3-53
(@ x = —2, max., x = 3, min.; (b) x = (n + 1)(=w/a), max./min. for n
even/odd; (¢) no real max. or min., inflection at x = 0; (d) max. at x =
—~(3/5)%2, min. at x = (3/5)*/2, inflection at x = 0.

—26 at x = —2, other stationary values are 6 at x = Oand 1 at x = 1.
@ (@ O (o) @ (o

3 1 -

l 2xy 2x —cCos (i) 4 ol

ox y vl x4+ 5y r

g

_f x2 2y ___x_ cos (f_) —x.__ Z

oy y? y/ X+ r

for (e) 8ffoz = z/r;

(i) (@) 2y, 0, 2x, (b) 2, 2, 0, (c) (3% + 2Dr~ 3, (x2 + 22)r~ 53, —xyr=3;
(iii) both = (3% — x?)(x? + y?)~2

3x + 2x + 3 — x¥H)Y2 = 3siny + (2siny + 3y)cos y.

of 1 ( ycosiycoty 2%+ 2xz)

ox = (x? + y? + 212 2 1 — 2xz

27121 4+ x — w4 + y — Hx — /4 — P - (x — w4y + ¥z - 1),
df]ez = 82fjaz2 = &%f]ox oz = 0, but all the other partial derivatives con-
tribute.

dr _ 83 + sindt — e 2

dr (4% + sin® 2t + e~ )3

in 2¢ (22 1 22 10 1 02 1 @

ﬂ(—f___f__;f_).‘.csz(ﬁ(__f___f.).
2 o r2o4% r or rogor rog
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Chapter 1: Solutions and hints

57

Yarem T lu T

Use (1.89) twice on (1.91), or once on (1.90).
(1)ix1xz—= -1;
z z y
i) —2— x % x( )(1+y2) |
X — X(—x — )= —1.
y2 + x2 y x2

Take x, y as (1) S, p; (i) T, p; (i) T, V, in (1.95).

The second partial derivatives are (apart from a common factor of
exp (—x2 — »%), 4x% — 14x® + 6x, y(4x* — 6x?), x3(4y% — 2).

Min. at (2, 3, 1). In this example all second derivatives are independent of
x, ¥, z which is not the case in general.

Max. value of 15 at +5-%2 (2, 1), min. value of 5 at £5-2(1, —2).

(i) Yes, for A > 0, value A~1; (ii) yes, value O; (iii) no,In (1 + R) — o as
R—o0; (iv) no, e 1> as e~ 0; (v) no, In (sin §) - — as 6§ —0;
(vi) yes, value 1.

A2 —y)cosy + 2ysiny — 2;

(i) H2Iny + (1 - »3);

(iii) y arcsin y + (1 — y?)¥2;

(iv) =y~ '1ln (@® + »¥ + (2/a) arctan (y/a);

(v) and (vi) 3/5.

nl.

Jo=¥n - DJs_2.
(i) 1/60.

(a®b/6)(ab + 3).

$abc(a® + b2 + c2).

If e.g. the order of integration used is z, y, x, the corresponding limits are
0,1 — x —»1,[0,1 — x], and [0, 11; 1/360.

2m(1 + A%)-1.

L(L5e)e-5

a b 2n
j j j p(r* + zH)rdp dz dr.
o [+]

Section 1.20

x = x’cosh¢ + ct’sinh @, ¢t = x"sinh ¢ + ¢’ cosh ¢, use (1.24).

(@@ 1for N # 1,2for N = 1,(ii)) 2for N = 1, 3for N = 2, 1 otherwise,
(iii) 2 for x =1 and N =1, (1 — exp Qai/N)x¥+*1)/(1 — exp 27i/N)x)
otherwise;

(b) (i) =2 for N = 2, 0 otherwise, (i) — +/(3), consider Im 3 wn,2™.
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To sum numerator, subtract exp (— x) times the series from the original
series, E = hvexp (hw/kT) — 1] 1.

r = 0 divergent, a, » 0; r = 1 divergent, see (1.33); r = 2 convergent,
resolve into partial fractions; r > 2 convergent, by comparison with
r = 2 case.

x < €2 by the root test (1.36).

Divide the series into two series # odd and » even. For r = 2 both are
absolutely convergent by comparison with 3 n~2. For r = 1 neither series
is convergent by comparison with > n~1. However, the sum of the two
is by the alternating sign test, or by showing that the terms cancel in pairs.
Use Leibniz; x =24, x = 6a, x =o; f® has values 28a %¢~2,
—~4a-%e"% 0.

Use Leibniz; (i) and (ii) differentiate the definition of g, and substitute;
(iii) multiply the ™ recurrence relation through by exp (1x2); use the g,

recurrence relation, go = 1, g1 = —x, g2 = x2 — 1, gz = 3x — x5
x®  9x°
S TE T

(a) 3; (b) —4, repeat the procedure until 0/0 is not obtained; (¢) 0.

(i) 0; (i) #(s® + t?); (iii) —sin 2z,

Stationary points at (@) x = 0,y =0; () x =0,y = +1;(c) x = £1,

y = 0. The second-order determinants are

4e ! O
0 4e?

—4e? 0

A 0 —det|

;0 (©

2 0
(a)‘o -2

showing saddle point in case (@), minima in cases (b), maxima in cases (c).
Minimize y; + y2 + 3al(x; — 2a)®> + (y1 — y2)?] subject to x; =
_(az + yLe,
Consider the real and imaginary parts, I = o/(e? + ©2),J = w/(e? + w?).
(i) Draw a sketch or investigate the monotonic behaviour of sin x in the
range to give (2/7)x < sin x < x. This leads to

A+ 7/2)2 — 1] > I > (#/3)(2%2 — 1),
ie.208 > 71> 191;G)I=2.
Form dI/dy showing that it equals

sech? . cos x a2
— Y [arsmh (--)] .
tanh y cosech y/Jo

K = n?%/4.

a

6
(i) Use integration by parts, 3vIn (1 + p2/v?) + p arctan (v/u);

(i) 4[(v + w)*2 — V12 — pbZ]

Jacobian = (u/v)*'? + (v/u)*'2. Area in uv-plane is triangle bounded by
v =0, u = v, u = a. Integral has value a2
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Chapter 2: Solutions and hints

CHAPTER 2

Note fi-a = a cos AOP = p, since OPA is a right angle.
(aAb)Ac=[(a:be — asb)c: — (axby — ayb.)cyli + cyclic

= [(axcx + aycy + a,c)by — (bicyx + bycy + b:c)adi +

cyclic

= (a-¢)b — (b-c)a.
(@ A b) A c¢lies in the plane containing a and b; a A (b A ¢) lies in that
containing b and c¢.
Use (2.26) to evaluate a” A b’ and then (2.28) to simplify the result and to
evaluate A’ = (a’ A b’)-¢’. Hence conclude that ¢” = (A)~*a’ A b) = ¢.

Section 2.10
(a) False; (b) false, see »5; (c) true, notea A (b A ¢c)= —(bAC)Aa=
(¢ A b) A a and then use (2.26); (d) true; (e) true, ¢ is parallel toa — b;
(f) false, left side = —right side, from (2.26).
R arccos (cos 0; cos 0, + sin 8; sin 6, cos ($2 — &1)).
Note(a A b)-(c A d) =d-((a Ab)Ac)
Common perpendicular is parallel to b* A b. Required distance is the
projection of a” — a in this direction, leading to

(@ ~ a)-(b” A b)|/|[b" A DI
Note that the plane contains the vectors A7 *a — k~'band A~*a — [~ ‘¢,
(a) £2a%(1,0, — 1) m?2; (b) arccos (2/3)''2;(¢c) —x + z = 2a;(d) () a/+/2 m,
(i) @®/3 m3; (e) (i) M = (20v/6)a(1, — 1, 0) N m, using AH A force, (ii)
moment about line = F x sin (angle between directions HJ and AF) x
length of common perpendicular (see example 4), which can be mani-

pulated to give M-AF = —(10/4/3)a N m, (iii) 51/6a Joules; (f) total
w = (1,1,3)rad s, (i) v/2a/3 m, (ii) vV(24)am s~ 1.

CHAPTER 3

(x denotes dx/dr.)

Notea A b = d(a A b)y/dr —d A b.

— |2 c{c3/t®i + 212§ + c/tk} dt is the required value.
{2 (x(3c — x)? = 1 + 0) dx is the required value.

dH = (ds A 1);
7rd
L1
F1=j 5 HE0TI2 (ds, A (dsg A 1),
Cy JC2 471

wherer = s; — s..
H, = o f r’pdV — f xyx5wp AV
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Section 3.8
(@F = mit + mit; B) mi + kr = 0:()E = £ A B; (d) m¥ = e(f A B)
+ eE; (e) 2ir; A Fy = d(3; my(r; A £))/dr.

d
=‘(E((b~a)a—a2b)dt=a A(aAb)+h,

Proceed as in example 3.3 and »4, This is an example of the type of
function discussed there.

4 M= If r A (dr A B); consider integrals along the four sides separately,
B = (B,0,0) and, e.g. on one vertical side r = (acos ¢, asin g, 2),
dr = (0, 0, dz), the first integral contributes (0, 0, 2abBI cos ¢) and the
second (0, 0, 0).

5. Equation (3.17) leads to [{e(x? + »* + ¢®~%2dxdy, then put x =
(»? + ¢?HY2tan 0.

6. Note that for a band element of surface of width d/, d/fi-f, = —dr, and
that 2zr dr can be integrated by parts as z d(r2).

7. (@) z = uyug, p% = Ui + ui — uiui — 1;

(b) wy(1 ~ ud) cos ug/p, ur(1 — u3) sin us/p, uz; ux(1 — u3) cos uy/p,
uz(1 — u?) sin usf/p, uy; —p sin ugz, p €os us, 0;
2 2\ 1/2 2 2\ 1/2
@ (S=2)7 (L2007 i g - gl du dis
w—1 uz — 1
(d) confocal ellipsoids, hyperboloids, planes containing the z-axis.
CHAPTER 4

2. Use the chain rule of differentiation. d¢/du is common.

»6. Use ér/ox = x/r etc.

8. V Aa=(iAijda/ox + ( A i) 0da,/dy + similar terms.

»9. a = (0, rw, 0).

»10. The terms of a A b are products and so V produces 2 terms from each.

a
»11. Faraday, J. E-dl = - P j B-dsS.
& (ob, ob,
2. V.a = — (—— - —) + cyclic
ox \ oy 4

The six terms on the right cancel in pairs.

»13.V A a= (0, -1, —2xy).
»15-18. Substitute for A, 42, hz from table 3.1.

1.

Section 4.8

@=@=[$(3-2) ]

oy oz
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Chapter 5: Solutions and hints

O R

oz
(e op  oay o
(C)—(¢ 2 az‘a—y'_¢az—aya—’ s )’
_ o o9
(e)_(ay—{;—azé;,...,...).

H = —(1/47)V[(M-r)r 3] and use (4.6); H; = (1/47)2Mr~2 along direc-
tion of M, Hz = (1/4m)Mr~2 opposed to direction of M.

(a) The surface element is @? sin § df dé(sin O cos i + sin Osindj +
cos 0 K);

(b) div F = 0. Close volume with plane surface x2 + y?> < a2,z = 0; com-
mon answer wa*/4.

See 6, V-(r'r) = (3 + n)r*; a = f(r)r for some f, and use P6 again.

&(x, y, z) = zr~! + constant.

(a) Yes, show V. A F = 0; (x — y)exp (—r?);

(b) Yes; —3(x2 + yHexp(—r?);(c) No, VA F # 0.

(—¢r=2,0,0) # (0,0,0).

dffduy, = Chif(hehs) = Cui — 1)7*; f = Bin [(1a — 1)/(ux + 1)], Band
C constants.

CHAPTER 5

Equationis >3 i(i — Dax'~2 + 3§ aix! = 0implying ao = (—1)"(2n)!azn
anda; = (= 1)"2r + D'azn+1.

x + B = arcsin (y/A4?).

(a) 4 cos x — sin x; (b) 4 cos x + 2sin x;

(¢) a; cos x + (/8 — ay) sin x; (d) cos x + a sin x;

(e) 2 cos x + sin x; (f) no solution.

(@ +(c—x») Y2, (b)carctan x; (c) (Inx + 4x~* — ¢)~ 1.

(@) exact, x%y* + x2 + 2 = ¢c; (B)IF = x~ V2, x¥(x + y) = ¢; (o) IF =
cos~2x,y?tanx + y = c.

(@ IF=(01—-x»)"2 y=({0 - x?arcsinx; (b) IF =cosecx, y =
k sin x + cos x; (¢) exact equation is y (dx/dy) — y~%x = y%, x =
ky + P

(i) (z2 — 2)X(dy/dz) + 2y = z,leadingto (V) (1 — 2)?y = 2%(Inz + ¢) +
z; (vi) same form for y with¢ — 2 = ¢'.

(i) 2x + 3; (i1) try acos 2x + bsin 2x finding a = 2, b = 1; (iii) try
a exp (2x) finding a = 1.

Yi=2zya + Zya, y1 = zvas + 22ys + Z'ye.

IF =sinx,z=In(sinx) — xcotx — ¢’cotx + k".

Repeated integration by parts.

Integrate by parts twice and rearrange.

Replace f(x) in (5.65) by g(x) = f’; f(2) dz, clearly g(0) = 0.
Write sinh (ax) = [exp (ax) — exp (—ax)).
Use a® — b* = (a — b)(a + b).
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Section 5.12
(a) y = $x tan (In kx''2); (b) y = 2x arctan (cx).
IF=(x+D%y=3x+ 12+ clx + 1)~2
Put (dx/dy) = z7* to obtain y =2z +In(z—1) + ¢; x =0 when
zZ{(z — 1) = 1,ie. z = 1.618, givingc = —2.755; x = Inz(z — 1).
(@) (A + Bx)exp (2x) + Cexp (—4x) + 2x + 1;
() Acos x + Bsinx + (Ccos x + D sin x) exp (3x) + 1%.
As in example 5.5 (iv), giving y(x) = $exp(2x) + $exp(—x) —
3cos x — sin x.
Use equation (5.43) with A(D) = D + 1 + +/2i. Solution,

y = exp (—x)[4 cos (v/2x) + Bsin(4/2x) + 8 Y2x sin (1/2x)].
A2 is negative, since L is physically necessarily larger than M. Hence A is
purely imaginary, is = w*ME cos (wt)[(L2 — M?)w?* — 2LGw? + G?]~1.
mik = Fe + Bey, my = — Bex, x = A(1 — cos wi), y = A(sin wt — wt),
where A = FEe/mw? and w = Be/m.
(a) z = x3(exp (x) + A),

y = ixtexp (x) + Bexp (x) — A(x® + 3x2 + 6x + 6);
(b) z = Aexp (2x) — 8x — 10 for form (D — 2)(D — 4y = 16x + 12,
Bexp (4x) — 4x — 4 for form (D — 4)(D — 2)y = 16x + 12.
y = Cexp (2x) + D exp (4x) + 2x + 3 for both forms.

y = A(x) exp (4x) + B(x) exp 2x) with A(x) = 35 (sin x — 3 cos x)
x exp (—3x) and B(x) = i(cos x — sin x) exp (—x). General solution
aexp (4x) + bexp (2x) + 5(cos x — 2 sin x) exp (x).
y=1[m—-nn+ m+ D] 1x™
(i) y = xis a CF solution; puttingy = zxleadstoy = Ax + Bxsinx —
x2 — 1xsin 2x;
(ii) y = exp (x)(4 + Bx — 1{Bx%);
(iii) y = exp (x) is a CF solution;

y = exp (DB [*exp (—u — u®) du + AL
(i) put y' = z, y = a~* artanh (x/a);
(i) put y) =z, z = Ly + Ay~1, y2 = Bexp (x) — 24.
Use d /dx = exp(—1)(d /dt). Equation reduces to j + y + 1y =
exp (—1/2). General solution is exp (—#/2(A4 + Bt + 4¢7). Including
boundary conditions, y(x) = +x~1%(In x) In (x/e).
Make successive substitutions y = zx and x = exp (¢) as in section 5.10.
This yields an equation in z = z(¢) which is solved by putting dz/d¢ = u.
y = Axtan (34 1n x + AB).
Y(s) = (s — 2)~%s — 3)"%3s% — 155 + 19) giving

y(x) = 2 + x)exp (3x) + exp (2x).
C + Ds A+

. Bs
GT O 1 i persistent P where b = R/2L and k% =

Transients

(G/L) — b2

(b) damped oscillatory, exponential decay, o exp (—bt)(F + Hi);

() A=IL(G - Lw?dX"*, B= —RLX"', where X = (G — Lw?? +
R%w? tan ¢ = — A/(Bw).
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L (amount z of C present) = xo(s + 8)s~ (s + 2)" (s + 41, yielding
z = xo[l + Yexp(—41) — Fexp (—-20)).
Write s(s + n)"*as(s + =% — n(s + n)~*.

CHAPTER 6

Bessel x2y” 4+ xy’ + (x2 — m®)y = 0; Legendre X32%y” + [2(X + 1)/
QC+ XXy — U+ DX/2 + X))y =0, where X = x — 1; similarly
atx = —1.

Recall py = go = 0 and hence o(c — 1) = 0.

Po = —3,q90 = q. = 1, all other p, and g, are zero.
(o2 —3%¢+1=0;(@Gi)a, = —n"'n + 3)~'a,_.; (iii) the first term of
the quoted final answer; (iv) a, = —n~'(n — 3)"*a,_1; (v) by the

ratio test, or since t, — 0 and the signs alternate.

Differentiate as a product of » factors like (¢ + 2r)~2,

Azn = —dgn-2[2n(2n + D],

Gzn = —@zn-2[2n(2n — D]

Qzn = —azn_2[2nQ2n + 2)]71.

Differentiate as a product of n — 1 factors like (¢ + 2r + 1)~2 and one
other (¢ + 2n + 1)L

Muttiplier = —k/(2ao).

x2n 2n @« 2n

bll.y=aoxzm’ y=boz n! =boexp(x2).

»13.

L] ]

»14.

Fig.

(0 + (o + Daz = —[I{( + 1) — 20]a,,
6+ 3o+ dag = -+ 1) — 20)ag — [ + 1) — 2(c + 2)]a:.
1 | 1
- \P
P(x)| \e-P, °
L Py N
x
0 1 1 1 [ A 1 0
-1 0 1
<LP1 A
—1 -1
S.1 The Legendre polynomials P;(x) plotted against x for / = 0 to 3.
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p17. Write 2/x% as —2/(1 — x?) + 2I.
»19. (a) Take the coefficient of # in

(x~-hW>PH =0 - 2xh + k) ZIPH,

Section 6.10

« 1 (x)n x 26 x"
1. = — =) = ex — 1 = boxt2 —_—
‘ “°% at \2) T GP (z) Y L )

2.

Only the larger root series, ¢ = m, is needed because of the finiteness
requirement:

3 = —m————— and Jn(x) = > >

(- 1)"mla, x (- (x)”‘*"'
2%"nl(m + n)! neo M(m + m)!

|x2 + 5x| < 4; range including x = 0, —2 < 2x < \/(41) — 5.

Repeated root of the indicial equation, o = 2. Following section 6.3 the

solution is

o _ n+ 2,
Hox) = ax® 4 Z (=2x)"*%(n + 1)

X[ia+b(lnx+ ! —l— ! —-~--—l—2)]-

n+1 n n—1 2

n!

Putting y(x) = f(x) exp (x?) gives f(x) = A [ exp (—u®) du + B.
Transformed equation is &y + 2" + y = 0, where y = ¥(&). an
(= D*n + 1)~*(n!)~2a,. Convergent for all x # 0. y*(x) (df/dx) = 4
constant, giving

d A 1 «
l=_(1+_+_;+...).

dx a? x x

For even n,

M2 (=2ymn—2)...(n+ 2~ 2r) x2']
r= a°[l * gl @n!

Foroddn, y = bo[x +

'}(n-l)(_z)r(n - Dn-3...n+1-2r x2r+1]_

2

r=1 (2)‘ + 1)'

Equate coefficients of A" in the partial differential equation; (i) use
o®/ox = 2h®; (ii) use 0®/oh = 2xD — 24D,
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9.

11.

»2.
»3.
»5.

»6.
»7.

»8.
»9.

M1,
»12.

»13.

Chapter 7: Solutions and hints

® = exp (x?) exp [—(x — h)?]. This gives H,(x) = exp (x)(—-1" x
a"fexp (—(x — h)®)]/ox™, which at h = 0 yields the quoted result.

1+ 4 i 1
Z h2n J- P2(x) dx.
-1

1-h 5

i
At step (iv) 7 In

The distances from the two charges —e to the point (r, 8,$) are
r(1 £ 2hx + h®)Y2, where x = cos 8 and h = (a/r). Use also P(—x) =
(= 1)'P(x).

CHAPTER 7

a = [(2] + 1)/2]*2,

214 + D/ + 1).

(7.26) F=exp(—x?);p=p =exp(—x2),qg =0, A = 2c.

(72N F=exp(—x);p=xexp(—x),g=0,p=exp(—x), A = c.
F=(0Q-x)"Yp=(1—-x),g=0,p=(1~x3)"12 A= n2
{3 sin (nz) dz — [, sin (n2) dz.

Show L(G) = 3, y{x)y¥(z), using G from (7.33).

y' = 1A cos (x/2) — 4Bsin (x/2), hence y”, and substitute in original
equation.

Make the indefinite integrals for 4 and B start from = and O respectively.
A=(p, —p)ltexp(—p.2),B= —(p: —p-)texp(—p-2),

Py —po = 2B — w2,

Substitute y given by (7.52) and (7.53) into the left-hand side of (7.50)
and use (7.51 a) and (7.51 ¢) in turn.

Section 7.7
(@) All u; are linear combinations of y;; (b) assume all #; are normalized
and mutually orthogonal for i = 1,..., n, and consider ju,fpunﬂ dx
forany k,1 < k < n.
Integrating factor = exp {[*[(« + B — Dz + (I — Y)}/[z(z = D} dz =
x‘/—l(l — x)a+ﬁ—y, p= ;xy(l —_ X)a+B—~/+1’ A — ilxﬁ, q = 0’ p=
x}"l(l —_ x)a+B‘Y.
If multiplied through by x, equation is of Sturm-Liouville form with
weight function x.
yu = @/mM2sin [(n + Hx]; f(x) = ~@/mMV2 23 (n + 1)~ 3y,
Hx) = @/m) 28 (n® + n — P Mn + P~ 3sin [(n + Hx].
(@ I p(x) = 33 anPu(x), an = (n + Db — n(n + D171 [ f(2)Pu(2) dz.
(b) Note 5x® = 2P3(x) + 3Pi(x); a1 =1, az =1 all other a, = 0;
yx) = (5/H2x° — x).
Putting x = exp (¢), (d /dx) = exp (—1)(d /dt) gives dZy/d+2 + dy/dr +
(4 + My = 0 with solution y(t) = [4 exp (iAY2¢) + Bexp (—iAl'21)] x
exp (—17). Boundary conditions give y.(x) = B,x~'?sin (n7 In x) with
A, = n®n2, Normalization gives B, = /2.
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a, = —(nm)~? fi\/Z x~“tsin(nmmlnx)dx = —v/8(mn)~2 [n odd], =0
[n even).

G(r, ) = (4njr — ')~
The main steps are:

x(t) = n~1Fexp (—B)I,
where

I=3J(p+n —n—3(p—-nn,
where

JO, wB* + A = {Bcos [(A + w)r] + Asin [(A + @)t}
x exp (Bt) — {B cos (ur) + Asin (ut)}.

Transients:

FX~*pexp (—Bt)[n~(p? — n?sin (nt) + 28 cos (nt)].
Steady state:

FX ~'[(w?® — p?) sin (pt) — 2Bp cos (p1)],
where

X = (0? — p?? + 4B2p2.

1 exp (ik-r) exp (—ik-r’)
GK(r, l',) = (277)af P kz — KZ dk’

as in section 7.6. Here the ‘index’ k replaces the i of that section.

© n n ik k2 sin 0
j dkv{ a0 jz dé exp (ikp cos 8)k2 sin

Ge(r,r’) =
x(r, ") . . . k2 — K2

(2m)?

which, when integrated successively with respect to ¢ and 6, gives the
required form. Here p = |r — r/|.

CHAPTER 8

Consider an even function, like sin? (wt) for example.
Use (8.11 a-b) in (8.9).
Equations (8.11 a-b) show A,, and B,, are real, then use (8.9).
(i) 4o and odd cosines; (ii) all, there is no symmetry about T/4 for the
periodic function; (iii) odd cosines.
The coefficient of the 1/ term vanishes;
a, = (32y0/3n%k%1?)[cos (nm/2) — 1] for n # O.
See »8; b, = (32y0/3n2k2?) sin (nm[2).

»10. See »8 concerning the 1/n term.
»11. See »8 concerning the 1/n term.
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»13. Evaluate > (cos 2m + D)x/(2m + 1)2) at the suggested values; true
values +(1.221, 0.823, 0.411, 0), values after 3 terms +(1.151, 0.831,
0.409, 0).

»14. Differentiate (8.24) and put x = =.
P15. (i) p(0) = (m/d)(=[2 — 10)), see (8.23);
(i) y(6) = (w0/4)(7/2 — |8]/2), use integration result on (i);
(iii) put x = 0 in (8.23) to obtain .S, = #%/8.
If Se=2m-102m)~2 then S, = (S, + So), giving (S. + S,) = 72/6
and (S, — S.) = 73/12. Function y(x) is even, ¥(0) = 0, y(/) = I?;
compare derivative with (8.24); y(x) = x¥(—-l < x < I).
2A sin (ua/2)
(2m)%u exp (i3ua/2)
N exp (2iNua)[l — exp (—4iNpa)]
1 — exp (—2ipa)

»16. Intermediate value f(k) =

»17. Integrate by parts.
»18. Integrate by parts.
»22. Use (8.8) and its complex conjugate, and _f’iﬂ exp [i(n — m)01d6 = 27 5,,,.

»23. Write sin (wot) = ‘7‘ lexp (iwot) — exp (—iwot)].

»24. Change variable of integration to u = z — x.
»26. FT[exp (iw.t)] = Qm)12 8w — w,).

Section 8.11
1. A, = QV/mn) sin (nm/3),

vV Vv3 2mt 1 47t 1 8t
f(t)=—+—[cos(—)+—cos (-—)——cos —
3 ™ T 2 T 4 T

2. Show that
2ri@ T N
S (f@t) — fu())Pde = — [ > (A%a + B
o w n=0

— 2Axn A, — 2BNnB,.)] + constant,

and then minimize with respect to Ay, and By,.
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(@ ® © @

Fig. 8.2 Continuations of exp (—x%) in 0 < x < 1 to give: (@) cosines only; (5)

»2.

».
b5,

sines only; (¢) period I; (d) period 2.

(a) (i) ¥(1 + e, (iv) 3(1 + e *%); (b) (i) 3(1 + e~Y), (iv) e~ 2,

11 2.2 (=1
f@) = - + ECOS (wt) == 2 yea— cos (2nwt).

T on=1
Approximate fluctuation amplitude = (7/20).

2n

1 2 =
u(r,0)=—+-;—sin0———2

™ o, 4n? —

" cos (2nb).

Ciem+n = Fi2/[7(2m + D]; 3 |Cal? = (4/7%)-2-(72/8), the values n =
+1, + 3 contributing more than 90 per cent of the total.
The ¢ integral is

{® . exp [i(E; + E; ~ Ey — Ej)]ldt
yielding &(F; + E; — E;, — E;). Similarly the R integral yields

8(pr + p2 — (p1 + P2)).
With k as the polar axis,

P(K) o< 2 [ dr r exp (—pr) [} exp (~ikr cos 6) sin 6 d6
= (—2n/ik) f:f exp (—ur)exp (ikr) — exp (—ikr)] dr

= —4m(u? + k)L
Overshoot has limiting value of 0.562.

CHAPTER 9

Substitute p — 2y for x? everywhere.

(@) () p? — 4p — 4, yes, (i) (p — »)% no, (iii) (p* + H(2p* + p)7?, yes;
(b) necessarily as in (a).

() @p —1,(0)4p — 4,(c)0; (i) (@ 3 + p — p% D) 4p — p*, () 4 — p*
A p=x+ 2 u=sin(p'?) + 1; (i) p = 3x + iy, u = p?; (iii)
p=sinxcosy, u=2p—1; (iv) p=y—x% u=p+2; (v} p=
x2 4+ 32 Pl is u= =3y, (@ x*>+ y2— 3y, () 2x% + 2y*> — 3y +
g(x* + y?) where g(1) = 0; (vi) g(x® ~ »°) + 3x%°.
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»6.
C = Cauchy D = Dirichlet N = Neumann
8 t t r 4=V, (D)
o b
5 ou_
g S ox .
2
5 for all ¢
g N) a< u= V(D
A
x x \ , 8
Initial displacement u 0 Given L 0 ) ( 27
and velocity éu/at (C) distribution (D) Single-valuedness
requires du/86 = 0 (N)

Fig. S.3 Boundary conditions for the situations of p6.

7. u(x,y) = f(p) = clax + by) + k.

»8. Suppose 4 has a dependence x°y*, and then consider the implications
of A, + A; and A; — A, not being functions of x and y; A, = —2,
Az = 3x[y + (3/2)x]"1.
du , 0 ou ,  og .

MO, 2o = gfy + = fo — = Aefs + = fy with A = —(B/C);
ox ox ay oy
similarly the required second derivatives are obtained.

ML yf(x + A) = A~ Ux + A flx + Ap) — A xf(x + Ay)

= G(x + Ay) + xF(x + Ay).

»13. Recall that A; + A, = —(2B/C) and A\, = A4/C.

»14. Recall that 4 + 2BA + CA® = 0 and B? = AC.

»15. In the notation of (9.61) the boundary conditions are f(p) + g(p) = 1,
f(p) + 1g'(p) =1, for all p; these lead to wu(x,y) =2(x + y) —
2x+ 3 + 1=y + 1and u(0,1) = 2.

»16. Parabolic equation with A = —1; general solution u(x, y) = f(x — ») +
xg(x — y); boundary conditions yield f(p) = 0, g(p) = p + 1; u(x,y) =
x% — xy + x.

»17. Writing £ = x + iy and 7 = x — iy, »® ~ 3yx2 = }i(§® — 99); g(p) =
1ip®, h(p) = —1ip®.

»18. Multiply through by 7 and write % for x?/Kr.
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»19.

a temperature w(x, 1)
(arbitrary units)

”
O

—06 “=04 u=0.1
“ u=202

Fig. S.4 Sketch of the (three-dimensional) contours of equal temperature # given
by equation (9.85). The height of the surface containing all the contours
at any particular pair of values (x, r) gives the value of the temperature
at point x after time ¢ (relative to the value unity everywhere at time
t = 0). Projections of the contours onto the ¥ = 0 plane would be para-
bolas ¢ = ex2.

»20. (i) After differentiation and substitution, both sides contain a factor
ar?/2Be® — 1/t2) exp (—r?/2B¢).

»24. See the footnote to section 9.9.

»25. Substitute from (9.91).

$28. R~ QL-}, C 2 TQ-L-% (RC)-! ~ LT,

»29. The terms of (9.98) are sums and differences of terms such as exp (+ Ax)
and exp (+iAx).

Section 9.14
1. @) ulx,y) = (% — xHY2; (i) u(x, y) = 1 + f(x? — y?) where f(0) = 0.
2. Pl u=y, CF u=f(y—Insinx), () u=Insinx; (i) u=(y —
In sin x)% + y.
3. u=fBx—-2)+2x+».f(p) =3+ 2p,u=8x—2y+3u2,4 =
11.
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v w(a) e GIE) S G
ﬁ %'F 6—22 a—u-’ etc.
ax2 o¢ ax2 & °

of @ € \?
) (]
1% 3X3y ay
o o o 0 o¢ o
B - 4 _f_ﬂ+3(f_ﬂ+_fﬁ)+c_§_’7_,
ox @ ox 9y Oy ox oy oy

c’

on \2 on o on \2
A(—") +2B—’1—71+C(—’7)-
o0x ox dy oy /
5. Similar triangles by a common angle and corresponding sides in propor-
tion.

) o b

éab e%ab [ 1 1 ]

47T€o(b2 ot 02)2 47T€0
Obtain (ii) from (i) by adding a further image charge + ea/b at O, to give
zero net electrostatic flux from the sphere but maintain its equipotential

property.

4 o g 0 0 4
6. — = — 4+ —> —_ =l -

ox ot oy oy o on
7.

y
oS
(-1 s O1)
0 X

/

a-n

Fig. S.5 Region in which the solution to »15 is valid, under the conditions of
example 7, is shown shaded.
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Solution # =2(x + ) —2(x + 4 + 1 is only valid if x + y >0
and x + 1y > 0, i.e. in the shaded area of fig. S.5.

u(x,y) = f(x + 2y) + g(x + 3p) + x2 + y2 leading to f(p) = 2p + 1,
glp) = —p?andu =1+ 2x + 4y — 6xy — 8y~

Either A = —3, 0, or integrate with respect to y and obtain first-order
equation; u(x, y) = f(y — 3x) + F(x) + 3x%y2

¢ =v + o where o® = T/pA; u(x,0) = acos kx, ou(x, 0)/or = 0;

u(x, t) = acos [k(x — vt)] cos (kat) — (vaje) sin [k(x — vr)] sin (kat).
CF = f(x + iy) + g(x — iy), PI are (i) (x* + y¥/12; (ii) 1x%?; for
these two functions, their difference = [(x + iy)* + (x — iy)*]}/24.
u(x,y) = f(x + iy) + glx — iy) + (x*/12)[y%> — (1/15)x?]. In the last
term x and y may be interchanged with equal validity.

17 1 @ 17 1 ¢ .
(- 1)z 1)
ox ¢ ot/ \ox c ot

b ox _ u ou
then use that, at constant u, -(,; LT - (87)/(5})
4%y _ . L4
Eom 3 - D¢+ A+ i),

3
u= —iz € +n)+i(n - HI = 32 + Y)x + ).

—k ou(0)/ox = Jy1, k du(w)/ox = J, determine g and « in (9.79).
Voll — 2/v/m) f*”‘cm”l/z exp (—»?) dv]; consider as ¥, applied at t = 0
and continued and — ¥, at ¢+ = T and continued.
2V, J-ix[cmu-ml/ﬁ
v

For t> T, maximum at x = (2¢/CR)''? with value [V, T exp(—3)]/
(2m)L2e,
A= —p = (w/2k)}'2, where k is the diffusion constant; ratio of depths,
xy = (365)*2xp; only yearly variation significant, phase is pyxy behind
surface, this is In 20; coldest at 25 January + (In 20)/27 years ~ 16 July.
Using form (9.98),

A= -C, = —D,

Asin Ml + Bcos Al + Csinh Ml + Dcosh Al = 0,

Acos Al — Bsin Al + Ccosh Al + Dsinh Al = 0,
consistency yields the given condition.
U(x, 5) = F(s) exp (—sx/c), where F(s) is the transform of f(t); u(x, t) =
f(t — (xleHU@E — (x/e)); u(x,t) = 0 for x = ct, =vt — vx/c for x <
ct € x + hefv, =hfor x < ¢t — hc/v.
(82V/ox®) — LCs?V = 0, V(0,s) = E/s, V(l, s) = 0, leading to

V(x, s) = Efexp (sx/c) — exp [(2] — x)s/c1/{s[1 — exp (2sI/O)]}.

Vix, t) = exp (—v?) dv.

3x(CRIH1I2
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Writing denominator as
—sexp (2sl/o)[1 — exp (—2sl/c)]
and expanding gives
V(x, s) = (E/s){exp (—sx/c)
—exp [(x — 2Ds/c] + exp [— Q2 + x)s/c} — - -}.

CHAPTER 10
M. u(©,y,t) = u(a,y, t) = u(x,0,t) = u(x, b, t) = 0 are the required boun-
dary conditions leading to
u(x, y, t) = sin (nmx/a) sin (immy/b)(A sin wt + B cos wt)
where n, m, are integers.
. & p2 ihT’
_Zmo }7 = metc., T = E.
»3. Asin »2, but with solutions X = A sin (p.x/#), etc. where p.a/k = n,m.
p5. u(x,y) = ACexp (px + iuy).
¥6. @ jor = exp (— 1 @ /ot, and the equation becomes d*>R/d¢? — #*R = 0.
»8. See »6.
(1 -p% d
M du

2.

»9.

dM
—(1 - p?) -——] + 10+ 1)1 = p2) = m2,
du

»10. (i) 6ufr?, —6ufr?, 0,1 = 2, m = 0; (ii) 2u/r?, (cot? 8 — Du/re,
—uf(r*sin?6),l =1, m= 1.
P13. Y3 = (4m)~ 12,
Y? = (3/4m)V2 cos 0,
Y = F(3/87)2sin 0 exp (tid),
Y$ = (5/16m)Y2(3 cos? § — 1),
YL = F(15/8m)%2 sin 6 cos 0 exp (£ id),
Y2 = (15/32m)2 sin? 0 exp (& 2ig).

If Yi* Y1 d¢ d(cos 8)

n 2n 15
= J j — sin? 0 cos2fe " e? dpsinfdl = 1,
)]

o 8=

” Yj* Y] dé d(cos §) = L L" [—(:;_i)m]

3 1/2
x [—(—8——) ] sin 8 cos 8 e ~*¢ sin @ e'® d¢ sin 8 df = 0.
7T
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»14.

¥y Daik REa

Deiy ! [ Yz 1Yz

Fig. S.6 Sections of polar plots of the squared modulus of the spherical harmonics
Y78, ¢) up to ! = 2. There is no ¢ dependence and the three-dimensional
plots would be obtained by rotating the curves shown about the lines § = 0.

p15. r2(%r‘5’25 —~ ro35 4 r'llzs”) + 2"("‘1‘?‘_812,5 + r‘l’zS')
+ (k%% — I( + 1) — $)(r-228) = 0.

1 r 9

»16. — — — (—sinkr + krcos kr)y = —k2.
r? sin kr or

»17. Use equations (8.11 b) and (8.19).
»19. () ~GMr~*, GMa™1.

Section 10.8
L (@) ulx,y) = Cexp [$A(x? + 2y)]; (ii) u(x, y) = C(xZy)*2,
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ZA z
a R
[ o o -] o
: '
+ o -
+ +o- —
+ ° -
(-]
[+ (-] [+ -] © .
0 x e i
Temperature Heat flow

S.7 The temperature and heat flow distributions in the cube of example 2.
There is no variation of either with y.

u(x, 1) = (A cos mx + Bsin mx + C cosh mx + Dsinhmx)cos(wt + ¢)
where mta* = w2

The angular part of the wave function for an electron in an unpolarized
atom has the formy = >4 - _, a, Y™(0, ¢), where the a,, all have the same
magnitude and random phases; |$|2 is thus proportional to the given
expression when averaged over many atoms.

First term can only contain Y§!, Y3%!, the second only Y3, Y9, Y§;
16, 4) = (MY2[Y] - 3712YY — (2/3)"2Y1 — (2/15)"2Y3 1]

u=3%A0 + 25211 (4, cos ng + B, sin nd) to give the stated function
when r = 1, leading to

2 cos 2n¢

1 r kd
= — 4+ — H — 2n .
ur,§) =~ + 7 sing 21 T - )

n=

u=Alnr+ B+ 3%_, (A" + Bur™") cos nd;

atr=b: B, = —b?"4,, B= —A4Inb,
at r=a:cld| = Aln(a/b) + T A(a® — b*™a " cosnp, giving on
Fourier analysis that

¢ In (b/r)
u(r’ ¢) = -
2 In (b/a)
4c a™ b
——z —-————(——r’") cos m¢.
m moda m2(b2m — a2m) rm
16pA2c? 2pc?A? “‘A 2Tv dv
En = — E = ESS .
I2n + 1)°m? ! o (1/2)
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() [y L.H.S. du = 711 + 1))¥2 — (1 — 1)), then equate powers of .

4V o« _] n 2n+1
ur$)=— 3 Z(n +)1 (%) cos (2n + ).

Write C(x, 1) = Co + 21 A, sin (nmx/L) f,(t) with f,(£)— 0 as t— ©;
Initial condition C(x, 0) = 0 determines 4, ;
4Cy, Z 1

2

T .o 20+ 1)

) [(2n + I)nx] [ KQ2n + 1)? ]
xsin ] ———— | exp| - ———— 771 | -
L L2

C(X, t) = Co -

Since there is no heat flow at x = +a, use a series with period 4a,
u(x,0) = 100 for 0 < x € 2a, =0for —2a < x < 0.

(x,t) = 50 + 200 i :
3 t = — P
e x & @n+ )
. [ @2n + nx ] [ kQ2n + 1)*7%t
X Sin —jexp| - —m—m—mmm| -
2a 4asp ]
2u(0, t)

Heat = J dr k = 50sp per unit cross-sectional area.
o

Take n = 0 term only giving ¢+ ~ 2300 s.

(i) u(z, 0, §) = 2=Gpl(a® + z)¥2 — z]; M = ma?p;

(ii) for z < 0, the factor in [ ]is (a® + z?)'V2 + z;

(iii) field is @u/or at 6 = O for r < a, then let a— 2 giving 2GM/a® =
2nGp.

CHAPTER 11

Equation (11.16) is the N-R formula for f(x) = x> — X = 0.

There are N/2 pairs of intervals to be added.

Second difference must be constant (=2). This leads to /(3) = 4, f/(9) =
58, and f(8) should be 44.

y=(1-x)"2

Section 11.12
5.370.
6.951 after two iterations.
(1/5)(2x% + 3)~ %5 # 0 at the root.
f(N) = (N — 3x%)~1 =~ —1N "% 2.645 741 1, accurate value 2.645 751 3.
Use differences, the third difference should be the same everywhere;
p(0.5) = 0.175, p(1.0) = 0.200, p(1.1) = 0.121, p(1.2) = 0.000.
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6. y(x) =1 — 3x2 4 }x* — . --. Actual solution, y(x) = exp (—x2/2).
0.0 0. l 0.2 0.3 0.4 0.5
y (approx.) 1 0.9950 0.9802 0.9560 0.9232  0.8828
y (true) 1 0.9950 0.9802 09560 0.9231  0.8825
CHAPTER 12

3. L=(b— a)(1 — k?~2; k is found from (12.8) at the end-points.
¥, k(1 + yHY2 =1,

)7.A——I sm"'—ds

P8. kp' = (p% — k%12,

Section 12.7
Same steps as example 12.3.
Minimizing curve is x2 + y* = 2.
3. (a) x is a double root of Ax = cosh x;
(c) from (12.11), S = 27k [° , cosh? (z/k) dz;
(d) k = a — b?[2a — 7b*[244°.
4. I=[n@Ir*+ (dr/df)?]+ aé.
Take axes so that 8 = 0 when r = . If § = 4 (= — deviation), ¢ = 0 at
r = a. Equation reduces to

[ S Iy

¢ a dr
(a2 + a2)1/2 = © r(r2 —_— 02)112 ’
which can be evaluated by putting r = $a(y + y~?1), or successively
r = acosh ¢, y = exp ¢, to yield a deviation #[(a® + o?)*? — al/a.

Apply (12.18) to obtain V2% — 8%p/or2 = uZp.
6. (a) x/ot = 0 and so x = ¢, ox/dq;;

" . d (ar) S oy a T
e T y\a) T w Py o4,

$(x, 1) = m(Fv?t + vx).

r20 =k, F— rf2 + dV/dr = 0; V = —k2a2/2r".

9. —A'(1 — yH-Y2 =2gP(s), where y = y(s) and P(s) = f‘:, p(sH ds’;
y = —acos (s/a) and 2P(ma/d) = M give A = —gM;

p(s) = (M/2a) sec? (s/a).

w

® =

CHAPTER 13

»6. Reduce the numerator until it contains the same integral as the deno-
minator. There is no need to evaluate I,.
»7. Integrate by parts.
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Section 13.6
In S-L equation p=1, g=x, p=x2 Try y=x(1 — x); =33,
J =315,
d?Z 1dZ w? . ,
et ra + FZ = 0, with Z(a) = 0 and Z'(0) = 0;
S-L equation withp = r, g = 0, p = r/c?, A = w?;
1 2 1

H — 2 2yf — [ ——
estimate A = (c*/2a )(2 P + I
(2 + v2)?/2a® = 5.83c¢%/a®, whenv = /2.
(ii)) As in example 13.2, estimate is #%«/2m + k/8a [kinetic energy +
potential energy] and minimum occurs at that « which makes the two
terms equal.
H = —(h%2m)V? — ¢e?/r; writing J, for f; rt e 26T dy, f Y*Hy dv =
4m(h®Blm ~ e2)J, — (4nh®B%2m)Js, | ¥*¢ dv = 4mJ,; minimum estimate,
when 8 = me?/h?, or — me*[2h%. Wave function is

(m3e8|mh®)V'2 exp (— me?rih?).

In SI units €2 is replaced by e?/4rme,.

-1
) , which minimizes to

In S-L equation extended to two independent variables, p = 1, g = 0,
p=1,and

10 x (Vw2 + 0 x u?] dx dy

ki <

H | x u?dxdy

Use as the trial function u(x, y) = x(4 — x)y(I — y). Numerator =

(64 x 17)/90. Denominator = 512/450; direct solution A2 = 17#%/16.
12 2 _ .\ 172
E;, < g (rﬁn) (14+4:—7_nl)—3) which has a minimum value of % (i)

when integer n = 0.

—mjy; = Ta Y[y, — (y2 — y1)] and similarly for the other masses.
Putting y; = x; cos wt gives required equation; estimates for maw?/T,
18 38 true values 2 — /2,2 + /2.

Take angles of links with vertical as 6;;

1
5 (S )

i=1 =1

ma* . ma? (‘210. }lé 2
- ) .

24 i=1 2 i=1 Vj=1 '

Trial i) 8, = 1, 8,21, = 0; w? < (6n — 3)g/(6n — 4)a ~ ng/l forn > 1;

() 6, =1,8,., = 0; w? < 3ng/2;

(iit) 6; = 1 all i; w? < 6n%g/4na ~ 3g/21, for n > 1.

Trial (iii) is, as expected, the best guess and can be compared with a solid

rod.
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CHAPTER 14

»1. (i) 3412 — 1432 — 1234, i.e. even number (two) of changes;
(ii) 321 — 123, odd; (iii) not permutation of 1234.
»3. 241 -20(-2)—1-3-1 4+ 101 + (—=3)-3.(—2) — (—3)-4-1 = 35.
123 132 213 231 312 321
2 1
=

b4. (i) —(3))_; _13 _,

+@)Jf “f’—m)

= —3(=5) + 4(5) — 0 = 35;

3 4 2
0»(-»[1 _Zl—w)ll L

2 1
+(1)>3 4‘

= —3(-10) — 0 + 1(5) = 35.

»5. (i) abc + 2fgh — af? — bg?® — ch?; (ii) 0.
»6. ab(ab — cd).

2 —-b —b
»8. (i) |4 = =24, no; (i) |1 —2a 2a =0,

1 —6a+b 6a+b
x y oz
4ab 4a+b 4da—b
MO. |4] = 61, |B| = 1, |D| = |E| = 6l.

. 0 0
1. — 0:BA = .
M1. ()4B = O; BA (3 0)

yes,

Com _ Ba
14l 4]

¥13. () (AD)y; = aylD)y = aydyy = ay;
(i) (JA)y = Syay = ay = (AD)y;
(iii) (I = Stksk! = Su'
»14. (i) consider (A4~ 1) = I;
(ii) start from AB(AB)~* = I and apply (14.36 a) twice;
(iii) build up from (ii).
s~ Pt ~ o
»16. Replace B by BC in (14.46) then ABC = BCA = CBA, then replace C by
CD etc.
M18. ry; + is; = ry — is;; since H = H*, where r; and s,; are the real and
imaginary parts of h,;.
»19. (i) Bis (¢), (d), (); (i) Cis (a), (e), (h).
2. — TR +6=0;1A=1,3 % +15;(1,1,3),
5+ V15,7 + 2415, —4 — /15),(5 — /15,7 — 2+/15, —4 + /15).
»26. (i) Show UU = I.
»27. Eigenvalues are -4, p; =6, po = —6; y; = 37Y2%(x; + x2 + X3),
Yo = 6"Y3(x; — 2x 4+ x3), y3 = 27Y2(—x1 + x3).

P12, (AA™ Y = (Ahem(A™ D = im |A| = &y.
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»28. (a), (b), (o), ).
»29. (Vé) = Qawx, 2az;x;, 2a3;x,) = A(x1, Xz, X3).
P31 x1:x2 = 5 + v/19: =204 + +/19).

10.

Section 14.13
(@ —1; (&) BN(£1)? = 6; ©) apsy = — ey = —6; (d) write as
Hepa; + enaz) = ey + euday = 0.
(@aAb)(cAd=(ac)b-d)— (d-a)b-c).
A —-2Aa+b+c)— Ab2+ 2+ a* — ab — ac — bc) — 3abc + a® +
b® + ¢® = 0; invariant under cyclic interchange of a, b, ¢; BC = CB
implies ¢b + ac + ab = a® + b*> + ¢? and 3abc = a® + b® + c?, equa-
tion becomes A*> ~ A2(a + b + ¢) = 0.
(i) x only appears on the leading diagonal, so equation must be a cubic;
x = aq or b or ceach make two rows or columns identical or simple multiples
of each other and therefore must be the 3 required solutions;
(ii) the equation is linear in x as can be seen by imagining the subtraction
of one row from each of the other two and then one column from each of
the other two, leaving x in only one element. Adding all rows of the original
matrix together gives 3x + 3 as a common factor. Thus the solution is
x = —1,
Determinant of left-hand side coefficients equals zero. Eliminate x, y and
ztoobtain n? — 3 +2=0; fory=1, x=1+ 2z, y = —3z; for
n=2,x=2zy=1-3z

1 1 =2 x; = ~3/2,

1
Inverse matrix = 3 -7 1 41; x.=17/2,
5 -1 -2 xs = —3/2.
11 =31 2 x =3,
Inverse matrix = | -5 15 -14; y=1,
-6 17 -1 z =2,

P g ~ o~
() (U-rAU)Y* = U*A*U~** = U'4U;
(i) (iA)* = —id* = i4d = (i4);
—~ o~ A~
(iii) If AB = BA, (AB)* = A*B* = AB = BA = AB;
if (4B)* = (4B), BA = B*/T*,ig}?ﬁ)* = AB.
WU T =IFS A=+ YT -=T+SH Y+ 8=
(I — $)~I + S), it then follows that 44 = I;

_ 0 —tan (6/2) ]
| tan (8/2) 0

1, l + (aﬁ)1/2, 1 —_ (aﬁ)1/2; (0’ 0, 1), (allz,, Bllz’ 0)’ (a1/2’ _BIIZ’ 0); aﬁ real
and >0, || = |B|; express « and B as |«| exp (i0,) and || exp (i6,).
2-120, 0,1, 1), 6-22(2,0, —1, 1), 39)"¥%(—-1, 6, -1, 1),

a3)-*232, 1,2, -2).
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11.

12.

13.

14.

15.

16.

Chapter 14: Solutions and hints

For A: (1,0 —1), (1, &y, 1), (1, ag, 1); for B: (1, 1, 1), (B1, 1, —B1 — y1),
(B2, v2, —B2 — y2); simultaneous and orthogonal (1,0, —1), (1,1, 1),
a, -2,1).

Max. = 6 at £6°Y2(2,1,1); min. = 3 at +3~-Y2 (1, —1, —1); [other
eigenvalue = 4].

(i) Use the mutual orthogonality of eigenvectors, +2-12(0, 1, —1);

(ii) Q = ¥ Ay, where x = Uy, and is the required expression; explicitly

2 — -_— 2 — 2
Q=6(2x+y+z)+3(x y z)+4(y z)’
V6 V3 V2

which is as in question 12.
Divide through by 100, then eigenvalues are 4 and 1, thus semi-axes are
2 and 1; major axis makes arctan (—4/3) with the positive x-axis.
(i) Longest axis corresponds to smallest eigenvalue whose eigenvector
is (1, 1, 1);
(ii) divide through by 3, then eigenvalues are —1, —1, 9; eigenvector of
the non-repeated root is the axis of symmetry and is (1, 1, —1).

1 2 3
m M m
f/o (a)w2=c+’%

(b) w?

I
o

kM

tM/ﬁO\\O e
2km m

Fig. S.8 The normal modes of the coupled pendulums in example 16.

17.

18.

As d— 0 all swing independently with frequency c¢?; as d — o only
mode (b) can be excited and pendulums swing as a rigid body with fre-
quency c'/2,

(i) obtain (A" — AME"Au® = 0; (i) ¢y = (PAP)y = (PlyduPy=
upAqui = WtAw’ = O0fori # j.

Values of A are 2, —1, and —3; required vectors (0,1, 1), (—=1,1, 1),
(-L1L,25x=-n-xy=&+n+xn2=E+7+ 2x 28 — 92 +
3x? and ¢2 + %2 — x2 [or any scaling of these]. If the roles of the quad-
ratics are reversed the values of A are —4, —1, and 1.
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19. A=—-1,2andd;x =26 -2+ 25, y=E+n+x,2= =36+ 1 — x

 [r o0 s 1 -+ o
20.4=5m]0 1 Of, B=~ -+ 1 -1}
0 0 1 41 0 -3 1
maw?

=20r2+ y2o0r2 — 2,

with corresponding amplitudes (1,0, —1), (1, —+/2, 1), (1, +/2, 1).

21. (i) Show f;-e; = &;;; show f,-f;= .-- = hyguhy = --- = hy, using
that H is symmetric;
(ii) (ugyu)*?, (o) '%, uw,;

32 —-1/2 -172
Gii) H=a"2%2 | —1/2 32 —-1/24;
12 —-12 32

(iv) Normal to the plane is n = uf; where v; = p, v; = ¢q, and vz = r.
Length of this is (0ihyv)V2 = a~[3(p? + ¢* + r?) — qr — pr — pgl*? =
M (say).

(a) p~'e;-n = M1, (b) arccos (p/Ma).

CHAPTER 15

p1. (i) Follow example 15.1, u; = x;cos(p — ) — xzsin(¢p — 0), u; =
xy8in (¢ — ) + xacos(p — 0); (ii) ¢ = —m/2.
»2 (3144)' _ ouy _ Haue) ox; _ Ouy Oue  Ouy

Ay — Ay = O T = —*

ox, ox/ o, ex{ e ox;  Oxe

P3. ui; = $2x3 — 2sCx1xs + €2x% # ¢2xg + csxyxp + scxixg + s2x3.

»4. Start with (15.13 b), interchange i and j, interchange dummy subscripts
p and gq.

’5. (11) W;cku;,g = QqpQjiUg; = aq,,a,,(wuu.,j) = Wuu;g.

»6. (a) x;x; is a second-order tensor and the value of the form at any par-
ticular point in space is fixed; contraction with x.x; gives (b) 0, (¢) 4x3x3
which is not invariant.

i 5 A duy.
ii — iii) € — 3
i) 8y g (i) e 5
. 9214; 6214,,,
(iv) 8, 6—; (V) €yr€im
X ox §

»7. (1) S(ja{bj;

ax, ax, ’
i) Syepmciah, = epaciach,.

#10. Use exactly the procedures employed for &;; and ey.
»11. Polar, I; axial, H, B, g, C. Consider (a) ev; (b) pol A T1; (0) poH; (d)
—uB; () A B.
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b2,

p13.
»14.
P15,
»16.

»17.

©

Chapter 15: Solutions and hints

Using p for polar, a for axial, and s for scalar; (@) p =p A a; (b)p =
pra,(@s=pp;dp=p+aAip+aArp+ah(anp.

(Scalar x isotropic tensor) — (outer product of two vectors).
T = 4 3 mPe 02 € x @,
ouy[éxe = Quglox, = k, u = (kxs, kx1, 0).
Normal to quadric is (2e1;y;, 2€2;y;, 2€3;¥;) = 2v1, v2, Vg); € =c¢|y| 72 =
cr-2,
Ix; + mx; + nxz = x(c/e)'’?; consider quadric referred to its principal
axes as eX? = ¢ with X, axis having direction /, m, n, with respect to
original axes.
Section 15.10

Writing Ty = To, Uy = 3Ty + Ty = 768y, Vy = 3Tedy, Sy =
Ty — Ty).
Contract with the outer product of (x,y, z) with itself to obtain
—(x% + y% + z%)?, i.e. an invariant.

0 Wiz — Wz
i) W= | ~wp, 0 Was | ;

W31  — Wag 0

(it) vy = was, V2 = Wa1, U3 = Wig]
(v) (v A b); = eoib = YepenmWimby = -+ = —wyby.

() eypenmiivnwy and use (15.29);
(i) e Hbuy)/0x;;
(i) O(eyyeu;0,)/ 0
(V) eyp€am o(uvy)/0x; and use (15.29);
(v) start with u A curl u, & U 60m Un/éx, = -+ -
= u;(0u;/0x;) — u,(0uy/0x;).
cul H=J + D;divD = p; curlE + B = 0; divB = 0.
(ii) arrange the answer to (i) as $8(A%)/ox; — 8(4;4,)/8x; + A(0A4,/éx));
(iii) (@) curl A = 0; (b) div B = 0; see previous question.
a; = Yepu0y, Sy = doy + o) where o is the conductivity tensor;
j, E and sE are all polar vectors, thus so is (E A a), showing a is axial.

20 0 2 2
I= ma2 0 20 4 sy X1 = -1 ,
2 4 20 0
1 1
Xz = 2 sy X3z = 2
Vs -5
-1 . o ) ,
I=28ma? | -1 8 with principal moments 40 ma?, 64ma? and

72ma®.
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11.

12.

13.

14.

15.

16.

»2.

»3.

»5.
»6.
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Principal susceptibilities and axes are

A= 4’ i(O, 2—1/2’ 2—1/2),

A=2+Q2 + ) Ve, 1, —1) with c1e5 = —2.
(i) Lowest value of energy — equation (15.45) — when (0, 1, 1) axis along
field;
(ii) permitted settings are (0, 1y, ns), hence as in (i);
(iii) permitted settings are (n;, 0, n3) giving energy = —iuckH?V x
(2n% + 3n3), which, subject to n? + n3 = 1, minimizes with (0,0, 1)
direction along field.
The principal permeability (in direction (1, 1, 2)) has value 0. Thus all
nails lie in the plane to which this is the normal.
Ji = oy,E, gives I'sin § cos ¢ = gmr2E,, Isin 0sin¢ = anr’E,, Icos 8 =
bmr?E; and then V/I = E;sin 8cos¢ + E,sin Osiné + Escos 0; the
current must flow along the wire; E is not along the wire.
Take pi1 = paz = pas = —p, pyy = €;; = 0 for i # j leading to —p =
(A + 3p)ey,. Fractional volume change = ¢,;. A and p as in example
15.3.

KEQ - o) KEQl + 40) (twice), use (15.60).

( + o)1 - 200 201 + o)1 — 20)

All wall forces normal, p;; =e; =0 for i #j, upo=uz3 =0, —§ =
Aeiy + 2uers, modulus = A + 2u. A and p as in example 15.3.
au, 3141)

P = Za(V-u)S,,« + 2b (- + —
an 9)(,

’

form 3, (2/ox;) of this equation, substitute for &p;;/ox; and then form
S (8 /éx)) of the result; wave velocity for V -uis [(2a + 4b)/p]*/?;

02 (curl w) 0 (817”)
— (curlu), = ey — | — |
P o BT ox, Vo

then use above equation and e 92/0x; 6x; = 0; wave velocity for
V A uis [2b/p]*2.

CHAPTER 16

(a), (b), (d) are analytic since everywhere they satisfy (16.5) and the par-
tial derivatives are continuous; (¢) is analytic only at the point z = 0.
Second and fourth quadrants, du/éx = +1 for x 2 0, dv/dy = +1 for

ys50,
(@ (3 = 2D)z; W) sin(2); (0) zz*; (d) z + z7 L.
At z = 1 series diverges; at z = —1 series converges to —In 2.

(ii) Ratio = (n + 1))z|, which is >1 for all z # 0 and sufficiently large
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»7.

»8.

»9.

»10.

»11.
M2,

»13.

»14.

»15.

»16.

»17.

»19.

»21.

»22.
»24.

Chapter 16: Solutions and hints

n; (iii) ratio = n|z|/(n + 1), which is <1 if |z] < 1, but is >1 for suffi-
ciently large n if |z| > 1.

1 (r+s) 1
rist r r + s)!

(i) || < 1, except ¢t = 0; (i) [¢| > 1; (iii) a positive increasing spiral
starting at ¢ = 1; (iv) a positive decreasing spiral starting at ¢ = 1,

1 | 27k
1 = exp (; ]ogt+1—n—),k=0,],...,n— 1.

(a) exp (—2y) cos (2x);

(b) % sin 2y sinh 2x;

(¢) v2exp(mif3) and +/2exp (47i/3);

(d)exp (27'?) or exp(—2713);

(e) cosl —isinl = 0.540 — i1 0.841;

(f) 8sin(In 2) = 5.11;

(g) exp (—4m — 2wn), n integral, n = 0 gives principal value;
(B In(8) + i(2n + Y.

Use (16.22) and dw/dz = (dz/dw)~1.

Write in modulus and argument form and use the formulae for cos «
and sin o in terms of cos 2a.

In (ii) dF/dz = }ikz~2, in (iii) dF/dz = 2ikz; (a) |E| = 2k|z]|; (b) at
y =0, dF/dz = tikx~'2, hence E, =0, E, = Ykx~'2 and o < E,;
(o) |E| = |}ikz~Y2|; (d) if 8 is angle of radius vector, arg dF/dz = 6 + =/2,
direction of E = 7 —~ (8 + m/2) by (16.34 b), hence result.

(a) See (16.47); differentiate (16.44) w.r.t. x and y and then (b) let y— 0
with x > 0, and (c) square results and add.

(i) f(¢) is analytic except at ¢ = 0, —FEt as t — o, and has no real part
on t = aexp (if); (i) put r = a exp (if) giving z = 2a cos 8 + ilasin 6;
(iii) dz/dr = O at ¢t = +2-2g and = at ¢ = 0; (iv) express ¢ in terms
of z and substitute; (v) put z = 3a cos 0 + ilasin @ into F(2).

fztdz = Logz.
(i) [2*iR® exp (3i6) 6 = 0; (ii) [ [(x* — ¥ + 2ixy)(dx + idy) for each

of 4 sides; of the 16 integrals, 8 are trivially zero, 4 have value zero, and
the other 4 cancel in pairs.

1 1 & [z — a\"
e—z=§—a§(§—a)'
(@ f(2)=Q2z" + 4z + .--), integral = 27i x 3 = 3mi; (b) the

same; (c) by expansion or lim [(z — 2)f(z)] as z— 2, residue at z = 2
is —4, total integral = 0.

Ao = 0, Ay = arctan (3), Ao = —arctan (4), thus no root included.
Residue at z = —ais Ba=#~1exp (—ifm); I = nBa=#~1 cosec (nP).
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Section 16.16

oufoy = —exp (x)(y cosy + xsiny + sin y), z exp (2).
sin 2x — isinh 2y
f= cosh 2y — cos 2x
poles at z = nw.
@w0;B)1;()1;d1;(elim(l + p/n)* =¢eP, R = e~".
[(x + ¢) + W)/[(x — ¢) + iy]| = exp (4), which can be arranged as
{(x — ¢ coth u)% + y% = ¢ cosech? u; ccoth uy = —d, ¢ coth u, = d,
|c cosech u;| = a, cosh u; = dja with u, = —u,, capacity o (uy — uy)~ 1.
W(t) = (~iV/m) logt; Wi(z) = (~iV/m) log [(z/a) + ((*[a®) — 1)* 7],
potential = (V/m) x arg[...].

A .X2 2 C2 2
Ellipses @+ 17 + @ =1y = iz hyperbolae

Special case of z real, =x, shows f(2) = cot (2);

2
y
oL TS =%
COs” o sSIn” o

slit —¢ €< x < ¢,y = 0;slits £cto +o for both cases; ¢ = 0 on strip;
if P=¢ + iy = —k arcosh (z/c), dP/dz = —k/(c sinh (— P/k)).

@) =3 a
0

with a _ (_1)n+1p2n+1 « (_])r o
2n +1 @+ & pene1” azn = U3

R~ =1im [p-1-(2n + 1)~1] = 0 by the root test.

Zeros at z = nm, simple poles at z = (r + ), essential singularity at
z = o0,

D]zl =%, 8% +z] <é1 < 1;|z| =% > 18 > |z + 1];
(ii) write as 8(z — y)(z — « — if)(z — « + iB) = 0, ¥ is <0, and then
zero coefficient of z2 shows o > 0. Show —§ >y > —1 and use
—8y(a? + B2 = 1.

(i) ¥® + S = 0 has no real roots; (ii) one negative real zero and a con-
jugate pair in the second and third quadrants; zeros at —3, —1 — i,
-1 +1i.

A=3— 122 + ¢4, B = —2t— 23 A c[arctan (B/A)] = 0,
A cfarg f(2)] = 4m, hence 2 zeros inside |z| = 1.

Pole at z = 1/a, ma~™(a® — 1)~ 1.

Only pole inside wunit circle at z =ia — i(e® — 1)*'23, residue
—ila® — D~Y2; 27[a(a® — 1)~Y% - 1].

Follow example 16.5 and use Jordan’s lemma, pole at z = i; 7 exp (— ).
Factorize denominator as (2x + )(2x — i)(x + i)(x — i), simple poles
at 4i and i.

Use Jordan’s lemma and a semicircular contour indented at z = +a.

I
}
o0

N
=

I
N
&)

(i) Only pole at origin with residue =~ *; integral = 2i;
(ii) each is O(exp (—7R? — wR271?));

(i) sum of integrals is 2i [*, exp (—r?) dr.

Follow example 16.7 (page 478); = cosec (7).
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19. See example 16.7 (page 478).

20. Eval j’ 7 cotmz d
. Evaluate |\ ———dz
G +23 + 2
around a very large circle; residue at z = —3 is 0, and at z = —1 is
47 cot (—3m).
21. Behaviour of integrand for large |z| is |z| ™2 exp [(2¢ — 7)|z|]. Residue
at z = m is sin? (ma)(—1)™/(me)? for m= —o0,..., ~1,0,1,..., .

Even function, so > = 1[>%, —(m = 0term)]. No contribution from
contour, leading to value ¥ for required summation.

22. Poles at (i) ib and —ib, (i)t =s—a=0,of order n + 1, (iii) t =0
and r = —2|a|.

23. fl, and L tend to 0 as R— o and p— 0. Put s = rexp(im) and s =
rexp (—im) on the two sides of the cut and use fi: exp (—t2x) dt =

1(m/x)*'2. No poles inside contour.
24. v is traversed negatively, residue is 1.
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Where a topic is discussed on two consecutive pages, reference is made only to the
more appropriate of these. For discussions spread over several pages the first and
last page numbers are given; these references are usually to the major treatment of

the corresponding topic.

Where a reference is made to an exercise or example, the information may be in
the corresponding solution, rather than in the question itself.

absolute convergence of series
of real terms, 12; of complex terms,
444

acceleration vector, 84

Adams method, 323

adjustment of parameters, 354

algebra
of Cartesian tensors, 416-18; of com-
plex numbers, 3; of matrices, 373-9;
of vectors, 69-81

algebraic equations, numerical methods
for, see numerical methods for alge-
braic equations

alternating signs test, 11

Ampére’s rule (law), 88, 105

amplitude modulation, 213, 222

analytic function, 441

angular momentum
quantum numbers, 280; of a solid
body, 92, 427; of a system of particles,
94, 427; as a vector, 69

angular velocity, as vector, 69, 101-3

anti-Hermitian matrix, 382

antisymmetric
Cartesian tensor, 417, 430; matrix, 381

arbitrary parameters, for ordinary dif-
ferential equations, 117

arbitrary functions, for partial differen-
tial equations, 225-8

area, maximal enclosure of, 337

area, as vector, 69, 86, 90

Archimedean upthrust, as surface inte-
gral, 92, 95

arg see argument

Argand diagram, 3, 6, 451

argument L.
of complex number, 3; principal
value of, 3; principle of the, 470, 485

asszogcoiated Legendre equation, 179, 276,
associated Legendre function P7(x), 276,
279, 290
associative law
for complex number algebra, 3; for
matrix addition and subtraction, 374;
for matrix multiplication, 375; for
vector addition and subtraction, 71;
for vector multiplication by a scalar, 72
asymptotic equality symbol, ~, 2
auxiliary equation, 128
equal roots of, 129
axes principal
of inertia tensor, 428; of quadric, 394,
433
axes, rotation of, 382, 408, 409-11
axial vector, 423-6

backward difference, 317

base vectors, 73

Bessel’s equation, 151, 180, 279, 281
second solution Y,(x), 281

Bessel functions, series for
Jo(x), 157; Juye(x), 160; Jn(x), for
integer m, 170

Be;;eél functions, spherical, j,(x) and n(x),

binary chopping, 300

binomial coefficient, 18, see also rable of
symbols opposite page 1

Biot-Savart law, 90

Boltzmann’s constant, 45

Boltzmann distribution, 43

Born approximation, 189

boundary conditions
use in expansion method, 286; for
ordinary differential equations, 118;
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boundary conditions (contd.)
for partial differential equation types,
233-5; for Sturm-Liouville equation,
176, 351; met by superposition, 283-6;
types of, 233; for wave equation, 245
boundary curve, of a double integral, 55
Bromwich integral, 480
bulk modulus, 437

Cyy, see co-factor, in matrix

calculus, preliminary, 1-65,
under individual topics

calculus of residues, see zeros of a func-
tion of a complex variable and con-
tour integration

calculus of variations, 332-46
conditional variation, 344-6; as alter-
native to differential equations, 349;
Fermat’s principle, 340; general idea
of, 332; Hamilton’s principle, 342;
higher derivatives, 342; Lagrange’s
equations, 343; several dependent
variables, 341; several independent
variables, 342; soap films, 338-40,
346; special cases, 335

calculus of vectors, 83-94,
vectors

Cartesian tensors, 408-35
algebra of, 416-18; contraction, 417;
definition, 414 ; divergence theorem for,
436; first-order, 409-12; isotropic,
422, 434; order of, 408; outer product
of, 417; quotient law, 418, 427;
under reflections, 423-6; second-
order, 413-16; symmetry and anti-
symmetry of, 417, 430; and vector
algebra, 420-2; zeroth-order, 412

Cartesian tensors, particular
conductivity, 429, 437; §;;and ey, 419-
422;inertia, 93, 427; permeability, 437 ;
strain, 429-35, quadric, 432; stress,
433-5, quadric, 434 ; susceptibility, 429

catenary, 340, 345

Cauchy’s
integrals, 463-5; root test, for con-
vergence, 11, 445; theorem, 4614, 468

Cauchy boundary conditions, 233

Ca:chy——Riemann equations, 4424, 450,

62

central difference, 316

CF, see complementary function

chain rule, 31, 85

change of variables, 29-33
chain rule, 31, 85; in multiple integrals,
57-65; under orthogonal transforma-
tions, 389, 414; in partial differential
equations, 242-4; under similarity
transformations, 391; in single integ-
rals, substitution, 50

characteristic determinant, 386, 390

characteristic equation, 386, 398

characteristic vector (eigenvector) see
n}atrices, eigenvalues and eigenvectors
o

see also

see also

chqrgled conductors, see complex poten-

tials

charged particle, in electric and magnetic
fields, 94, 147

Chebyshev equation, 180

circle of convergence, 445

circuits, electrical
cc4)upled, 134, 146, transients in, 135,
148

closure property, 184

co-factor, in matrix, 367, 371, 378

columns, of matrix, 361

combination of variables, 250

commutative law
for complex number algebra, 3; for
convolution, 220; for matrix addition
and subtraction, 374; for multiplica-
tion of vectors by scalars, 72; and
scalar product of vectors, 74, 76

comparison test, for infinite series, 10

complementary function (CF)
for ordinary differential equations, 126
see also, ordinary differential equa-
tions, methods for

completeness requirement, 191, 283, 356
of YT, 280

complex conjugate, 7

complex integrals, 456-63
Cauchy’s integrals, 463-5; Cauchy’s
theorem, 461—4, 468; definition, 457;
Morera’s theorem, 462; principal
value of, 475; residue theorem, 467-9;
of 271, 458-60, 463; see also zeros of
a function of a complex variable and
contour integration

complex numbers, 2
algebra of, 2-4; Argand diagram for,
3; argument and modulus of, 3;
conjugate of, 7, 443; de Moivre’s
tl;ecirem, 6; real and imaginary parts
ot,

complex potentials, 449-56
for circular and elliptic cylinders,
456; for conducting plates, 454-6,
484; under conformal transforma-
tions, 451-4; and electrostatic field,
451; equipotentials and field lines,
450; orthogonal contours, 449; for
parallel cylinders, 484 ; for strip, 484

complex variables, 439-83; see also
functions of a complex variable and
power series, in a complex variable,
and complex integrals

components
of a vector 70, complex, 76; of the
%radient vector, 97; of linear operator

, 97

conditional variation, 41-3, 344-6

conductivity tensor, 429, 437

conformal transformations, 4514

conjugate, see complex conjugate and
Hermitian conjugate, of a matrix

conservative fields, 108

constant coefficients, in differential equa-
tions
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in ordinary differential equations, 127;
12121r 5partial differential equations, 238-

constraints
integral, 344; stationary values under,
41-5; among variables, 26; on varia-
tions, 41-3

continuation, for Fourier series repre-
sentation, 2

contour, on map, 96

contour, path of complex
456-8

contour integration
for infinite integrals, 474-9; for in-
verse Laplace transforms, 480-3;
and residue theorem, 467-9; of sinu-
soidal functions, 473; for summing
series, 479; see also zeros of a function
of a complex variable

contours, orthogonal, 449

contraction, of Cartesian tensors, 417

convergence of infinite series, 8-13
absolute, 12, 444; alternating signs
test, 11; circle and radius of, 445;
comparison test, 10; crucial considera-
tion, 10; necessary conditions, 9;
ratio test, 10, 445; root test, 11, 445

convergence of numerical iteration
schemes, 303-5
order of, 304

convergence of series solution of differen-
tial equations, 162

convolution, 219-22
definition, 220; of resolution curves,
219-22; theorem, for Fourier trans-
forms, 220

coordinate system, change of, 29-33,
see also change of variables and ortho-
gonal systems of coordinates

coordinates, see spherical polar coordi-
nates and cylindrical polar coordinates

coplanar points, vanishing of triple
scalar product, 79

cosh, hyperbolic cosine, 7, 448

cosine, in terms of exponential func-
tions, 5, 448

cross product, see vector product, of
two vectors

curl of a vector field, 96, 101-6
of conservative vectors, 108; curl curl,
106; definition, 103; determinantal
form, 104; in non-Cartesian systems,
114; in spherical and cylindrical
polars, 114; Stokes’ theorem, 105

current-carrying wire
in magnetic field, 94, 426; magnetic
field due to, 426; magnetic potential
due to, 110, 276

cut plane, 449, 477

cylinders, conducting, electrostatic po-
tential of
circular and elliptic, 456; parallel
circular, 484

cylindrical polar coordinates
differentials of length, area, volume,

integral,
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94; Laplace’s equation in, 278; vec-
tor operators in, 110-14

D operator
for coupled equations, 134; D-! as
integration symbol, 131; distributive
and index laws, 130; for ordinary
differential equations, 130-5; for
partial differential equations, 248;
polynomials in D, 130; properties, 130

8-function (Dirac), 214-17, 253
approximation to physical situations,
215; and Fourier transforms, 213;
and Green’s functions, 183; proper-
ties, 215; representations, 216

8;;, Cartesian tensor, 419-23
identity involving, 420; as isotropic
tensor, 422

8;;, Kronecker delta, 178n

D’Alembert ratio test, 10, 445

d.e., see ordinary differential equations

de Broglie relation, 209, 260

de Moivre’s theorem, 6

deconvolution, see convolution

definite integral, 45, see also integrals

degenerate eigenvalues
t;%l; linear operator, 177; for matrix,

degree, of differential equation, 116

del, V, 97, 100, 104

del squared, V2, 101
in cylindrical polar coordinates, 113,
115, 272; as Laplacian, 107; in non-
Cartesian systems, 113; in spherical
polars, 113, 272; in two-dimensional
polars, 272

delta, Kronecker, 178n

dependent functions, 33

derivative
under change of variables, 29-33; of a
function of a complex variable, 440,
Cauchy integrals for, 464; first, 13;
of a function of a function, 31; of an
indefinite  integral, 48; Leibniz
theorem, 17-19; of a function of one
variable, 13; partial, 23, see also par-
tial derivatives; of product, 15-19, 50;
of quotient, 16; second, 14; total, 26;
of a vector, 83-5

det, see determinant of a matrix

determinant of a matrix
characteristic, 386, 390; definition
and notation, 364; evaluation of, 364,
367, 370; expansion by rows and
columns, 366-8; and Jacobians, 36;
minors and co-factors of, 367, 371,
378; of a matrix product, 377; proper-
ties, 368-70; and simultaneous homo-
geneous linear equations, 372, in-
homogeneous, 379

determinantal form
of curl of a vector, 104; of Jacobian,
36; of stationary value criteria, 41;
of tensor identity, 422; of triple
scalar and vector products, 78
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diagonal matrix, 388

diagonalization of matrices, 388-91, 405

difference
finite, see finite differences; schemes
for differential equations, 317-21,327-9

differentiable, of a function of a complex
variable, 440

differential
of length, area, and volume, 94;
total, 26; of a vector, 85

differential coefficient, see derivative

differential equations, see ordinary dif-
ferential equations and partial differen-
tial equations

differential equations, particular
associated Legendre, 179, 276, 290;
Bessel’s, 151, 180, 279, 281, with
m =20, 156, with m = 4, 159, with
m = 1, 159; Cauchy-Riemann, 4424,
450, 462; Chebyshev, 180; diffusion,
232, 234, 238, 249-53, 254, 258, 269,
284-6, 329; Euler (-Lagrange), 333-5,
350; Gauss, 188; Lagrange’s, 343;
Laguerre, 180; Laplace, 234, 236, 238,
241, 271-9, 328, 349, 444, 449;
Legendre, 151, 163, 179; Poisson, 189,
235-7; Schrodinger, 232, 259, 270,
282, 354; Sturm-Liouville, 175-80,
350; telegraphy, 256-8; for transverse
vibrations of a rod, 259, 289; wave,
231, 234, 238, 240, 245-7, 257, 264,
267-9, 280; see also under the indi-
vidual equation names

differential operator, see linear differen-
tial operator

differentiation
and Fourier transforms, 213; of a
function of a complex variable, 440-4;
Leibniz theorem, 17-19; partial, 22-7,
see also partial derivatives; of pro-
ducts, 15-19, 50; of quotients, 16;
term by term, of Fourier series, 204

diffraction grating, 209-12

diffusion equation, 232, 234, 238, 249-
253, 254, 258
by combination of variables, 250;
numerical methods, 329; separation
of variables, 269 ; simple solution, 249;
by superposition, 284-6

dimension, of an integral, 54

dimensionally homogeneous differential
equation, 122, 139, 147, 148

Dirac 3-function, see 3-function (Dirac)

direction cosines, 75

Dirichlet boundary conditions, 233, 463n

discontinuity, behaviour of Fourier
series at, 195-7

distortionless line, 263

distributive law
for complex number algebra, 3; for
D operator, 130; for differentiation,
84; for matrix multiplication, 377;
for multiplication of a vector by a
scalar, 72; for scalar product of vec-
tors, 74

div, 96, 98-101

divergence of infinite series, 8-13

di\‘/‘%rgence theorem for tensor field,

6

divergence theorem for vectors, 100

divergence of a vector field, 96, 98-101
in cylindrical and spherical polars,
112; in non-Cartesian systems, 111

doubile factorial, 2n + 1)!!, 154

double integral, 54

drumskin, see membrane

dummy subscripts, 362

¢, permutation symbol, 363

€ijk
as Cartesian tensor, 419-23; identity
involving, 420; as isotropic tensor,
422

eigen-frequencies, see normal frequencies

eigenfunctions, of a linear differential
operator, 175, 178, 183

eigenvalues of a linear
operator, 175
by adjustment of parameters, 354,
degenerate, 177; error, in estimate of,
352; estimation of, 351-4; higher
eigenvalues, 352, 360

eigenvalues of a matrix, 383-5
degenerate, 384; determination of,
385-8; estimation of, by Rayleigh’s
method, 356-9, 402; see also matrices,
eigenvalues and eigenvectors of

eigenvector, see matrices, eigenvalues
and eigenvectors of

Einstein relation, 209, 260

elastic deformations, 429-35

electromagnetic field
flux, 91; Poynting vector, 78, 426

electrostatic field
from complex potential, 451; as
first-order tensor, 413; of a point
charge near a conducting plane, 236;
polar character, 425; for conducting
sphere placed in uniform field, 277;
as vector field, 86

electrostatic potential
of an array of point charges, 171;
of line charge, 451; Poisson equation
for, 189; as scalar field, 86, 413; as
tangential line integral, 88

elements, of a matrix, 361

elliptic partial differential
234, 242

equipotentials, 450

Erf, error function, 251, 264

error, estimation of for a dependent
variable, 25

essential singularity, 466

estimation of eigenvalues
for a linear differential operator,
351-4; for a matrix, 356-9, 402

Euler method, numerical, 319

Euler (-Lagrange) equation, 333-5, 350

even part, of a function, 192

exact equation, 120

differential

equations,
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expansion methods
use of boundary conditions in, 286;
fog partial differential equations, 286
28

exponent, complex, 447

exponential function
on Argand diagram, 6; of a complex
variable, 447; Fourier transform of,
208; relation with hyperbolic sine
and cosine, 7; of an imaginary vari-
able, 5; series for, 5; relation with
sine and cosine, 5

extension (fractional), 432

factorial, see symbols
double, (2n + 1!, 154

Faraday’s law of electromagnetic induc-
tion, 94, 106

Fermat’s principle, 340

fields
conservative, 108; electrostatic, see
electrostatic field; scalar, 86; vector,
86, see also vectors, derived quantities
from

field lines, 450

finite differences, 316
backward and forward differences,
317; central difference, 316; schemes
for differential equations, 317-21,
327-30; from Taylor series, 316, 325

finite polynomials, as solutions of dif-
ferential equations, 162
general method, 163; recurrence rela-
tion, 164

finite rotations, not vectors, 70

first law of thermodynamics, 35

Fleming’s left-hand rule, 90

fluids
Archimedean upthrust, 92, 95; and
scalar fields, 86, 92; and vector fields,
86, 90, 92, 98, 102

flux, of a vector field, 90, 98, 100
for electromagnetic field, 91; for
fluid, 90; Gauss’s theorem, 91

forward difference, 317

Fourier integral, see Fourier transforms

Fourier methods, 190-222
completeness and mutual ortho-
gonality requirement, 191; exponen-
tial, sine and cosine sets, 192; har-
monic waves, 190

Fourier series, 190-205
behaviour at discontinuity, 195-7;
coefficients in expansion, 193; con-
tinuation considerations, 200-4; dif-
ferentiation and integration of, 204;
Gibbs phenomenon, 197, 204, 224;
Parseval’s theorem, 218; period of,
191; plucked string, 200-3, 218, 291;
square-wave function, 194-7, 199;
symmetry considerations, 197-9; vali-
dity of, 195

Fourier transforms (integrals), 205-14
convolution theorem, 221; derivation
of, from Fourier series, 205-7; dif-
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ferentiation and integration of, 213;
and diffraction grating, 209-12; of
exponential decay function, 208; of
Gaussian distribution, 208; Parseval’s
theorem, 217; of a product, 220; and
translation, 213; and uncertainty
principle, 209

free subscript, 362

functions arbitrary, and partial differen-
tial equations, 225-8

functions of a complex variable, 440-9
analyticity of, 441-4; behaviour at
infinity, 467; Cauchy’s integrals, 463-
465; Cauchy-Riemann equations, 442—
444, 450, 462 ; complex exponent, 447;
complex power, 448; under conformal
transformations, 451-4; derivative of,
440; differentiation of, 440-4; integ-
ral of, 456-63; Laurent expansion of,
466; and Laplace’s equation, 444, 449;
many-valued, 448; poles of, 466;
power series for, 444-7; principal
value of, 448; real and imaginary
parts of, 440; singularities of, 441,
466; Taylor’s expansion for, 465;
zeros of, 466

functions of a complex variable, par-
ticular
cos, cosh, sin, sinh, tan, tanh, 448;
exp, 447; log, Log, 448

functions of one real variable
derivative (differential coefficient) of,
13; even and odd parts of, 192;
maxima and minima of, 20-2; sta-
tionary values of, 20

functions of several real variables, 22
dependent, 33; integrals of, 54-7;
pictorial representation of, 22, 24, 38;
stationary values of, 38-45

functional, 333

fundamental frequency, 193

Gauss 4 and B positions, 115
Gauss equation, 188
Gauss’s theorem of electrostatics, 91
Gauss—Seidel iteration, 307-9
Gaussian distribution, and its Fourier
transform, 208
GaL(l)s6sian elimination (with interchange),
3
Gaussian integration, 314-16
generating function, 167
for Hermite polynomials,
Legendre polynomials, 168
geometric series, 9
Gibbs phenomenon, 197, 204, 224
grad, 96-8
in cylindrical and spherical polars, 111
gradient of a scalar, 96-8, 106, 108, 110
gradient of a vector component, 415
Gram-Schmidt process, see orthogonal-
ization process for vectors
gravitational potential, 286-9, 292
Green’s functions, 182-8, 253
dependence of form on interval, 185;

171; for
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Green’s functions (contd.)
general approach, 182-4; general
expressions for, 183, 188; impulse

interpretation, 184; integral form of
solution, 183; particular examples,
184-6

Green’s lemma, 461

Green’s theorems, 101

ground-state energy
gfgoscillator, 354; of hydrogen atom,
5

H,(x), see Hermite polynomials
Hamilton’s principle, 342
Hamiltonian, 354
harmonics, 193
harmonic oscillator, see oscillators
harmonic waves, 190
heat flow
in a bar, 254, 284-6, 292; in a cube,
289; in a thin sheet, 252
Hermite polynomials, H.(x), 171, 180
Hermitian adjoint, of a linear differential
operator, 176n
Hermitian conjugate, of a matrix, 382
Hermitian forms
and matrices, 392; reality of eigen-
values, 384; see also quadratic forms
Hermitian matrix, 382 )
homogeneous  differential
139n, 230, 273, 275
Hooke’s law, 434
hydrogen atom
ground-state energy, 359; Schrodinger
equation for, 282
hyperbolic partial differential equations,
234, 242
hyperbolic sine and cosine, 7, 448

equations,

I, unit matrix, 378

i, square root of —1, 24

identity (unit) matrix, 378

IF, see integrating factor -

images, method of, 236, 261

imaginary part of complex number, 2

improper integrals, 49, 57

impulses, as 8-functions, 215

indefinite integral, 46-8; derivative of,
48

indeterminate quotients of form 0/0, 66

index law, satisfied by D operator, 130

indicial equation, see series solution, of
differential equations

induction, method of, 19

inertia
moments and products of, 65, 93,
428; tensor, 93, 427

infinite integrals
by contour integration, 474-9; defi-
nition, 49, 57

infinite series, see convergence of infinite
series

infinity, behaviour at, of a function of a
complex variable, 467

inflection, point of, 21

inner product, see scalar product, of
two vectors

integrals
as an area, 45, 311; change of vari-
ables in, substitution, 50, in multiple
integrals, 57-65; of complex variables,
see complex integrals; as converse of
differentiation, 46-8; definite, 45;
double, 54; elementary properties of,
46; Fourier, see Fourier transforms;
of functions of several variables, see
multiple integrals; improper, 49, 57;
indefinite, 46-8; infinite, 49, 57,
474-9; limits of, 45, 48; as limit of a
summation, 45, 206; line, 87, see also
tangential line integral; triple, 57

integral constraints, 344, 350

integral functions, 447n

integral transforms, see Fourier trans-
forms and Laplace transforms

integrand, 45

integrating factor (IF), 121-3

integration, 4554
using contour integration, 473-9; as
D~ 131; and Fourier transforms,
213; Gaussian, 314-16; by numerical
methods, 311-16; by parts, 50-4,
formula for, 51; of sinusoidal func-
tions, 473; term by term, for Fourier
series, 204

invariance
of scalar product, 76, 413, 418; of
triple scalar product, 79

invariance under rotation, 413

invariant tensor, see isotropic tensor

inverse, of a matrix, 377-9

inverse Laplace transform, 141, 480-3

irregular singular point, 152

irrotational, of a vector, 106

isoclines, method of, 318

isotope decay, 149

isotropic tensors and media, 422, 434

iteration schemes
for algebraic equations, 295, 307;
convergence of, 303~5; for differential
equations, 324; Gauss—Seidel method,
307-9; order of convergence, 304

J.(x), see Bessel functions, series for
Ji(x), spherical Bessel function, 282
Jacobians, 36-8
and magnification under a change of
variables, 61, 64
Jordan’s lemma, 476

Kronecker delta, 8;;, 178n

Lagrange’s equations, 343 .
and energy conservation, 347; used in
small oscillation analysis, 356

Lagrange’s form of remainder, for Tay-
lor series, 20

Lagrange’s identity, 81
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Lagrange’s undetermined multipliers
for a function of several variables, 42;
for integral constraints, 344, 350; for
quadratic forms, 392

Lagrangian, 342

Laguerre equation and polynomials, 180

Lamé constants, 434

Laplace equation, 234, 238, 272
in cylindrical polars, 278; and func-
tions of a complex variable, 444, 449;
general solution in two dimensions,
241; numerical method for, 328;
separated variables in two dimensions,
271; in spherical polars, 274-8; in
two-dimensional polars, 235, 272-4;
uniqueness of solution, 236; as varia-
tional problem, 349

Laplace transforms, 140-6
definition, 140; of derivatives, 141;
of integrals, 142; inverse, 141, 480-3;
notation, 144; for ordinary differential
equations, 144-6; for partial differen-
tial equations, 254-6, 258, 263;
substitution and translation property,
144; table of common transforms, 143

Laplacian, 107

Laurent expansion, 466

Legendre’s equation, 151, 163, 179
associated Legendre equation, 179,
276, 290; condition for polynomial
solution, 164

Legendre polynomials, P,(x), 164-9
and associated Legendre function,
276; and axially symmetric situations,
179; degree of, 164; explicit construc-
tion of first few, 165; in Gaussian
integration, 315; generating function
for, 168; integral of P?, 167, 171;
mutual orthogonality of, 165; normal-
ization of, 165; parity of, 164; recur-
rence and other relations, 168; Rod-
rigue’s formula, 166

Leibniz theorem, 17-19

lim, see symbols

limits, of integrals, 45, 48, 54

line, vector equation of, 72

line charge, electrostatic potential of, 451

line integral, 87
of a scalar, 87; of a vector, 87, 90

linear differential operator, L or L(D)
closure property of eigenfunctions,
184; effect on certain functions, 130;
eigenfunctions and eigenvalues, 175;
to express a general linear equation,
173; factorization of the operator,
147; meaning of [L(D)]-%, 131;
orthogonality of eigenfunctions, 178;
polynomial form, 130; repeated fac-
tors of L(D), 132; self-adjoint, 176

linear equations, 117
differential, see ordinary differential
equations; and matrices, 305, 379;
simultaneous algebraic, homogeneous,
372, condition for non-zero solution,
373
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linear independence, of base vectors, 73

linear interpolation, 298-300

loaded string, 360, 406

Log, of complex variable, 448
derivative of, 449

log, of complex variable, 448

lossless line, 257, 263

Maclaurin’s series, 20
for two variables, 26

magnetic dipole
couple on, 426; magnetostatic poten-
tial of, 115; potential energy of, 75

magnification, local, under change of
variables, 59, 61, 64

magnitude, see modulus

many-valued functions, 448
integration of, 477-9, 482

mapping, see transformations

masses, coupled by springs, 400-2

matrices, 361402
co-factors of, 367, 371; column or
row vectors, 361; diagonalization of,
388-91, 405; determinant of, 363-8,
377; elements of, 361; general and
notations, 361; for a quadratic or
Hermitian form, 388, 392, see also
quadratic forms; and simultaneous
linear equations, 379; and summation
convention, 362; trace (spur) of, 388,
391, 417; tridiagonal, 309-11, 328;
unit matrix, /, 378, 391; zero matrix,
0, 377

matrices, algebra of
addition and subtraction, 373; divi-

sion, 377-9; multiplication, 374-7,
non-commutative, 376

matrices, derived
Hermitian conjugate, 382; inverse,

377-9; minor, 367; transpose, 369,

381

matrices, eigenvalues and eigenvectors of
characteristic (secular) determinant,
386, 390; characteristic equation, 386,
398; construction of (orthogonal)
matrix from eigenvectors, 389; defini-
tions, 383; orthogonality properties
of eigenvectors, 384, 387, 402; reality
of eigenvalues, 384; under a similarity
transformation, 391; stationary
property, 392-5

matrices, properties of
diagonal, 388; Hermitian and anti-
Hermitian, 382; orthogonal, 381, 391;
real, 382; singular and non-singular,
377; skewsymmetric (anti-symmetric),
381; square, 362; symmetric, 369;
unitary, 382

maxima and minima (local) of a function
of constrained variables, 41-5, of one
real variable, 20-2, sufficient condi-
tions, 22; of several variables, 38—41,
sufficient conditions, 40

maxima from a diffraction grating, 212

maximum-modulus theorem, 471
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Maxwell’s
electromagnetic equations, 105, 436;
thermodynamic relations, 35
membrane (drumskin)
on deformed rim, 273, 290; transverse
vibrations of, 232, 270, 359
Milne method, numerical, 320
minimization
to find normal mode frequencies,
357-9; of quotients of integrals, 350
minor, of matrix, 367
mod, see modulus
modulus
of complex number, 3; maximum-
modulus theorem, 471 ; of a vector, 70
moment of a force, as a vector product, 77
moment of inertia, 65, 93, 428
Morera’s theorem, 462
multiple integrals, 5465
dimension of, 54; double integral, 54;
independent of order of integrations,
55-7; limits for, 54; notation, 55;
surface and volume, 90-2; triple, 57
multiple-valued, see many-valued func-
tions
multiple integrals, change of variables
in, 57-65
Cartesian to plane polar, 62; Cartesian
to spherical polar, 58; Jacobian for,
60, 64; local magnification, 59
multiplication of vectors, 72, 74-80
by a scalar, 72

m(x), spherical Bessel function, 282
nabla, see del, V
Neumann boundary conditions, 233
Newton-Raphson (N-R) method, 301
order of convergence of, 304
Newton’s second law, 94
nodes, 241
non-Cartesian systems
vectors in, 93; vector operators in,
110-14
nosr'l:;orthogonal system of coordinates,
n

non-parallel lines, 81

non-singular matrix, 377

normal
to a plane, 81; to a surface, 86

normal coordinates, 399

normal (mode) equations, 399
from energy conservation, 397; from
Lagrange’s equations, 356

normal frequencies, 399

normal modes
of a circular drumskin, 359; estima-
tion of frequencies of, 356-9; of
masses coupled by springs, 400-2; by
matrix methods, 395-402; of a rod on
a string, 357-9, 397-9

normalization, of a vector, 70

numerical methods, 293-330

numerical methods for algebraic equa-
tions, 295-301
binary chopping, 300; convergence of

iteration schemes, 303-5; linear inter-
polation, 298-300; Newton-Raph-
son, 301; rearrangement method, 297

nu;rllgrical methods for integration, 311—
Gaussian integration, 314; nomen-
clature, 312; Simpson’s rule, 313;
trapezium rule, 312

numerical methods for ordinary differen-
tial equations, 317-28
accuracy and convergence, 320;
Adams method, 323; difference
schemes, 317-21; Euler method, 319;
for first-order equations, 317-26; for
higher-order equations, 326-8; iso-
clines, 318; Milne method, 320;
prediction and correction, 323; re-
duction to matrix form, 327; Runge—
Kutta methods, 324-6; Taylor series
method, 321-3

numerical methods for partial differen-
tial equations, 328-30
diffusion equation, 329; Laplace equa-
tion, 328; minimizing error, 329

numerical methods for simultaneous
linear equations, 305-11
Gauss—-Seidel iteration, 307-9; Gaus-
sian elimination, with interchange, 306;
matrix form, 305; tridiagonal matrices,
309-11

0, zero matrix, 377

O and o notation, 2

odd part, of a function, 192

Ohm’s law, 436

operators, see linear differential opera-
tors and vector operators

order
of a Cartesian tensor, 408; of con-
vergence of iteration schemes, 304;
of differential equation, 116; of a
pole or a zero, 466

ordinary differential equations (d.e.),
116-88
arbitrary parameters in, 117; boundary
conditions for, 118; complementary
function (CF) for, 126; degree and
order of, 116; dimensionally-homo-
geneous, 122, 139, 147, 148; exact,
120; first-order, 119-25; general form
of solution of, 117, 126; linear, 117;
linear first-order, 122; linear second-
order, 125-9; notation, xv, 116;
ordinary points of, 152; particular
integral (PI) for, 126; second-order,
125-9, 139; singular points of, 152

or?inary differential equations, methods
or
D operator, 130-5, see also D operator
and linear differential operator; inte-
grating factor (IF), 121-3; Laplace
transform, 144-6; numerical, 317-28;
one variable absent, 140; parametric
solution, 124; from partially-known
complementary function, 138; separ-



Index

ated variables, 119; trial functions, for
equations with constant coefficients,
127-9; variation of parameters, 135-8,
184; see also series solution, of diff-
erential equations and superposition
methods for ordinary differential
equations

ordinary point, of a differential equa-
tion, 152

orthogonal contours, 449

orthogonal matrix, 381, 389, 409, 424

ortlhogonal (mutually) set of functions,
91

ortghogonal systems of coordinates, 93,
5

orthogonal transformation, 389, 414

orthogonality (Hermitian), 175

orthogonality (mutual)
of the eigenfunctions of a self-adjoint
operator, 178; of the eigenvectors of
an Hermitian matrix, 384; of Legendre
polynomials, 165

orghogonalization process for vectors,

85
orthonormal set, 279
oscillations, small

normal modes, 356, 395-402; by
Rayleigh’s method, 356-9
oscillators

damped, 125, 173, 218, Green’s func-

tion for, 185; quantum mechanical,

65, 171n, 354; simple harmonic, %94
outer product

of two tensors, 417; of two vectors,

414, 416

Pi(x), see Legendre polynomials

P7(x), see associated Legendre function

p.d.e., see partial differential equations

parabolic partial differential equations,
234, 242, 244

parallelepiped, volume of, 79

parameters
adjustment of, 354; arbitrary, for
ordinary differential equations, 117;
variation of, 135-8, 184

parametric solutions, of first-order equa-
tions, 124

parity, of Legendre polynomials, 164

Parseval’s theorem, 217

parts, integration by, 50-4

parts, odd and even, of function, 192

partial derivatives, 23
chain rule, 31, 85; general definition,
24; notation, xiv, 23, 225; relations
between, 34

partial differential
225-89
arbitrary functions, of a particular
variable, 225-8; boundary conditions,
228, 234, homogeneous, 230; bound-
ary condition types, 233; change of
variables method, 242-4; with con-
stant coefficients, 238-45, general
solution, 240; use of D operator, 248,

equations (p.d.e.),
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equation types, 234, 261, solution
types, 242; expansion methods, 286-9;
general solution, 227, 228-31; homo-
geneous equation and problem, 230;
Laplace transform methods, 254-6,
258, 263; notation, xiv, 225; numerical
methods, 328-30; particular solution
(integral), 230, 247-9; superposition
methods, 253, 283-6; trial functions,
259; see also separation of variables,
method of, for partial differential
equations

partial differentiation, 22-7

partially-known complementary func-
tion, 138

particular integral (PI)
for ordinary differential equations,
126; for partial differential equations,
230, 247-9; see also ordinary differen-
tial equations, methods for

path of complex integral, 457

period, of Fourier series, 191

permeability tensor, 437

permutation
even or odd, 363; symbol, €, 363

pe;;gendicular, from a point to a plane,

PI, see particular integral

Planck’s constant, 209, 232, 354

plane, upper half-, 475

plane, vector equation of, 73, 75, nor-
mal to, 81

plane wave, 260, 268, see also harmonic
waves

plate, conducting, electrostatic poten-
tial of
infinite and semi-infinite, 454; point
charge near, 236; right-angled wedge,
454-6; two semi-infinite, 484

plucked string, 200-3, 218, 291

point of inflection, 21

Poisson equation, 189
uniqueness of solution, 235-7

Poisson’s ratio, 434

polar coordinates, see cylindrical polar
coordinates and spherical polar co-
ordinates

polar vector, 423-6

pole, of a function of a complex vari-
able, 466
contours containing, 469; order of,
466; residue at, 466, 479n, 486,
simple, 468, 475

polynomials
in the D operator, 130; finite, as
solutions of a differential equation,
162; Legendre, see Legendre poly-
nomials; representation, Taylor series,
20

potential (function), 109
complex, 449-56, see also complex
potentials; and conservative fields,
108-10; construction of, 109; gravi-
tational, 286-9, 292; magnetic, 276
power, complex, 448
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power series,
of a complex variable, see power
series, in a complex variable; for sine
and cosine, 5; as solution of differen-
tial equation, see series solution, of
differential equations; Taylor series, 20
power series, in a complex variable, 444-7
analyticity of, 446; form of, 444;
radius and circle of convergence, 445;
tests for convergence, 445
Poynting vector, 78, 426
prediction and correction methods, 323
principal axes
21' inertia tensor, 428; of quadric, 395,
33
principal value
of argument, 3; of a complex integral,
475; of many-valued function, 448
principle of the argument, 470, 485
products
differentiation of, 15-19, 50; Fourier
transform of, 220; Leibniz theorem
for, 17-19
product of inertia, 93, 428
products of vectors
outer, 414, 416; scalar, 74-6; triple
scalar, 78; triple vector, 79 ; vector, 76-8
pseudo-scalars, 425

quadratic forms, 388
for kinetic and potential energy, 396;
as a matrix, 388; reduction of, to sum
of squares, 388-91; simultaneous
reduction of two forms, 405; sta-
tionary property of eigenvectors of,
392-5

quadric
principal axes of, 394, 433; strain, 432;
stress, 434

quotient
differentiation of, 16; indeterminate,
of the form 0/0, 66

quotient law for tensors, 418, 427

quotient of integrals, minimization of, 350

radius of convergence, 445
rank (order), of tensor, 408
ratio test (D’Alembert), 10, 445
Rayleigh’s method, 356-9, 402
Rayleigh—Ritz principle, 359
real part, of a complex number, 2
rearrangement method, for algebraic
equations, 297
reciprocal vectors, 80, 406
rectifier output, 223
recurrence relations
for coefficients, 153, 164, 310; for
functions, 168, 171
reflections
and orthogonal matrices, 424; vec-
tors, behaviour under, 423-6
refractive index, 340
regula falsi, see linear interpolation
regular function, see analytic function
regular singular point, 152

residue, at a pole, 466, 479n, 486

residue theorem, 467-9

residues, calculus of, applications, see
contour integration

resolution, and deconvolution, 219-22

resolution function, of apparatus, 219

rig&lt-handed set, of vectors or axes, 74

ro
longitudinal vibrations of, 232; on
string, as pendulum, 357-9, 396-9;
transverse vibrations of, 259, 264, 289

Rodrigue’s formula, for Legendre poly-
nomials, 166

root, of algebraic equation, see numerical
methods for algebraic equations

root, of a complex variable, 448

rogz 5test (Cauchy), for convergence, 11,

rope, suspended at its ends, 332, 344-6

rotation
of axes, and orthogonal matrices, 381,
408-10; continuous, of a body, 426;
under elastic strain, 431; invariance
under, 413

rotation, of a vector, see curl of a vector
field

Rouché’s theorem, 470

rows, of a matrix, 361

Runge-Kutta methods, 324-6

saddle point, 38
conditions for, 40

scalar, 69, 83
field, 86; gradient of, 96, 106, 108,
110; integrals of, 87, 90, 92; as zeroth-
order tensor, 412

scalar product, of two vectors, 74—6
derivative of, 84; invariance of, 76,
413, 418

scattering, quantum mechanical, 189, 223

Schrodinger equation, 232, 259, 270
for harmonic oscillator, 354; for hy-
drogen atom, 282

second difference, 317

secular determinant, 386

self-adjoint operator, 176

separated variables, in ordinary differen-
tial equations, 119

separation constants, 268

separation of variables, method of, for
partial differential equations, 259,
266-89
for diffusion equation, 269; expansion
methods, 286~9; general method, 267—
269; for Laplace’s equation, 271-80;
role of separation constants in, 268;
superposition methods, 283-6; for
the wave equation, 280-2

series, Fourier, see Fourier series

series, infinite
convergence of, see convergence of
infinite series; Maclaurin’s, see Mac-
laurin’s series; summation of by con-
tour integration, 479; Taylor, see
Taylor series



Index

series, particular
arsinh, 66; exponential, 5; >(1/n), 9;
>(1/n?) and related series, 205; sine
and cosine, 5, 150; tan, 20

series solution, of differential equations,
150-70
condition for solution, 152; converg-
ence of, 162; finite series, see finite
polynomials; general method, 153;
indicial ‘equation for, 153, equal roots
of, 155-7, roots of differing by an
integer, 157-62; ordinary and singular
points, 152; power series expansion of
the equation, 152; regular and irregular
singular points, 152; recurrence rela-
tion for, 153

shortest path, between two points, 336

similarity transformation, 391

simple harmonic oscillator, see oscil-
lators

simple pole, 468, 475

Simpson’s rule, 313

simultaneous diagonalization, of mat-
rices, 405

simultaneous linear equations
homogeneous, 372; inhomogeneous,
379; and matrices, 305; numerical
methods for, 305-11

sine function
bound on, 67; in terms of exponential
functions, 5, 448; series for, 5

singular matrix, 377

singular points (singularities)
of a differential equation, 152; essen-
tial, 466; of a function of a complex
variable, 441

sinh, hyperbolic sine, 7, 448

sinusoidal functions, integrals of, 473

skew lines, 81

skew-symmetric matrix, 381

small oscillations, see oscillations, small

Snell’s law, 341

soap films, 338-40, 346

solenoidal vector, 106

solid angle, as a surface integral, 91, 95

solute, diffusion of, 254-6

special relativity, 65

spherical Bessel function, j.(x) and n/(x),
282

spherical harmonics, Y7'(9, é), 279, 290
completeness of, 280; definition of,
279; mutual orthogonality of, 279

spherical polar coordinates
differentials of length, area, volume in,
94; Laplace’s equation in, 274-8;
as an orthogonal system, 93; vector
operators in, 110-14

spur, of a matrix, see trace, of a matrix

square matrix, 362

square root of —1, i, 2-4

square-wave function, 194-7, 199

standing waves, 241

stationary property, of eigenvalues and
eigenvectors, 392-5

stationary values
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under constraints, 41-5; of functions
of a single variable, 20; of functions
of several variables, 38-41; of inte-
grals, 333-5; under constraints, 344-6;
see also maxima and minima (local) of
a function

Stirling’s approximation to In (n!), 44

Stokes’ theorem, 105

strain tensor, 429-35, quadric, 432

streamline, 87, 450

stress tensor, 433-5, quadric, 434

string
loaded with point masses, 360, 406;
plucked, 200-3, 218, 291; transverse
vibrations of, 232; and wave equation,
245-7

strip, conducting, electrostatic potential
of, 484

Sturm-Liouville (S-L) equation, 175-80
boundary conditions for, 176, 351;
closure property of eigenfunctions of,
184; conversion to S-L form, 179;
examples of, 178-80; general form of,
176; Green’s functions for, 183, 188;
mutual orthogonality of eigenfunc-
tions of, 178, 187; real eigenfunctions
for, 177; reality of eigenvalues of, 177;
self-adjoint operator in, 176; varia-
tional approach to, 350; weight func-
tion in, 176, 350

submarine cable, 258, 264

subscripts, 361
icl)r;traction of, for Cartesian tensors,

substitution, method of, 50
substitution property, of Laplace trans-
forms, 144
subtraction, of vectors, 71
sum of an infinite series, 8
by contour integration, 479
summation convention, 27-9, 362
superposition methods for ordinary
differential equations, 173-88
detailed examples of, 181; general
zlilggrgach, 174; Green’s functions for,
superposition methods for partial dif-
ferential equations, 253, 283-6
to meet boundary conditions, 283-6
superposition of amplitudes, 193
surface, normal to, 86
surgfgfg integrals, of scalars and vectors,

susceptibility tensor, 429
symbols, 1

table of, opposite p. 1
symmetric matrix, 369
symmetric tensor, 417, 430

tangential line integral, of a vector, 88
in definition of curl, 103; path depen-
dence, value for a closed loop, 89,
108; and potential, 110

Taylor series (expansion)
for a complex variable, 465; for
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Taylor series (contd.)
estimating errors (in numerical meth-
ods), 303, 312; to evaluate an indeter-
minate quotient of the form 0/0, 66;
and finite differences, 316, 325;
Lagrange’s form of remainder, 20;
for a real variable, 20; for several
variables, 28; as a solution of a dif-
ferential equation, 321-3; about a
stationary point, 22n; for two vari-
ables, 26

Tchebyshev equation,
equation

telegraphy equation, 256-8

tensors, see Cartesian tensors
Cartesian tensors, particular

term by term, differentiation of Fourier
series, 204

thesrmodynamic
5

see Chebyshev

and

relations, Maxwell’s,
total derivative, 26
total differential, 26
trace, of a matrix, 388, 391, 417
transcendental equations, 295
transform, see Fourier transforms and
Laplace transforms
transformations
conformal, 452-4; linear, of variables
and the multiplication of matrices,
374; orthogonal, 389, 414; similarity,
391; unitary, 382
transients, see circuits electrical
translation property
of Fourier transforms, 213; of La-
place transforms, 144
transmission line, 256, 263
distortionless, 263; lossless,
263; submarine cable, 258, 264
transpose, of a matrix, 369
transpose, of a vector, 361, 381
transverse vibrations
of rod, 259, 289; of string, 232
trapezium rule, 312
trial functions, for differential equations,
127-9, 259
trial functions, for estimating eigen-
values, 353
tridiagonal matrices, 309-11, 328
triple integral, 57
triple scalar product, 78
the invariance of, the vanishing of,
and as a volume, 79
triple vector product, 79
not associative, 80; in terms of scalar
products, 79

257,

uncertainty principle, 209

undetermined multipliers, see Lagrange’s
undetermined multipliers

uniqueness theorem, 235-7, 286

unit circle, 473

unit matrix, I, 378

unit vector, 70, 247

unitary matrix and transformation, 382

upper half-plane, 475

variables
change of, see change of variables;
change of in multiple integrals, 57-65;
complex, see complex variables; func-
tions of several, 22; separation of, see
separation of variables

variation
calculus of, 332-46; see also calculus
of variations; conditional (con-
strained), 41-3, 344-6; of parameters,
135-8, 184

vectors
base vectors, 73; calculus of, 83-94;
components of, 70, complex, 76;
definitions, 69; linear independence of,
73; modulus of, 70; in non-Cartesian
systems, 93; notation for, 70; with
several arguments, 85; surface element
as, 69, 86

vectors, algebra of, 69-81
addition and subtraction of, 71;
equal vectors, 70; orthogonalization
process for, 385; products, outer,
414, 416, scalar, 746, triple scalar,
78, triple vector, 79, vector, 76-8;
zero vector, 72

vectors, derived quantities from
curl of, 96, 101-6; derivatives of,
83-5; differential of, 85; divergence
of, 96, 98-101, 111-13; flux of, 90;
integration of, with respect to a scalar,
84; line integral of, 87, 90; reciprocal
vectors, 80, 406; rotation of, see curl
of; surface integral of, 90; tangential
line integral of, 88; transposed vector,
361, 381; vector fields, 86; volume
integral of, 92 :

vectors, properties of
axial and polar, 423-6; characteristic,
see matrices, eigenvalues and eigen-
vectors of; irrotational, 106; refiec-
tions, behaviour under, 423-6; sole-
noidal, 106; unit, 70

vector equation
of a line, 72; of a plane, 73, 75

vector product, of two vectors, 76-8
components of, 78; definition of, 76;
derivative of, 84; determinantal form
of, 78; linear velocity in a rotating
body as, 77; moment of a force as, 77

vector operators, 96-114
curl, 96, 101-6; del, V, 97, 100, 104;
del squared, V2, 101; div, 96, 98-101;
grad, 96-8; identities involving, 106,
421; Laplacian, V2, 107; in non-
Cartesian coordinates, 110-14; rot
see curl; as tensor relations, 420;
see also under individual operators

velocity vector, 83

vibrations
longitudinal, on a rod, 232; trans-
verse, on a membrane (drumskin),
232, 270, 359; transverse, on a rod,
%gg, 264, 289; transverse, on a string,
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volume, elements of in various coordinate
systems, 94

volume integrals, of scalars and vectors,
92

waves, harmonic, 190

wave equation, 234, 238
boundary conditions for, 245; from
Lagrange’s equations, 343;- in one
dimension, 231, 240, 245-7, 257, 264;
standing waves, 241; in three dimen-
sions, 247, 267-9, 280-2

weight function, 176

work, done by a force, 75, 88

Yi(x), see Bessel’s equation
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(8, ¢), see spherical harmonics
Young’s modulus, 232, 434

z, as complex number, 2

z*, complex conjugate, 7

z-plane, see Argand diagram

zeros of a function of a complex vari-
able, 466
contours containing, 469; location of,
469-73, 485; order of, 466; principle
of the argument, 470, 485; Rouché’s
theorem, 470

zero matrix, O, 377

zero-point energy, 355

zero vector, 0, 72

zeroth-order tensor, see scalar
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