














































































































































































































































































































































































































































































































































































































































































































































































































236 Introduction to Matrix Analysis

6. Algebra of Kronecker Products. In order to justify the name
*Kronecker product’ and the notation we have used, we must show that
A X B possesses a number of the properties of a produect.

We shall leave as exercises for the reader proofs of the following results:

AXBXC=(AXB)XC=A4AX(BXO0) (1a)
(A+B)X(C+D)=AXC+AXD+BXC+BXD (1b
(4 X B)(C X D) = (AC) X (BD) (1e)

7. Kronecker Powers—I. We shall also consider the Kronecker power

and write
Al2l = 4 X A
AW+l = 4 X AW

If A and B do not commute, (AB)* % A*B* in general; and never if
k = 2. It is, however, true that

(AB)M = Apa (2)

(1)

for all A and B.

This important property removes many of the difficulties due to non-
commutativity, and will be used for this purpose in a later chapter
devoted to stochastic matrices.

EXERCISE
1. Prove that AW = ARl X A,

8. Kronecker Powers—II. If we are interested only in Kronecker
powers of a particular matrix, rather than general products, we can define
matrices with these properties which are of much smaller dimension.
Starting with the equations

AT = any + aet (1)
MT: = anzy + axx:
we form the products

M = an’rn? + 2anm0490122 + ar%20?
Mz, = anann® + (anan + anan)xxxz + @12a:22,% (2)
M22? = a0?2? + 2031020122 + Q227257

It is clear then that the matrix

ant 2an.a;2 a2t
A[z] = janan (anan + anazx) ay2Q22 (3)
ax?® 2a2a,; az’®

possesses the characteristic roots X\i%, M\, and A2 The corresponding
characteristic vectors are readily obtained.
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To obtain the expression for A\, we proceed in a more systematic

fashion.
9. Kronecker Products—III. Consider the equations, for a fixed

integer k,

(a1r1 + a1222)* = ar*zd* + kay*~lagert e, + - - -
(anz + a1272)* N (anTy + Getz) = antlanzyt
+ (kb — Dan*"%a2a1 + an*law)z¥ 'z,

(anzy + arxx2)*(anty + agszs)® = an*asfe + - - - ¢))

where:i =0,1,2, ...,k
The matrix A, is then defined by the tableau of coefficients of the
terms z,)¥ 2,7, ¢ = 0,1,2, . . . |k,

ant kan*'ase
ant'an  ((k — Dantanan + an*lag)

Ap = ' 2)

This representation holds only for 2 X 2 matrices. The representation
of Ay for matrices of dimension N can be obtained similarly.

EXERCISES

1. Show that (4 B) ) = A B
2. Show that Ay = AwAn.

10. Kronecker Logarithm. Let us now derive an infinite matrix which
we can think of as a Kronecker logarithm. We begin by forming a
generalized kth power for nonintegral k. To do this, we consider the
infinite sequence of expression (@112, + a1922)* (anz: + asx.)', 1 =0, 1,
2, . . ., for k nonintegral.

This yields, in place of the finite tableau of (8.2), an infinite array,
since the binomial series (@,,z, + @,,2)*~ is now not finite.

The change of variable
’
) _ T,
HELH ®

(AB)py = AwBw 2

shows that

holds for arbitrary values of k.
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Let us now expand each element in Ay about & = 0. Write
A = Agg + kL(A) + - - - @)

This defines an infinite matrix L(A), which we can think of as a
Kronecker logarithm. Substituting in (2), we see that

L(AB) = AqL(B) + L(A)Byq (4)

an analogue of the functional equation for the scalar logarithm. Observe
that A is not an identity matrix.

EXERCISE
1. Determine the ¢jth element in L(A4),fori =0,1,j = 0, 1.

11, Kronecker Sum—I. Let us now turn to the problem of deter-
mining matrices which possess the characteristic values \; + y;. Follow-
ing a method used before, we shall derive the additive result from the
multiplicative case. Consider, for a parameter ¢, the relation

(Iu + €4) X (In + B)
=IyXIn+e(lyXB+AXIN)+e&AXB (1)

Since the characteristic roots of (In + €4) X (Ix + €B) are
(1 4+ A + ) =1 4 (i + 1) + XNy
we see that the characteristic rootsof Iy X B + A X Iy must be \; + p;.

EXERCISE
1. Determine the characteristic vectors of I X B + A X In.

12, Kronecker Sum—II. The matrix I X B + A X Iy can also be
obtained by use of differential equations.
Consider the equations

dz, = a2, + 0122, ay _ buyr + bieye
dt di (1)
dxz

d
-(_lt— = anZ) + azl: —éy; = bayy + bn!/z

Let us now compute the derivatives of the four products z.y,, z.1y2, 291,
Zsy:. We have

(% (@1y1) = (enzy + aez2)yy + 21(buyy + biaye)
= (an + bhi)zwyy + bitaye + arezays 2)




Symmetric Functions, Kronecker Products and Circulants 239

and so on. It is easy to see that the matrix we obtain is precisely
AXIv+ Iy XB.
13. The Equation AX + XB = C, the Lyapunov Equation. In Chap.
11, we showed that the equation
AX + XB=2¢C (1)

possessed the unique solution
X = — [ etcomay @)

provided that the integral on the right exists for all C.

Let us now complete this result.

Consider the case where A, B, C, and X are 2 X 2 matrices. The
equations to determine the unknown components z;; are

anzn + a19Ta + Tubn + Tibn = en

aZrs + @192 + 2ubiz + Zihe = a1y (3)
antn + @Za + Tabn + Tba
anZi2 + 23Tz + Tabis + Tasbss

C21

C22
The matrix of coefficients is

an + bn ban 0
by an + by 0 a9 @)
ag 0 as + bn ba
0 (1231 bis as + by

which we recognize as the matrix A X I + I X B’

The characteristic roots are thus X; + u;, since B and B’ have the same
characteristic roots. It is easy to see that the same results generalize to
matrices of arbitrary dimension so that we have established Theorem 4.

Theorem 4. A necessary and sufficient condition that (1) have a solution
for all C is that N\; + u; = O where \; are the characterisiic roots of A and
us the characteristic roots of B.

EXERCISES

1. Prove that a necessary and sufficient condition that AX + XA’ = C have a
unique solution for all C' is that A; + A; # 0.
2. Prove the foregoing result in the following steps:
(a) Let T be a matrix reducing A to triangular form,

bll b|2 ot bIN
bﬂ ct sz

TAT =B =

0 bww,
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(b) Then AX + XA’ = C becomes B'(T'XT) + (T"XT)B = T'CT.
(¢) Let Y = T'XT and consider the linear equations for the elements of Y.
N

Show that the determinant of the coefficients is " (bss + bj;) and thus
5,j=1

derive the stated results (Hahn).

14. An Alternate Route. We observed in the foregoing sections how
Kronecker products arose from the consideration of various symmetric
functions of the roots of two distinet matrices, 4 and B, and how a par-
ticular Kronecker power could be formed from a single matrix A.

Let us now consider a different type of matrix * power’’ which is formed
if we consider certain skew-symmetric functions, namely, determinants.
There is strong geometric motivation for what at first sight may seem to
be quite formal manipulation. The reader who is interested in the geo-
metric background will find references to books by Bocher and Klein
listed in the Bibliography at the end of the chapter.

To emphasize the basic idea with the arithmetic and algebraic level
kept at a minimum, we shall consider a 3 X 3 matrix and a set of 2 X 2
determinants formed from the characteristic veetors. In principle, it is
clear how the procedure can be generalized to treat B X R determinants
associated with the characteristic vectors of N X N matrices. In practice,
to carry out the program would require too painstaking a digression into
the field of determinants. Consequently, we shall leave the details, by
no means trivial, to the interested reader.

Consider the matrix

a; Qs AQas
A=|b b bs (1)
[3] C2 C3

where we have momentarily departed from our usual notation to simplify
keeping track of various terms, whose characteristic roots are Ay, Az, As,
with associated characteristic vectors z, 22, z3

For any two characteristic vectors, 2 and 27, 7 # j, we wish to obtain a
set of linear equations for the 2 X 2 determinants y,, v, ys given by the
relations

) _ X;JL' 1i ij 1i 3. _ )\.-xz" )\,»xz"
X'ijl - 7\.-:1:," ijz’. 7\.7\,yz - N‘Scai )\,-xa’
Axy A @
w3 j 3
MAiys = Az, 7\1'551"

Since
Al = iz + aszy’ + aszd
Azy = bizy' + Doz 4+ byxs 3
ATyt = ey + cord + cprdd



Symmetric Functions, Kronecker Products and Circulants 241
with a similar equation for the components of z7, we see that

aiz + aszd + azd ey + axrd + axy
bizs* + byt + baxsd bixi + baxd + baxy

If a is the vector whose components are the a;, and b the vector whose
components are the b;, we see that (4) is equivalent to the equation

(a,2) (a2
(b2)  (b)

What we want at this point is a generalization of the expansion for the
Gramian given in Sec. 5 of Chap. 4. Fortunately, it exists, It is easy
to verify that

ANy, = 4)

ANy = (5)

(a,2") (a,2%) _|m billx)y zyf
(b,x")  (b,x?) a; ba||rxs zv
a; bi|lzst zy a; billzsd zv
+ a; byllzd zy a bz zy (6)

From this it follows immediately from consideration of symmetry that

Ui g12(a,b)  g2a(a,b) gala,d) | i 11
AN e | = | gialae)  gasla,e) gulae) | | ve (7
Y3 gl?(byc) 923(17)6) g3l(b)c) Ys
where
T Y
32y = 8
g:i(z,y) 2 yfl (8)

Our first observation is that A\, is a characteristic root and y an assoei-
ated characteristic vector of the matrix occurring in (7). Again, since
the matrix is independent of 7 and 7, we see that the three characteristic
roots must be Az AAs, and AzA;.

We now have a means of obtaining a matrix whose characteristic roots
are M;, 7 # J.

EXERCISES

1. Reverting to the usual notation for the elements of A, write out the representa-
tion for the 7jth element of the matrix appearing in (7).

2. Let A be an N X N matrix. Write out the formuia for the elements of the
N(N — 1)/2-dimensional matrix, obtained in the foregoing fashion, whose roots are
NN, © %]

8. For the case where 4 is symmetric, show that we can obtain the inequality

ay G

M2 2>
1 Gz Q2

fromn the preceding results, and many similar inequalities.
4. Let A bean N X N matrix and let r be an integer between 1 and N. Denote by
S, the ensemble of all sets of r distinct integers chosen from the integers 1,2, . . . , N.
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Let s and ¢ be two elements of S, and A denote the matrix formed from A by delc.ing
all rows whose indices do not belong to s and ali columns whose elements do not belong
to ¢.

Let the elements of S, be enumerated in some fixed order, say in numerical value,
81,82, » . » , 8. The M X M matrix, where M = N!/r!(N — r)|,

Ce(4) = (|[4ua))

i8 called the rth compound or rth adjugate of A.
Establish the following results.
®) C.(4") = C.(A)
(c) C(4™Y) = C(4)™!
@ [CA) = AP k=N —DY(r=1)IN —1)!

(¢) The characteristic roots of C,(A) are the expressions ui, ps, . . . , uy, Where
a1 + p2 + + + ¢ + pais the rth elementary symmetric functionof Ay, Ay, . . &
ANy €, p1l = MAg ¢ ¢ ARy M2 = pipr 0 AR<IAR4y - e s

For a discussion of when a given matrix is a compound of another, see D. E, Ruther-
ford, Compound Matrices, Koninkl, Ned. Akad. Wetenschap. Amsterdam, Proc. Sect.

Sci., ser. A, vol. 54, pp. 16-22, 1951,
Finally, for the connection with invariant theory, see R. Weitzenbuck, Invariant-
entheorie, Groningen, 1923,

16. Circulants. Matrices of the form

FCO 1 C e eNer
CN—-1 Co *tt CN-2
CN—2 CN-1 Co " " CN-3
C = . . (1)
&1 Cc2 C g _J

oceur in a variety of investigations. Let us determine the characteristic

roots and vectors.
Let 1 be a root of the scalar equation r¥ = 1, and set

i=co+eri+ 0+ ev-mN!? 2
Then we see that y, satisfies the following system of equations:

th=coteri+ - +oevr¥?
Y = en—a F om0 0+ ever V2

- @)
Yy =t e+ o+ e

1 See, for further results and references, H. J. Ryser, Inequalities of Compound and
Induced Matrices with Applications to Combinatorial Analysis, Illinois J. Math.,
vol. 2, pp. 240-253, 1958.
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It follows that y,; is a characteristic root of C with associated charac-
teristic vector

o -

1
T

o= 4)

N1

Since the equation r¥ = 1 has N distinet roots, we see that we obtain
N distinet characteristic vectors. Consequently, we have the complete
set of characteristic roots and vectors in this way.

EXERCISES

1. Use the scalar equation r5 = a)r + 1 in a similar fashion to obtain the character-
istic roots and vectors of the matrix

(1] [} C2 C2 Ca
€ €2+ 0@ €3+ €t cs+ €@ Co + Caa
€2 €1+ ¢ ot Ci@ €0+ cua €1
€3 €4+ Caa Co+ Cia [ €2
Cs Co + Ca@ 1 C2 C:
2. Generalize, using the defining equation ¥ = by 4 - - . + by,

MISCELLANEOUS EXERCISES

1. Let f(X) be a function of the N? variables z;; possessing a power series develop-
ment in these variables about zero. Show that we may write

£(X) = z tr (X190,)
k=0
2. Is it true that

etr.\’ = zw ?
k!
k=0

8. If A and B are positive definite, then 4 X B is positive definite.
4. If A and B are symmetric matrices with A > B, then Al'l > Bi*l, for n =

,2....

8. If r satisfies the equation in Exercise 23 of Chap. 11 and s the equation s¥ +
bis¥-t 4 . . . 4 by = 0, how does one form an equation whose roots are rs;?

8. Let 1, @), . . ., an-.1 be the elements of a finite group. Write 2z = zo +
ZTiay + + + + + ZTnoan-1 where the z; are sealars. Consider the products aiz =
ai(0)zo + a:(1)zs + - + + + ai(N — 1)zn-1, where the elements o:(j) are the ar in

some order, or oz = zo(f) + z:1(D)ar + - - - + zy_1(Q)an-1, where the z:(j) are the z;
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in some order. Introduce the matrix X = (2;(f)) and write X ~ 2, If X ~2
Y ~y, does XY ~ zy?

7. Let 1, a1, . . . , an—1 be the elements of a finite group G, and 1, 8, . . . , Brt
the elements of a finite group H. Consider the direct product of G and H defined as the
group of order MN whose elements are «;8;. Using the procedure outlined in the
preceding exercise, form & matrix corresponding to

(=) (L)

What is the connection between this inatrix and the matrices

N-1 M-
X ~ Z Tiog Y ~ Z y;B8i?
1=0 j=0

For an interesting relation between the concept of group matrices and normality, see
0. Taussky.!

8. The equation AX —~ XA = AX possesses nontrivial solutions for X if and only
if X = N\ — A; where Ay, Ay, . . ., An are the characteristic values of A (Lappo-
Danilevsky).

9. Let F be a matrix of order N?, portioned into an array of N submatrices f;;, each
of order N, such that each f;; is a rational function, f;;(4), of a fixed matrix A of order
N. If the characteristic values of A are Ay, Ay, . . . , Aw, then those of F are given
by the characteristic values of the N matrices, (f;;(A\e)), k = 1,2, . . . , N, each of
order N. See J. Williamsoa? and 8. N. Afriat.? For an application to the solution
of partial differential equations by numerical techniques, see J. Todd* and A. N.
Lowan.*®

10. Let f(0) be a real function of @ for —x < @ < v, and form the Fourier coeffi-
cients of f(8),

_1 r —inf =
¢ =5, /_'f(o)e dé n=0 %1, +2, ...

The finite matrices
Ty = (ce) kl1=01,2...,N

are called Toeplitz matrices of order N. Show that T’y is Hermitian.
11. Show that if we denote by M\, Ay, | . | | Ay, ™, the N + 1 characteristic
values of T'v, then

. M® L AWM 4 - 4 AN - -—l-jt
i NF1 oul BELULL

1 0. Taussky, A Note on Group Matrices, Proc. Am. Math. Soc., vol. 6, pp. 984~986,
1955.

t J, Williamson, The Latent Roots of a Matrix of Special Type, Bull. Am. Math.
Soc., vol. 87, pp. 585-590, 1931.

3 8. N. Afriat, Composite Matrices, Quart. J. Math., Ozford 2d, ser. 5, pp. 81-98,
1954.

4J. Todd, The Condition of Certain Matrices, ITI, J. Research Natl. Bur. Standards,
vol. 60, pp. 1-7, 1958.

¢ A. N. Lowan, The Operator Approach to Problems of Stability and Convergence
of Solutions of Difference Equations, Scripta Math., no. 8, 1957.
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12. Show that

C ) ) - Q™) 1 [
o NFT o=y MCE

(These last two results are particular results of a general result established by Szego
in 1917. A discussion of the most recent results, plus a large number of references to
the ways in which these matrices enter in various parts of analysis, will be found in
Kac, Murdock, and Szego.!)

Generalizations of the Toeplitz matrix have been considered in U. Grenander.?
See aiso H. Widom.?

18. Having defined what we mean by the Kronecker sum of two matrices, A @ B,
define a Kronecker derivative of a variable matrix X(¢) as follows:

LG li
4 h—0

im XC+H) ? (= X®)

14. Consider the differential equation

S-axy vo-=I
Does it have a solution, and if so, what is it?
15. Establish the Schur result that C = (a;;b;;) is positive definite if A and B are
by considering C as a suitable submatrix of the Kronecker product 4 X B (Marcus).
16. Let a®) be the ith column of A. Introduce the “stacking operator,” S(4),
which transforms a matrix into a vector

alv
a®

S(4) =
a(‘N)

Prove that S(PAQ) = (@' ® P)S(4). See D. Nissen, A Note on the Variance of a
Matrix, Economelrica, vol. 36, pp. 603-604, 1968.

N
17. Consider the Selberg quadratic form (see Appendix B), Q(z) = Z ( Z x.,) ’
k=1 v/ax
wherea,, k = 1,2, ..., N, is a set of positive integers, z; = 1, and the remaining

N
3
z, are real. Consider the extended form @,(z,2) = z (z; + z z.,) and write
k=1 v/ak
f+(2) = min Q,(z,z), where the minimization is over z; Zssy, . - . , zv. Obtain a
z

recurrence reiation connecting f,(z) with f, ().

1 M. Kac, W. L. Murdock, and G. Szego, On the Eigenvalues of Certain Hermitian
Forms, J. Ral. Mech. Analysis, vol. 2, pp. 767-800, 1953.

tJ. Grenander, Trans. Am. Math. Soc., 1958.

*H. Widom, On the Eigenvalues of Certain Hermitian Operators, Trans. Am.
Math. Soc., vol. 88, 491-522, 1958.
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18. Use the fact that f,(2) is quadratic in z to simplify this recurrence relation; see
Chap. 9.

19, Discuss the use of the recurrence reiation for analytic and computational pur-
poses. See R. Beliman, Dynamic Programming and the Quadratic Form of Selberg,
J. Math. Anal. Appl., vol. 15, pp. 30-32, 1966.

20. What conditions must b and ¢ satisfy so that Xb = ¢ where X is positive
definite? (Wimmer)

21, Establish the Schur result concerning (a;;b;;) using Kronecker products and a
suitable submatrix (Marcus).

Bibliography and Discussion

§1. The direct product of matrices arises from the algebraic concept
of the direct produet of groups. For a discussion and treatment from
this point of view, see

C. C. MacDuffee, The Theory of Malrices, Chelsea Publishing Co.,
chapter VII, New York, 1946.

F. D. Murnaghan, The Theory of Group Representation, Johns Hop-
kins Press, Baltimore, 1938,

We are interested here in showing how this concept arises from two
different sets of problem areas, one discussed here and one in Chap. 15.
See also

E. Cartan, Ocuvres Complétes, part 1, vol. 2, pp. 1045-1080, where
the concept of a 2onal harmonic of a positive definite matrix is
introduced.

§4. This procedure is taken from

R. Bellman, Limit Theorems for Non-commutative Operations—I,
Duke Math. J., vol. 21, pp. 491-500, 1954.

§6. Some papers concerning the application and utilization of the
Kronecker product are

F. Stenger, Kronecker Product Extensions of Linear Operators,
SIAM J. Numer. Anal., vol. 5, pp. 422-435, 1968.

J. H. Pollard, On the Use of the Direct Matrix Product in Analyzing
Certain Stochastic Population Models, Biometrika, vol. 63, pp. 397-
415, 1966.

§10. The Kronecker logarithm is introduced in the paper cited above.

§11. The result of Theorem 4 is given in the book by MacDuffee
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referred to above. It was independently derived by W. Hahn, using
the procedure outlined in the exercises; see

W. Hahn, Eine Bemerkung zur zweiten Methode von Lyapunov,
Math. Nachr., 14 Band., Heft 4/6, pp. 349-354, 1956.

The result was obtained by R. Bellman, as outlined in the text, unaware
of the discussion in the book by MacDuffee, cited above,

R. Bellman, Kronecker Products and the Second Method of
Lyapunov, Math. Nachr., 1959.

§18. A great deal of work has been done on the corresponding operator
equations, partly for their own sake and partly because of their central
position in quantum mechanics. See

M. Rosenbloom, On the Operator Equation BX — XA = C, Duke
Math. J., vol. 23, 1956.

E. Heinz, Math. Ann., vol. 123, pp. 415-438, 1951.

D. E. Rutherford, Koninkl. Ned. Akad. Wetenschap., Proc., ser. A,
vol. 35, pp. 54-59, 1932.

§14. The motivation for this section lies within the theory of invari-
ants of linear transformations and the geometriec interconnections. See

M. Bocher, Introduction to Higher Algebra, The Macmillan Company,
New York, reprinted, 1947.

F. Klein, Elementary Mathematics from an Advanced Standpoint,
Geometry, Dover Publications, New York.

H. Weyl, The Classical Groups, Princeton University Press, Prince-
ton, N.J., 1946.

The 2 X 2 determinants are the Plucker coordinates. The basic idea is
that every linear transformation possesses a large set of associated induced
transformations that permit us to derive certain properties of the original
transformation in a quite simple fashion. As indicated in the text, we
have not penetrated into this area in any depth because of a desire to
avoid a certain amount of determinantal manipulation.

See also

H. Schwerdtfeger, Skew-symmetric Matrices and Projective Geom-
etry, Am. Math. Monthly, vol. LI, pp. 137-148, 1944.

It will be clear from the exerecises that once this determinantal ground-
work has been laid, we have a new way of obtaining a number of the
inequalities of Chap. 8.
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For an elegant probabilistic interpretation of Plucker coordinates, and
the analogous multidimensional sets, see Exercises 15 and 16 of Chap. 15,
where some results of Karlin and MacGregor are given.

§18. Circulants play an important role in many mathematical-physical
theories. See the paper

T. H. Berlin and M. Kae, The Spherical Model of a Ferromagnet,
Phys. Rev., vol. 86, pp. 821-835, 1952,

for an evaluation of some interesting circulants and further references to
work by Onsager, et al., connected with the direct product of matrices
and groups.
Treatments of the theory of compound matrices, and further references
may be found in
H. J. Ryser, Inequalities of Compound and Induced Matrices with
Applications to Combinatorial Analysis, Illinois J. Math., vol. 2,
pp. 240-253, 1958.
N. G. deBruijn, Inequalities Concerning Minors and Eigenvalues,
Nieuw. Arch. Wisk. (3), vol. 4, pp. 18-35, 1956.
D. E. Littlewood, The Theory of Group Characters and Matriz Repre-
sentations of Groups, Oxford, New York, 1950.
I. Schur, Uber eine Klasse von Matrizen die sich einer gegebenen
Maltrix zuordnen lassen, Dissertation, Berlin, 1901.
J. H. M. Wedderburn, Lectures on Matrices, Am. Math. Soc. Collog.
Publ., vol. 17, 1934.
C. C. MacDuffee, The Theory of Mairices, Chelsea Publishing Com-
pany, New York, 1946.
0. Toeplitz, Das algebraische Analogon zu einem Satze von Fejer,
Math. Z., vol. 2, pp. 187-197, 1918.

M. Marcus, B. N. Moyls, and R. Westwick, Extremal Properties of
Hermitian Matrices 11, Canad. J. Math., 1959.
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Stability Theory

1. Introduction. A problem of great importance is that of determining
the behavior of a physical system in the neighborhood of an equilibrium
state. If the system returns to this state after being subjected to small
disturbances, it is called stable; if not, it is called unstable.

Although physieal systems can often be tested for this property, in
many cases this experimental procedure is both too expensive and too
time-consuming. Consequently, when designing a system we would like
to have mathematical criteria for stability available.

It was pointed out in Chap. 11 that a linear equation of the form

%x=Ax 2(0) = ¢ )
can often be used to study the behavior of a system in the vieinity of an
equilibrium position, which in this case is z = 0.

Consequently, we shall begin by determining a necessary and sufficient
condition that the solution of (1) approach zero as t — », The actual
economie, engineering, or physical problem is, however, more complicated,
since the equation describing the process is not (1), but nonlinear of the
form

- =4y +g9@® y0) =c 2

The question then is whether or not criteria derived for linear systems are
of any help in deciding the stability of nonlinear systems. It turns out
that under quite reasonable conditions, the two are equivalent. This is
the substance of the classical work of Poincaré and Lyapunov. How-
ever, we shall not delve into these more recondite matters here, restrict-
ing ourselves solely to the consideration of the more tractable linear
equations.

2. A Necessary and Sufficient Condition for Stability. Let us begin
by demonstrating the fundamental result in these investigations.

249
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Theorem 1. A necessary and sufficient condition that the solution of

dx

= Az z(0) =¢ (1)

regardless of the value of ¢, approach zero as t — o, is that all the charac-
teristic roots of A have negative real parts.
Proof. If A has distinct characteristic roots, then the representation

rem N,

eh'

et =T ™ (2)

em_

L.

establishes the result. We cannot make an immediate appeal to con-
tinuity to obtain the result for general matrices, but we can proceed in
the following way.

In place of reducing A to diagonal form, let us transform it into tri-
angular form by means of a similarity transformation, T-'AT = B,
The system of equations in (1) takes the form

g; —B: 20 =¢ 3)

where B is a triangular matrix upon the substitution x = Tz, Written
out in terms of the components, we have

Bt st bus F by a(0) =
%’5 = byzz + - - - Fbavey 2:0) =¢;

. 4)
d—dzTN = bNNzN zN(O) = c}v

Since the by are the charaeteristic roots of A, we have, by assumption,
Re (by) < Ofort=1,2 ...,N.
Solving for zw,
oy = ciyebnnt (5)

we see that zy — 0 as t — o,
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In order to show that all z;— 0 as t— «, we proceed inductively
based upon the following result.
If v(t) > 0 as t — «, then u(t) as determined by

'Z_’; =bu+ol) w0 =a (6)

approaches zero as { — =, provided that Re (b)) < 0.
Since
¢
u(t) = aevt + o [P esvu(s) d @)

it is easy to see that the stated result is valid.
Starting with the result for zx based upon (5), we obtain successively
the corresponding results for zy_y, . . . , 21

EXERCISE
1. Prove Theorem 1 using the Jordan canonical form.

3. Stability Matrices. To avoid wearisome repetition, let us introduce
a new term.

Definition. A mairix A will be called a stability matriz if all of its
characteristic roots have negative real parts.

EXERCISES

1. Derive a necessary and sufficient condition that a real matrix be a stability
matrix in terms of the matrix (tr (A5+/)) (Bass).
2. What is the corresponding condition if A is complex?

4. A Method of Lyapunov. Let us now see how we can use quadratic
forms to discuss questions of asymptotic behavior of the solutions of
linear differential equations, This method was devised by Lyapunov
and is of great importance in the modern study of the stability of solu-
tions of nonlinear functional equations of all types.

Consider the equation

%“f — Az z(0) = ¢ 1)
where ¢ and A are taken to be real, and the quadratic form
u = (z,Yz) @)
where Y is a symmetric constant matrix as yet undetermined. We have
du

ai = (x':yx) + (z,Y2')

= (Az,Yz) + (2,YAx)
= (z,(A’'Y 4+ YA)z) 3)
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Suppose that we can determine Y so that
A'Y + Y4 = -1 )

with the further condition that Y be positive definite. Then the relation
in (3) becomes
du

—d—i = —(x:x) (5)
which yields

du 1

m < - )\—N u (6)

where Ay is the largest characteristic root of ¥, From (6) we have
u < u(0)e*™. Hence u— 0 as t — ». It follows from the positive
definite property of Y that each component of z must approach zero as
tl— .

We know, however, from the result of Sec. 13 of Chap. 12 that if A is
a stability matrix, we can determine the symmetric matrix ¥ uniquely
from (4). Since Y has the representation

Y = /0., ed'hgdn gty (7N
we have
(z,Yz) = ﬁ)u (z,e4'1edtr) dt,
= [[7 (eArzetn) aty ®)

It follows that Y is positive definite, since e4 is mever singular.

EXERCISES

1. Consider the equation dz/dt = Az + g(z), z(0) = ¢, where
(a) A is a stability matrix,
® lg@I/l=ll — 0 as [|lz]l — O,
(©) |l is sufficiently smali,
Let Y be the matrix determined above. Prove that if z satisfics the foregoing non-
linear equation and the preceding conditions arc satisfied, then

%(x,}’x) < —rni(z,Ya)

where 7, i8 & positive constant, Hence, show that z = D as({— .,
2. Extend the foregoing argument to treat the case of complex A.

b. Mean-square Deviation. Suppose that A is a stability matrix and
that we wish to caleulate

J = [0': (z,Bz) dt (1)

where z is a solution of (4.1),
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It is interesting to note that J can be calculated as a rational funection
of the elements of 4 without the necessity of solving the linear differ-
ential equation for z. In particular, it is not necessary to calculate the
characteristic roots of A.

Let us determine a constant matrix Y such that

(z,Bz) = 3 (z,¥7) @

We see that
B =AY+ VYA 3)

With this determination of ¥, the value of J is given by
J = —(c,Yc) 4

Since 4 is a stability matrix, (3) has a unique solution which can be
found using determinants.

6. Effective Tests for Stability. The problem of determining when a
given matrix is a stability matrix is a formidable one, and at the present
time there is no simple solution. What complicates the problem is that
we are not so much interested in resolving the problem for a particular
matrix A as we are in deriving conditions which enable us to state when
various members of a class of matrices, A(u), are stability matrices,
Questions of this type arise constantly in the design of control mecha-
nisms, in the field of mathematical economics, and in the study of com-
putational algorithms.

Once the characteristic polynomial of A has been calculated, there are
a variety of eriteria which can be applied to determine whether or not
all the roots have negative real parts. Perhaps the most useful of these
are the criteria of Hurwitz.

Consider the equation

‘)\I — Al =AN 4+ a4+ - - - Fav AFav =0 1)

and the associated infinite array

a;y 1 0 0 0 O
a; a, a, 1 0 O
as as a; a, a, 0O

ar Qg as Gy Az @y * ° * 2)

where a; is taken to be zero for k > N,
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A necessary and sufficient condition that all the roots of (1) have
negative real parts is that the sequence of determinants

a 1 ai 1 0
h = |al| hy = ! hs =|as a, a, (3)
as as
s Qa4 Q3

formed from the preceding array, be positive.

There are no simple direct proofs of this result, although there are a
number of elegant proofs. We shall indicate in the following section
one line that can be followed, and in Appendix C discuss briefly the
chain of ideas, originating in Hermite, giving rise to Hurwitz’s proof.
Both of these depend upon quadratic forms. References to other types
of proof will be found at the end of the chapter.

The reason why this result is not particularly useful in dealing with
stability matrices is that it requires the evaluation of |\ — A, some-
thing we wish strenuously to avoid if the dimension of A is high.

EXERCISES

1. Using the foregoing criteria, show that a necessary and sufficient condition that
A + aX + as be a stability polynomial is that a, > 0, ay > 0. By this we mean
that the roots of the polynomial have negative real parts.

2. For \* 4 a1\* + as\ + as show that corresponding conditions are

a, @y as >0 aas > a;

8. For M\ 4 ai\* 4 a:\? 4 ag\ 4 a, show that the conditions are a), a4 > 0,
@103 > as, as(@as — as) > arta,.

7. A Necessary and Sufficient Condition for Stability Matrices. Let
us now show that the results of Sec. 4 yield
Theorem 2. Let Y be determined by the relation
A'Y + YA = -1 (4]
Then a necessary and suffictent condition that the real matrix A be a sta-
bility matriz is that Y be positive definite.
Proof. Referring to Sec. 5, we see that

[T @o) dt = @(0),720) — @(T),Y=(T)) %)
or @(T),Y2(T) + [, (5,2) dt = (2(0),Y2(0)) 3)

Here z is a solution of the equation dz/dt = Ax.
T
If Y is positive definite, /0 (z,z) dt is uniformly bounded, which means

that z({) — 0as{— «, whence A is a stability matrix. We have already
established the fact that Y is positive definite if A is a stability matrix.
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8. Differential Equations and Characteristic Values. Consider the
differential equation

Az + 2B’ +Cx =0 z2(0) =¢* z'(0) =¢c? 1)
which, if considered to arise from the study of electric circuits possessing

capacitances, inductances, and resistances, is such that A, B, and C are
non-negative definite.
On these grounds, it is intuitively clear that the following result holds.
Theorem 3. If A, B, and-C are non-negalive definite, and either A or C

positive definite, then
NA+2B+C|l =0 2

has no roots with positive real parts.

If A and C are non-negative definite and B s positive definite, then the
only root with zero real part ts X = 0.

Proof. Let us give a proof which makes use of the physical back-
ground of the statement. In this case, we shall use energy considerations.

Starting with (1), let us write

(', A2y + 2(2',Bz’) + (¢/,Cx) = 0 3)
Thus, for any s > 0,

ﬁ)‘ (@', Az") + 2(z',Bz’) + (&',Cx)] dt = 0 4)
or @420 | + 4 [ @B dt + @0 [ = 0 )
This is equivalent to the equation

('), 42'(5) + 4 [, @\ Be) dt + @@),C2(s) =es  (6)

where ¢; = (¢,4c?) + (c},Ce).

If A is a root of (2), then (1) has a solution of the form eMc. If A is real,
cis real. If A is complex, A = r, + ir,, then the real part of e¢, which
has the form ent(a® cos ryf + a? sin r.t), is also a solution, Substituting

in (6), we see that
o (61,40") + 4 [ (br0), BOD) di + e ACH) = e (7)

where b! and b® are constant vectors and b? is a variable vector given
by (ari + a?r;) cos rot + (a1 — a'ry) sin r4f,
If A or C is positive definite, with B > 0, we see that r, > 0 leads to

a contradiction as § — 0.
If A, C > 0, then B positive definite requires that r, < 0. Further-
more, since a' cos rif + a? sin ryf is periodic, we see that the integral

ﬁ: (b%(¢),Bb*(t)) dt diverges to plus infinity as s — o, unless r: = 0, if

ri=0.
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We have presented this argument in some detail since it can be extended
to treat similar questions for equations in which the coefficients A, B,
and C are variable.

EXERCISES

L]
1. Following Anke,! let us use the foregoing techniques to evaluate [0 ut dt, given

that u is a solution of w'"* + a.u" + awu' + aee = 0, all of whose solutions tend to
zero. Let u(D) = ¢o, u'(D) = ¢), u''(D) = ¢,. Establish the results

/0 wudl = u'u o ~ ﬁ) uuw dt = —coc2 + ¢%/2

«© - . u:_ «© re - _ « re
ﬁ) wudl = u'ul ﬁ)u dt ) ﬁ)u dd

/0 uudl = —co?/2

2. Derive from the equations
-
-[0 u"')(u"’ + az’u" + alu' + auu) dt=0 t = 0, 1, 2

w0
and the results of Exercise 1, a set of linear equations for the quantities j;) utdl,

/0 W) dy, /0 ® Wt

o«
8. Using these linear equations, express /;) ut dt as a quadratic form in ¢, ¢, €2

4. Using this quadratic form, obtain a set of nccessary and sufficient conditions
that r* + a,r? + ar + a, be a stability polynomial.

6. Show that these conditions are equivalent to the Hurwitz conditions given in
Exercise 2 of Sec. 6.

9. Effective Tests for Stability Matrices. As indicated in the fore-
going sections, there exist reasonably effective techniques for determin-
ing when the roots of a given polynomial have negative real parts. Since,
however, the task of determining the characteristic polynomial of a matrix
of large dimension is a formidable onc, we cannot feel that we have a
satisfactory solution to the problem of determining when a given matrix
18 a stability matrix.

In some special cases, nonetheless, very elegant criteria exist. Thus:

Theorem 4. If A has the form

a+b a
-1 b, a; e
A= - -1 b o (1)
-1 by an
. . -1 by

1Z. angew. Math. u. Phys., vol. VI, pp. 327-332, 1955.
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where the dots indicate that all other terms are zero, the a; are real, and the b;
are zero or pure imaginary, then the number of positive terms in the sequence
of products ay, @@z, . . . , @18z . . . an—1an 18 the number of character-
1stic roots of A with positive real part.

For the proof, which is earried out by means of the theory of Sturmian
sequences, we refer to the paper by Schwarz given in the Bibliography
at the end of the chapter. In this paper it is also shown that any matrix
B with complex elements can be transformed into the form appearing in
(1) by means of a transformation of the type A = T-'BT.

As we shall see in Chap. 16, the theory of positive matrices gives us
a foothold on the stability question when A is a matrix all of whose
off-diagonal elements are non-negative.

MISCELLANEOUS EXERCISES

1. Obtain the solution of the scalar equation u” + u = f,(f) by writing «’ = v,
v = —u + f1({) and determining the elements of ¢4t where

-1

2. Let the characteristic roots of A be distinct and B(f) — 0 as { = . Then the
characteristic roots of A + B(f), which we shall call A;(¢), are distinct for ¢ > (.

8. If, in addition, ® {B(f)|| d¢ < eo,there exists a matrix T'(¢) having the property

that the change of variable y = Tzconverts y’ = (A + B(f))yinto 2’ = (L(f) + C(t))z
where

M) 0
Az(t)
L) =
0 An(D)
and [ 7 1@ dt < .
N
4. If Z /;) las;(¢) + aj:(f)| dt < =, all solutions of ¥ = A(f)y are bounded as
ti=1

t-» oo,

8. There exists an orthogonal matrix B(f) such that the transformation y = B(f)z
converts ¥’ = A(l)y into 2/ = C({)z where C(t) is semidiagonal (Diliberto).

8. There exists a bounded nonsingular matrix B(f) with the property that C(t) is
diagonal.

7. The usual rule for differentiation of a product of two functions u and v has the
form d(wv)/dt = udv/dt + (du/dt)v. Consider the linear matrix function d(X)
defined by the relation

d(X) = AX — X4
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where A is a fixed matrix. Show that
d(XY) = Xd(Y) + dX)Y

8. Obtain a representation for d(X,,Xs « + + Xy) and thus for d(X¥).
9. Let da(X) = AX — XA, dp(X) = BX — XB. Show that

da(da(X)) = da(da(X))

10. When does the equation d(X) = AX, A a scalar, have a solution, and what is it ?

For an extensive and intensive discussion of these and related questions, see J. A.
Lappo-Danilevsky.!

11. When do the equations

d(X1) = anX, + aX,
d(Xs) = anX + a2X,

have solutions, and what are they?

12. Since d(X) is an analogue of a derivative, are there analogues of a Taylor series
expansion?

18. Given a real matrix 4, can we always find a diagonal matrix B with elements
+1 such that ali solutions of Bdz/dt = Az approach zero as t —» « (Brock)?

14. Let A be nonsingular. Then a permutation matrix P and a diagonal matrix D
can be chosen so that DPA is a stability matrix with distinct characteristic roots
(Folkman).

156. What is the connection between the foregoing results and the idea of solving
Az = bby use of the limit of the solutionof y¥ = Ay — bast{— =? (Unfortunately,
the result of Exercise 14 is an existence proof. No constructive way of choosing
D and P is known.)

16. If C has all characteristic roots less than one in absolute value, there exists a
positive definite @ such that @ — CGC* is positive definite (Stein).

17. Establish Stein’s result using difference equations. For extensions of the
results in Exercises 14-17 and additional references, see O. Taussky, On Stable
Matrices, Programmation en mathématiques numériques, Besangon, pp. 75-88, 1966.

18. Let A be an N X N complex matrix with characteristic roots \;, A\; + Xz = 0.
Then the N X N matrix G = G*, the solution of AG + GA* = [ is nonsingular and
has as many positive characteristic roots as there are \; with positive real parts.
(0. Taussky, A Generalization of a Theorem of Lyapunov, J. Soc. Ind. Appl. Math.,
vol. 9, pp. 640-643, 1961.)

19. Given the equation A* + a\*! + - - . 4 a, = 0, withtheroots Ay, s, . . .,
As, find the equation of degree n? whose roots are \; + 2, 4,7 =1,2, ..., n.

20. Find the equation of degreen(n + 1)/2 whoseroots are\; + A;,t = 1,2, . . .,
n,§=12 ...,4 and the equation of degree n(n — 1)/2 whose roots are \; + A
t1=23 ...,0§=1,2,...,1—1.

21. Use these equations to determine necessary and sufficient conditions that all
of the roots of the original equation have negative real parts (Clifford-Routh). See
Fuller,* where many additional resuits will be found, and Barnett and Storey? and
the survey paper by O. Taussky cited above.

1J. A. Lappo-Danilevsky, Mémoires sur la théorie des systémes des équations différ-
entielles linéaires, vol. 1, Chelsea Publishing Co., New York, 1953.

1 A. T. Fuller, Conditions for a Matrix to Have Only Characteristic Roots with
Negative Real Parts, J. Math. Anal. Appl., vol. 23, pp. 71-98, 1968.

*S. Barnett and C. Storey, Analysis and Synthesis of Stability Matrices, J. Diff.
Eq., vol. 3, pp. 414-422, 1967.
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of dz/dt = A(t)z in terms of the nature of the characteristic roots of
A (t) as functions of ¢ is much more complex. See the book cited above,
and

E. A. Coddington and N. Levinson, Theory of Ordinary Differential
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the Stability of Equilibrium, Econometrica, vol. 24, pp. 288-293,
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vol. 63, pp. 99-141, 1934.
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14
Markoff Mairices and Probability Theory

1, Introduction. In this and the following chapters, which constitute
the last third of the book, we wish to study a class of matrices which
are generated by some fundamental questions of probability theory and
mathematical economics. The techniques we shall employ here are quite
different from those utilized in the study of quadratic forms, or in con-
nection with differential equations.

The basic concept is now that of non-negativity, non-negative matrices
and non-negative vectors. A matrix M = (m,;) is said to be non-negative
if my > 0 for all / and j. Similarly, a vector z is said to be non-negative
if all its components are non-negative, z; > 0.

The subclass of non-negative matrices for which the stronger condition
miy; > 0 holds is called positive. These matrices possess particularly
interesting and elegant properties.

The terms ‘“‘positive’’ and ‘“‘non-negative’ are frequently used to
describe what we have previously called ‘“positive definite’’ and ‘“non-
negative definite.” Since the two types of matrices will not appear
together in what follows, we feel that there is no danger of confusion,
The adjective ‘“positive’’ is such a useful and descriptive term that it is
understandable that it should be a bit overworked.

We have restricted ourselves in this volume to a discussion of the more
elementary properties of non-negative matrices. Detailed discussions,
which would require separate volumes, either in connection with proba-
bility theory or mathematical economics, will be found in references at
the end of the chapter.

This chapter, and the one following, will be devoted to stochastic
processes, while the next chapter will cover various aspects of matrix
theory and mathematical economics.

2. A Simple Stochastic Process. In order to set the stage for the
entrance of Markoff matrices, let us review the concept of a delerministic
process. Consider a system S which is changing over time in such a
way that its state at any instant ¢ can be described in terms of a finite

263
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dimensional vector z. Assume further, that the state at any time s + ¢,
s > 0, can be expressed as a predetermined function of the state at time ¢,
and the elapsed time s, namely,

z(s + 1) = g(=(),9) 1)

Under reasonable conditions of continuity on the function g(f), we can
derive, by expansion of both sides in powers of s, a differential equation
for z(¢), of the form

92 = ha) @

Finite-dimensional deterministic systems of the foregoing type are thus
equivalent to systems governed by ordinary differential equations. If
we introduce functions of more complicated type which depend upon the
past history of the process, then more complicated functional equations
than (2) result.

The assumption that the present state of the system completely deter-
mines the future states is a very strong one. It is clear that it must
always fail to some degree in any realistic process. If the deviation is
slight, we keep the deterministic model because of its conceptual sim-
plicity. It is, however, essential that other types of mathematical models
be constructed, since many phenomena cannot, at the present time, be
explained in the foregoing terms.

Let us then consider the following stochastic process. To simplify the
formulation, and to avoid a number of thorny questions which arise
otherwise, we shall suppose that we are investigating a physical system S
which can exist only in one of a finite number of states, and which can
change its state only at discrete points in time.

Let the states be designated by the integers 1, 2, . . . , N, and the
times by ¢t =0, 1, 2, .. .. To introduce the random element, we
assume that there is a fixed probability that a system in stage 7 at time ¢
will transform into state ¢ at time ¢ 4+ 1. This is, of course, again a very
strong assumption of regularity. A ‘“‘random process’’ in mathematical
parlance is not at all what we ordinarily think of as a “random process”
in ordinary verbal terms,

Pursuant to the above, let us then introduce the iransition matriz
M = (my), where
my; = the probability that a system in state j at time ¢ will be in

state ¢ at time ¢ + 1
Observe that we take M to be independent of time. This is the most
important and interesting case.

In view of the way in which M has been introduced, it is clear that we
wish to impose the following conditions:
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my > 0 (3a)

mg=1 j=12...,N (3b)

That my; is non-negative is an obvious requirement that it be con-
sidered a probability. The second condition expresses the fact that a
particle in state j at time ¢ must be somewhere, which i8 to say in one of
the allowable states, at time ¢ + 1.

8. Markoff Matrices and Probability Vectors, Let us now introduce
some notation. A matrix M whose elements satisfy the restrictions of
(2.4) will be called a Markoff matrix.

A vector z whose components z; satisfy the conditions

T 2_ 0 (la)
N

2; zi=1 (1b)

will be called a probability vector. Generally, a vector all of whose com-
ponents are positive will be called a positive vector.

EXERCISES

1. Prove that AP 4 (1 — A)@is a Markoff matrix for 0 < A < 1 whenever P and Q
are Markoff matrices.

2. Prove that P@ is a Markoff matrix under similar agsumptions.

8. Prove that Mz is a probability vector whenever z is a probability vector and M
is a Markoff matrix.

4. Prove that Markoff matrices can be characterized in the following way: A
matrix M is a Markoff matrix if and only if Mz is a probability vector whenever zis a

probability vector.
§. Prove that if M’ is the transpose of a Markoff matrix M and M’ = (a:;), then
N
a; =lfori =12 ...,N.
i=1
8. Prove that a positive Markoff matrix transforms non-trivial vectors with non-
negative components into vectors with positive components.

4. Analytic Formulation of Discrete Markoff Processes. A stochastic
process of the type described in Sec. 2 is usually called a discrete Markoff
process. Let us now see how this process can be described in analytic
terms.

Since the state of the system S at any time ¢ is a random variable,
assuming any one of the values 7 = 1,2, . . . , N, we introduce the N
functions of ¢ defined as follows:

zi(t) = the probability that the system is in state 7 at time ¢ (1)
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At t = 0 we have the relation
I&(O) = 8y (2)

where k is the initial state of S.
The following relations must then be valid:
N
z(t+ 1) = Z mgt) i=12 ...,N 3)
=1
One aspect of the problem of predicting regular behavior of § is that
of studying the behavior of the solutions of the system of equations in (3),
which we may write more compactly in the form

¢+ 1) =Mz(t) ¢=012 ... 4)

The full problem is one of great complexity and interest, with analytic,
algebraic, topological, and physical overtones. A number of monographs
have been written on this topic, and there seems to be an unlimited area
for research.

It turns out that particularly simple and elegant results can be obtained
in the case in which the elements of M are all positive. Consequently,
we shall restrict ourselves principally to a discussion of this case by
several methods, and only lightly touch upon the general case.

EXERCISE
1. Prove that z(¢) = M z(0), z(t + 3) = M'z(s).

6. Asymptotic Behavior. The next few sections will be devoted to two
proofs of the following remarkable result:

Theorem 1. If M is a positive Markoff mairiz and if z(t) satisfies (4)
of Sec. 4, then

lim z(t) = y, where y is a probability vecior, (la)
t—r w0
y 18 independent of z(0), (1b)
y s a characteristic vector of M with assoctated characteristic rootl (lc)

That z(t) should settle down to a fixed probability vector y is interest-
ing and perhaps not unexpected in view of the mixing property implied
in the assumption m;; > 0. That this limit should be independent of the
initial state is certainly surprising.

6. First Proof. We shall present two proofs in this chapter. A third
proof can be derived as a consequence of results obtained for general
positive matrices in Chap. 16. The first proof, which we present first
because of its simplicity, illustrates a point we have stressed before,
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namely, the usefulness of considering transformations together with their
adjoints.

Since ¢ assumes only the discrete sequence of values 0, 1, 2, . . .,
let us replace it by »n and speak of z(n) in place of z(f). To establish
the fact that z(n) has a limit as n — «, we consider the inner product of
z(n) with an arbitrary vector b. Since, by virtue of (4.4), x(n) = M*z(0),
we see, upon setting £(0) = ¢, that

(z(n),b) = (Mrc,b) = (c,(M")'b) = (c,(M")*b) )

where M’ is the transpose of M.

If we show that (3’)"b converges as n — =, for any given b, it will
follow that z(n) converges as n — o« since we can choose for b first the
vector all of whose components are zero, except for the first, then the
vector all of whose components are zero except for the second, and so on.
Let us then introduce the vector

z(n) = (M')"b )
which satisfies the difference equation
zn+ 1) = M'z(n) 2(0) =b 3)

Let, for each n, u(n) be the component of z(n) of largest value and
v(n) the component of z(n) of smallest value. We shall show that the
properties of M’ imply that u(n) — v(n) > 0asn — .

Since

N
an+ 1) = ) mzn) @

=1
N
and since z mi = 1, my; > 0, we see that
i=1
u(n + 1) < u(n) )
v(n + 1) = v(n)
Since {u(n)] is a monotone decreasing sequence, bounded from below by
zero, and {¥(n)} is a monotone increasing sequence, bounded from above
by one, we see that both sequences converge. Let
un) = u  v(n)—>v (6)

To show that u = v, which will yield the desired convergence, we pro-
ceed as follows.
Using the component form of (3), we see that
u(n + 1) < (1 = dju(n) + dv(n) )
v(n + 1) 2 (1 — d)p(n) + du(n)

where d is the assumed positive lower bound for m,;, ¢,j = 1,2, . . . , N.
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From (7) we derive

u(n + 1) — v(n + 1) < [(1 — d)un) + dv(n) — 1 — d)v(n) — du(n)]
< (1 = 2d)(u(n) — v(n)) (8)
We see that (8) yields

u(n) — v(n) < (1 = 2d)*(u(0) — »(0)) 9

and hence, since d £ 3§ if N > 2, that u(n) — v(n) > 0asn— o,
Thus, not only does z(n) converge as n — =, but it converges to a
vector all of whose components are equal. From the convergence of
2(n) we deduce immediately the convergence of z(n), while the equality
of the components will yield, as we shall see, the independence of initial
value.
Let lim 2(n) = zand lim z(n) = y. As we know, all of the compo-

n— < n—«

nents of z are equal. Let us call each of these components a;. Then

w,b) = lim (x(n),b) = (¢,2) = asles+ 2+ - - - +¢al = a1 (10)

where a; is a quantity dependent only upon b. It follows that y is inde-
pendent of ¢.

That y is a characteristic vector of M with characteristic root 1 follows
easily. We have

y= lim Mrtie =M lim Mrc = My (11)
n— © n—«

In other words, y is a “fixed point” of the transformation represented
by M.

EXERCISE

1. Use the fact that 7 is a non-negative Markoff matrix to show that conditions of
positivity cannot be completely relaxed.

7. Second Proof of Independence of Initial State. Another method
for establishing independence of the initial state is the following. We
already know that lim Mr¢ exists for any initial probability vector c.

n— o

Let y and 2 be two limits corresponding to different initial probability

vectors ¢ and d, respectively. Choose the scalar ¢, so that y — ¢z has

at least one zero component, with all other components positive. As we

know, M(y — t;2) must then be a positive vector if y — ;2 is nontrivial.
However,

My —teg) =My —tMz=y — 412 1)

a contradiction unless y — ¢;2 = 0. This means that ¢; = 1, since yand 2
are both probability vectors.
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8. Some Properties of Positive Markoff Matrices. Combining the
results and techniques of the foregoing sections, we can derive some inter-
esting results concerning positive Markoff matrices.

To begin with, what we have shown by means of the preceding argument
is that a positive Markoff matrix cannot possess two linearly independent
positive characteristic vectors associated with the characteristic root one.

Furthermore, the same argument shows that a positive Markoff matrix
cannot possess any characteristic vector associated with the character-
istic root one which is linearly independent of the probability vector y
found above. For, let z be such a vector.! Then for ¢, sufficiently large,
z + tiy is a positive vector. Dividing each component by the scalar
t» = (2 + tiy, ¢), where ¢ is a vector all of whose components are ones,
we obtain a probability vector. Hence (z 4 tiy)/t: = y, which means
that z and y are actually linearly dependent.

It is easy to see that no characteristic root of M can exceed one in
absolute value. For, let z be a characteristic vector of M, A be a charac-
teristic root, and m be the absolute value of a component of z of greatest
magnitude. Then the relation Az = M’z shows that

N
Afm < m z_m,-; =m (§))]
i=

whence (A} < 1,
We can, however, readily show that A = 1 is the only characteristic
root of absolute value one, provided that M is a positive Markoff matrix.
To do this, let 1 be another characteristic root with {u| = 1, and w + 42
an associated characteristic vector with w and 2 real. Then, choosing ¢,
large enough, we can make w + ey and z 4+ eqy both positive vectors,
It follows that '

M(w + iz + (1l + 9)y) = w(w + i2) + (1 + )y @
Hence, on one hand, we have
M*(w + iz + ei(1 + 7)y) = p(w + i2) + a(l + £y 3)
On the other hand, as n — «, we see that
Mr(w + iz + ei(l + 2)y) = M"(w + ey + i(2 + cry)) @

converges, because of the positivity of w 4+ ¢;y and 2 + ¢y, to a certain
scalar multiple of y.

The vector u"(w + ¢z), however, converges as n — o only if p = 1,
if u is constrained to have absolute value one. This completes the proof.

We see then that we have established Theorem 2.

11t is readily seen that it suffices to take 2 real.
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Theorem 2. If M is a positive Markoff matrix, the characteristic root
of largest absolute value i¢ 1. Any characteristic vector associated with this
characteristic root is a scalar multiple of a probability vector.

EXERCISE

1. If X is a oharacteristioc root with an associated characteristic vector which is
positive, then X\ = 1,

9. Second Proof of Limiting Behavior. Let us now turn to a second
direct proof of the fact that z(n) has a limit as n — «., Writing out the
equations connecting the components of z(n) and z(n + 1), we have

N
zn + 1) = ) myzi(n) M
iml
This yields
N
z(n + 1) = z(n) = ) maley(n) — an — 1] @
i=1
N
Since z zj(n) = 1 for all n, it is impossible to have z;(n) > z;(n — 1)
i=1

for all j, unless we have equality. In this case z(rn) = z(n — 1), a rela-
tion which yields z(m) = z(n — 1) for m > n, and thus the desired
convergence.

In any case, for each n let S(n) denote the set of j for which z;(n) >
zj(n — 1) and T(n) the set of j for which z;(n) < zj(n — 1). The com-
ment in the preceding paragraph shows that there is no loss of generality
in assuming that S(n) and T'(n) possess at least one element for each n.

Referring to (2), we see that

}; milzi(n) — z5(n — 1)] < z(n + 1) — 2n)
jeT(n)
< 2 mylzi(n) — g(n = D} (3)
7eS(n)
Hence

[zi(n + 1) — zi(n)] < if [@i(n) = zi(n ~ 1] (4
1eS(n+1) jeg(n) {ﬁS(Z-{-l)m } s

which yields, since m;; > d > 0 for all < and j,

[n + O — sl < (1 —d) Y [n) = 0 — D] (5)
$e8(n+1) jeS(n)




Markoff Matrices and Probability Theory 271

Similarly, summing over 7eT(n + 1), we have

1=d) Y o) —gn— DI Y [l(n+1) —z(n)] (6)

jeT'(n) ieT(nt+1)
Combining (5) and (6), we see that
N N
Y+ ) —sm A —d) ) lum) —5n-D @)
i=1 j=1

and hence that the series z lz(n) — z(n — 1)| converges.

n=1

This completes the proof of convergence of z(n).

EXERCISES

1. If M is a Markoff matrix and M? is a positive Markoff matrix, show that the
sequences [M?7¢c} and (M3***ic} converge. Does |M"c} converge?
2. What is the limit of M" if M is a positive Markoff matrix?

10. General Markoff Matrices. As mentioned above, the study of the
general theory of Markoff matrices is quite complex, and best carried on
from a background of probability theory.

In order to see how complex roots of absolute value 1 can arise, con-
sider a system with only two states, 1 and 2, in which state 1 is always
transformed into state 2 and state 2 into state 1. The corresponding
transition matrix is then

01
w=0 0] M

which has the characteristic roots A\, = 1, A, = —1.

By considering cyclic situations of higher order, we can obtain charac-
teristic roots which are roots of unity of arbitrary order.

Let us, however, discuss briefly an important result which asserts that
even in the case where there is no unique limiting behavior, there is an
average limiting behavior.

Let us suppose for the moment that M has only simple characteristic
roots, so that we may write

rxl

) ¥
M=T . = @)

An
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Then

F z )\;"/ n 0

kw1l

(i M4)/n =1 _ T (3)

km1

If |\ < 1, we have z A/n—0asn— . If A = 1, the limit
F=1
lim z A/n = g )
n— o k_l

exists. If A\; = e%, where 6/2r is an integer, then a; = 1; if 8/2r is not
an integer, then a; = 0.

In any case, under the assumption of distinct characteristic roots, we
can assert the existence of a quasi-limiting state

v =t (AL I ®

which is a characteristic vector of M, that is, My = y. The limit vec-
tor y is a probability vector if z is a probability vector.

The general case can be discussed along similar, but more complicated,
lines; see the exercises at the end of the chapter.

EXERCISE

1. If ) is a characteristic root of a Markoff matrix M, with the property that
|\] = 1, must A be a root of unity?

11. A Continuous Stochastic Process. Let us now consider the
stochastic process described in Sec. 2 under the assumption that the sys-
tem is observed continuously., We begin with the discrete process in
which observations are made at the times ¢t =0, A, 24, . . . . Since
we want the continuous process to be meaningful, we introduce a con-
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tinuity hypothesis in the form of a statement that the probability of the
system remaining in the same state over any time interval of length A is
1 — 0(4).
To make this statement precise, we define the following quantities:
a;A = the probability that S is in state  at ¢ + A, given that

it is in state j at time ¢, for { > j 1
1 — a;A = the probability that S is in state ¢ at ¢ + A, given that

it is in state 7 at time ¢

The quantities a;; are assumed to satisfy the following conditions:

(27 Z 0 (20)
ai = ) a (26)
I

Then the equations governing the quantities z.(f) are
2t + 8) = (1 — asd)a(t) + A Z () i=12...,N @3
I

fort =04, 24, ....
Writing, in a purely formal way,

it + A) = z.(t) + Ar(t) + 0(A?) (1)
and letting A — 0 in (2), we obtain the system of differential equations
% = —a% + Z Q55 z:(0) = ¢ ()
i
i=12...,N,wheree,7 =1,2, ..., N, are the initial probabilities.

We shall bypass here all the thorny conceptual problems connected
with continuous stochastic processes by defining our process in terms of
this system of differential equations. In order for this to be an oper-
ationally useful technique, we must show that the functions generated
(5) act like probabilities. This we shall do below.

There are a number of interesting questions arising in this way which
we shall not treat here. Some of these are:

1. How does one define a continuous stochastic process directly and
derive the differential equations of (5) directly?

2. In what sense can the continuous stochastic process defined by (5)
be considered the limit of the discrete stochastic process defined by (3)?

Since these are problems within the sphere of probability theory, we
shall content ourselves with mentioning them, and restrain ourselves here
to the matrix aspects of (§). As usual, however, we shall not scruple to
use these ideas to guide our analysis.
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12. Proof of Probabilistic Behavior. Let us now demonstrate that the
system of differential equations

B ot Yo w0 =6 i=L%.. N D
IS
where
620 Ye=1 (20)
a; >0 (2b)
i = s (2¢)
i

produces a set of functions satisfying the relations

)20 t2>0 (3a)
Z z(l) = 1 (3b)

tml

Let us demonstrate (3b) first. From (1) we have

4(T0) = (ot S -

i i s

=]

(4)

by virtue of (2¢). Hence, for all ¢,
Yo =Y a(0) =1 )

1]

To show that z; > 0, write (1) in the form

5 o) = o )
Foés
Since z; = 0 at ¢t = 0, this shows that the quantities % are monotone
increasing.

In place of following this procedure, we could use the easily established
fact that the solutions of (1) are the limits of the solutions of (11.3) as
A— 0. Hence, properties of the solutions of (11.3) valid for all A must
carry over to the solutions of (1). We recommend that the reader sup-
ply a rigorous proof.

13. Generalized Probabilities—Unitary Transformations. Any set of
non-negative quantities [z} satisfying the conditions

X 2 0 (la)
N
=1 (1v)

i=]




Markoff Matrices and Probability Theory 275

can be considered to represent a set of probabilities, where z; is the proba~
bility that a system S is in state 7.
A set of transformations

z; = gi(x1, s . . . ,ZN) i=12...,N 2

which preserves the relations in (1) can then be considered to represent
the effects of certain physical transformations upon S.

The simplest such transformations are the linear, homogeneous
transformations

N
z; = z ;%5 (3)
5=
As we know, a necessary and sufficient condition that the relations in (1)
be preserved is that A = (a;) be a Markoff matrix.

Let us now consider a quadratic transformation. Let z be a complex
vector with components z; and let

z'=Tz 4)

where T is a unitary transformation. Then (z',7") = (z,%).
Hence, if we consider |z;|? |z2|% . . . , |z~|? to represent a set of proba-
bilities, we see that |z|%, |z3]%, . . ., |ry|? can also be considered to be

a set of probabilities.
We leave it to the reader to establish the relevant limit theorems for
the sequence {r(n)} defined recurrently by

z(n 4+ 1) = Tz(n) (5)

where T is unitary and (2(0),2(0)) = 1

14. Generalized Probabilities—Matrix Transformations. Let us now
generalize the concept of probabilities in the following fashion. If { X}
is a finite set of symmetric matrices satisfying the ¢onditions

X.>0 i=12...,N (1a)
N
Ztr (X)) =1 (1b)

i=]

we shall call them a set of probabilities. The condition X; > 0 here
signifies that X, is non-negative definite.
Consider the transformation

N
Yi= ) 4iX Ay i=12...,N 2)

i=1
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It is easy to establish the following analogue of the result concerning
Markoff matrices.

Theorem 3. A necessary and sufficient condition that the transformation
in (2) preserve the relations in (1) is that

N
ZAL'A"":I i=12...,N @)

tm1

Although analogues of the limit theorems established for the usual
Markoff transformations can be established for the transformations of
(2), the results are more difficult to establish, and we shall therefore
not discuss these matters any further here.

EXERCISES
n
1. Let M be a Markoff matrix. Consider a proof of the fact that lim My/n
A T

exists along the following lines. Using the Schur transformation, we can write

-

e bya biv
eits
M=T e Vi
Akt1
| O Ay _
where the 6; are real and I\} < 1,7 =k +1, . . . , N.

It suffices to consider the iterates of the triangular matrix. - To do this, consider
the system of equations

zi(n + 1) = etz (n) + bize(n) + - + < + biven(n)
za(n + 1) = eizy(n) + + -+ + banvan(n)

zvin + 1) = Avzn(n)

n=01,2.... Show that |zi(n)] S ey’ 0 <r <1, i=k+1,..., N.
Using the equation zi(n + 1) = eiszi(n) + yi(n), where [ya(n)| < car®, show that
n

lim zi(m)/n exists, Then continue inductively.

n—> ® m-o

2. Prove the stated result using the Jordan canonical form.
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MISCELLANEOUS EXERCISES
1. Consider the matrix
[ —Xo o N
m =+ o) M
ua —Mtu) M
A = :
s =Mt F pa1) M
L Bn =+ pa) ]
where the A; and u; are positive quantities.
Denote by ¢a()) the quantity |A™ + AI|. Show that

%(X) - (k + M+ Fn)d’n—'l(x) + xn—ll‘n'j’n—!(x) =0

forn 2 11 ¢_;(\) =1, ¢o(A) == X\ + Ao (W. Ledermann and G. E. Reuter).

2. Thus, or otherwise, show that the characteristic roots are A™ are distinct and
negative or zero, and separate those of A1 (W, Ledermann and G. E. Reuter).

8. In the notation of Exercise 27 of the Miscellaneous Exercises of Chap. 4, is
A®™ symmetrizable?

4. By a permutaiion mairiz P of order N, we mean a matrix possessing exactly one
nongero element of value one in each row and column. Show that there are N1
permutation matrices of order N.

6. Prove that the product of two permutation matrices is again a permutation
matrix, and likewise the inverse. What are the possible vaiues for the determinant
of a permutation matrix?

6. By a doubly stochastic matriz of order N we mean a matrix A whose elements
satisfy the following conditions:

(@) ai; 20
(b)Za.»,-sl i=12...,N
;

(c)Za.-,-=l j=1,2,...,N
s

Is the product of two doubly stochastic matrices doubly stochaatic?
7. Prove that any doubly stochastic matrix 4 may be written in the form

zw.-:al

r

A=Zw,P, r=12...,N w20
r

where {P,} is the set of permutation niatrices of order N. Tle result is due to
Birkhoff.!

Another proof, together with a number of applications to scheduling theory, may
be found in T. C. Koopmans and M. J. Beckman.?

1 G. Birkhoff, Tres observaciones sobre el algebra lineal, Rev. univ. nac. Tucumdn,
ser. A, vol. 5, pp. 147-151, 1946.

1 T. C. Koopmans and M. J. Beckman, Assignment Problems and the Location of
Economic Activities, Econometrica, vol. 25, pp. 53-76, 1957.
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For some further resuits concerning doubly stochastic matrices, see 8. Schreiber!
and L. Mirsky.

Mirsky’s paper contains a partieularly simple proof of the Birkhoff results cited
above and of an interesting connection between doubly stochastic matrices and the
theory of inequalities.

8. Let A be a 2 X 2 Markoff matrix. Show that A is a square of a Markoff
matrix if and only if a;, > a;..

9. Hence, show that if A is a square of a Markoff matrix, it can be written as the
27 power of a Markoff matrix forn =1,2, . .

10. From this, conclude that if A has a square root which is a Markoff matrix,
it has a root of every order which is a Markoff matrix.

11. From this, conclude that we can construct a family of Markoff matrices 4 (f)
with the property that A(s + ) = A(s)A(¢), for s, ¢ > 0, A(0) = I, and 4A(1) = A.

12. Using this result, or otherwise, show that A = ¢?, where B has the form

B = [_g: _g:] a, bl ?_0

18. If B is a matrix of the type described in Sec. 12, we know that ¢® is a Markoff
matrix. Let B, and B: be two matrices of this type and let 4, = ¢B1, A, = ¢82. s
A4, a matrix of this type?

14. Let A be a Markoff matrix of dimension N with the property that it has a
root of any order which is again a Markoff matrix. Let A, denote a particular 2°-th
root which is a Markoff matrix, and write A(l) = An,4a, . . . , when ¢ has the form
t =242 4 - .. where the sum is finite. Can we define A(¢) for0 <¢ <1
a8 a limit of values of A(f) for ¢ in the original set of values? If so, show that
A3 +1¢t) = A(8)A(t) for 0 < 8, t < 1. Define A(0) to be I. If the foregoing rela-
tion holds, does it follow that A(¢) is the solution of a differential equation of the form
dX/dt = BX, X(0) = I, where B is & matrix of the type occurring in Sec. 127

18. Let pi(n) = the probability of going from state a to state ¢ in n steps, and gi(n)
be similarly defined starting in state b. Consider the 2 X 2 determinant

oy = [P pi(n)
() \q.-(n) gi(n)

Prove that
dij(n) = zafraj.du(ﬂ -1

r.8

(Cf. the matrices formed in Sec. 14 of Chap. 12.)
16. Let ¢i;(n) = the probability of two particles going from Initial distinct states
a and b to states 7 and 7 at time n without ever being in the same state. Show that

¢i;(n) = zafraja¢ra(n -1

r.8

In these two exercises, a;; denotes the probability of going from state j to state i in
any particular move.

1 8. Schreiber, On a Result of 8. Sherman Concerning Doubly Stochastie Matrices,
Proc. Am. Math. Soc., vol. 9, pp. 350-353, 1953.

L. Mirsky, Proofs of Two Theorems on Doubly-stochastic Matrlces, Proc. Am.
Math. Soc., vol. 9, pp. 371-374, 1958,
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What is the connection between di;(n) and ¢,,(n)? See S. Karlin and J. Mac-
Gregor, Coincidence Probabilities, Stanford University Department of Statistics, Tech.
Rept. 8, 1958, for a detailed discussion.

17. Let M be a positive Markoff matrix and let the unique probability vector z
satisfying Mz = z be determined by the relation z = lim M"b where b is a proba-

n— o

bility vector. If we wish to use this result for numerical purposes, should we arrange
the calculation so as to obtain M™ first by use of My, = M, My = MM,, . . ., and
then Mab, or should we calculate M»b by way of z; = b, z; = Mz, . .. ? Which
procedure is more conducive to round-off error?

18. Suppose that n = 2¢ and we calculate M, = M, M, = M}, M, = M,?, ..
Which of the two procedures sketched above is more desirable?

19. What are necessary and sufficient conditions on a complex matrix A that AH
be a stability matrix whenever H is positive definite Hermitian? See Carlson! and
the interesting survey paper by O. Taussky.?
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§7. The shuffling of cards is designed to be a Markoff process which
makes each new deal independent of the previous hand. In reality, most
people shuffie quite carelessly, so that a great deal of information con-
cerning the distribution of honors in the various hands can be deduced
by remembering the tricks of the previous deal. Over several hours of
play, this percentage advantage can be quite important.
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Stochastic Mairices

1. Introduction. In this chapter we wish to discuss in very brief fash-
ion stochastic matrices and a way in which they enter into the study of
differential and difference equations. As we shall see, Xronecker prod-
ucts occur in a very natural fashion when we seek to determine the
moments of solutions of linear functional equations of the foregoing type
with random coefficients.

2. Limiting Behavior of Physical Systems. Consider, as usual, a
physical system 8, specified at any time ¢ by a vector z(¢). In previous
chapters, we considered the case in which z(¢ P A) was determined from
a knowledge of z(f) by means of a linear transformation

z(t + A) = I + Za)z() ¢))
and the limiting form of (1) in which A is taken to be an infinitesimal,

dx

Suppose that we now assume that Z is a stochastic matrix. By this
we mean that the elements of Z are stochastic variables whose distribu-
tions depend upon ¢ Since the concept of a continuous stochastic
process, and particularly that of the solution of a stochastic differential
equation, is one of great subtlety, with many pitfalls, we shall consider
only discrete processes. There is no difficulty, however, in applying the
formalism developed here, and the reader versed in these matters is
urged to do so.

Returning to (1), let us write z(kA) = zx to simplify the notation.
Then (1) may be written

ey = (I + ZpA)ze 3)

Since Z is a stochastic matrix, its value at any time becomes a function

of time, and we denote this fuct by writing Zx.
281
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We see then that

n—1
zo=[I +2a)]x (4)
k=0
If A is small, we can write this
n—1
o= [1+a [l 2 + 09 ] 20 (5)
k=0

Hence, to terms in A%, we can regard the effect of repeated transfor-
mations as an additive effect. Additive stochastic processes have been
extensively treated in the theory of probability, and we shall in conge-
quence devote no further attention to them here. Instead, we shall
examine the problem of determining the limiting behavior of z, when
Z,A cannot be regarded as a small quantity.

Since this problem is one of great difficulty, we shall consider only the
question of the asymptotic behavior of the expected value of the kth
powers of the components of z, asn— o fork=1,2, . ...

8. Expected Values. To illustrate the ideas and techniques, it is
sufficient to consider the case where the z; are two-dimensional matrices
and the Z; are 2 X 2 matrices. Let us write out the relations of (3) in
terms of the components of zx, which we call u; and v for simplicity of
notation.

Then

U1 = 2ZnUx + 2120 (l)
Vep1 = ZalUx + Zoglk

We shall assume that the Z; are independent random matrices with a
common distribution. More difficult problems involving situations in
which the distribution of Z; depends upon the values assumed by Z;_,
will be discussed in a subsequent volume.

The assumption that the Z: are independent means that we can write

E'(u,,H) = euE'(uk) + 912E(”k) (2)
E(ey) = enE(w) + es9E (vi)

where E(w:) and E(2:) represent the expected values of u, and v, respec-
tively, and e;; is the expected value of 2.
We see then that

E(2i11) = E(Z2)E(n) = E(Z)* 20 @)

This means that the asymptotic behavior of E(z.) as n — « depends
upon the characteristic roots of E(Z).
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EXERCISE

1. Assume that with probability %4 Z is a positive Markofl matrix 4, and with
probability 14 a positive Markoff matrix B. Prove that E(z.) — y, a probability
vector independent of z,, assumed also to be a probability vector.

4. Expected Values of Squares. Suppose that we wish to determine
the expected values of u.? and v,>. From (3.1) we have

Urp1? = 2wl + 2enziguatn + 219%0%° 1
Ve1® = 2nfw? + 22020tk + 2g00?

We see then that in order to determine E(u?) and E(v:?) for all k we
must determine the values of E(uwi). From (3.1), we have

Uk 2Vky1 = 2nzaue’ + (211222 + 219200) Uatx + 2192990;° 2
Hence
E(uri1?) E(us?)
E(urywrr) | = E(Z™) | E(uive)
E(vesr?) E(v?)

where Z!% is the Kronecker square of Z = (z;;), as defined in Sec. 8 of
Chap. 12.

Observe how stochastic matrices introduce Kronecker products in a
very natural fashion.

MISCELLANEOUS EXERCISES

1. Show that E(ZI") arises from the problem of determining E(u:").

2. Show that the Kronecker square arises in the following fashion. Let Y be a
matrix, to be determined, possessing the property that E(z(n),Yz(n)) is readily
obtained. Determine Y by the condition that

E(Z'YZ) = \Y

What are the vajues of A?
8. If Z has the distribution of Exercise 1 of Sec. 3, do the sequences |E(u.?)],
{E(wa?) | converge? If so, to what?

Bibliography and Discussion

The problem of studying the behavior of various functions of stochastic
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Positive Mairices, Perron’s Theorem,
and Mathematical Economics

1. Introduction. In this chapter, we propose to discuss a variety of
problems arising in the domain of mathematical economics which center
about the themes of linearity and positivity.

To begin our study, however, we shall study some simple branching
processes which arise both in the growth of biological entities and in the
generation of elementary particles, as in nuclear fission and cosmic-ray
cascades.

Oddly enough, the fundamental result concerning positive matrices
was established by Perron in connection with his investigation of the
multidimensional continued fraction expansions of Jacobi. His result
was then considerably extended by Frobenius in a series of papers.

Rather remarkably, a result which arose in number-theoretic research
now occupies a central position in mathematical economics, particularly
in connection with the ‘‘input-output” analysis of Leontieff. The
matrices arising in this study were first noted by Minkowski. This
result also plays an important role in the theory of branching processes.

What we present here is a very small and specialized part of the
modern theory of positive operators, just as the results for symmetric
matrices were principally special cases of results valid for Hermitian
operators.

Finally, at the end of the chapter, we shall touch quickly upon the
basic problem of linear programming and the connection with the theory
of games of Borel and von Neumann. In conclusion, we shall mention
some Markovian decision processes arising in the theory of dynamic
programming,

2. Some Simple Growth Processes. Let us consider the following
simple model of the growth of a set of biological objects. Suppose
that there are N different types, which we designate by the numbers
1,2, ..., N, and that at the times t =0, 1, 2, . . . , each of these

different types gives birth to a certain number of each of the other types.
286
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One case of some importance is that where there are only two types,
the normal species and the mutant species. Another case of interest is
that where we wish to determine the number of females in different age
groups. As each year goes by, females of age ¢ go over into females of
age 7 + 1, from time to time giving birth to a female of age zero. It is
rather essential to attempt to predict the age distribution by means of a
mathematical model since the actual data are usually difficult to obtain.

Let us introduce the quantities

a;; = the number of type ¢ derived at any stage from a single item of
types, 4, 7=1,2,...,N. (1)

As usual, we are primarily intercsted in growth processes whose
mechanism does not change over time.
The state of the system at time » is determined by the N quantities

z:(n) = the number of type ¢ at time n 2)
t=12 ...,N. Wethen have the relations
N
zin + 1) = z a;jx;(n) i=1,2 ...,N 3)
i=1

where the relations 2;(0) = ¢;, 7 =1, 2, ..., N, determine the initial
state of the system.,

The problem we would like to solve is that of determining the behavior
of the components z,(n) as n — «. This depends upon the nature of the
characteristic roots of A = (ay;), and, in particular, upon those of greatest
absolute value.

As we know from our discussion of Markoff matrices, this problem is
one of great complexity. We suspect, however, that the problems may
be quite simple in the special case where all the a;; are positive, and this is
indeed the case.

3. Notation. As in Chap. 14, we shall call a matrix positive if all of its
elements are positive. If A is positive, we shall write A > 0. The
notation A > B is equivalent to the statement that A — B > 0. Simi-
larly, we may conceive of non-negative matrices, denoted by 4 > 0.

This notation definitely conflicts with previous notation used in our
discussion of positive definite matrices. At this point, we have the
option of proceeding with caution, making sure that we are never dis-
cussing both types of matrices at the same time, or of introducing a new
notation, such as A > > B, or something equally barbarous. Of the
alternatives, we prefer the one that uses the simpler notation, but which
requires that the reader keep in mind what is being discussed, This is,
after all, the more desirable situation.
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A vector z will be called posttive if all of its components are positive,
and non-negative if the components are merely non-negative. We shall
write z > 0, and z > 0 in the second. The relation z > y is equivalent
toz—y 20.

EXERCISES

1, Show that z > y, 4 > 0, imply that Azx > Ay.
2. Prove that Az > Ofor all z > 0 implies A > 0.

4, The Theorem of Perron, Let us now state the fundamental result
of Perron.

Theorem 1. If A s a positive mairiz, there is a unique characteristic
root of A, M(A), which has greatest absolute value. This root is positive and
simple, and 1ts assoctated characteristic vector may be taken to be positive.

There are many proofs of this result, of quite diverse origin, structure,
and analytical level. The.proof we shall give is in some ways the most
important since it provides a variational formulation for A(A4) which
makes many of its properties immediate, and, in addition, can be extended
to handle more general operators.

6. Proof of Theorem 1. Our proof of Theorem 1 will be given in the
course of demonstrating Theorem 2.

Theorem 2. Let A be a positive mairiz and let A\(A) be defined as above.
Let S(\) be the set of non-negalive N for which there exist non-negative vec-
tors x such that Az > M\x. Let T(\) be the set of positive \ for which there
exist postiive vectors x such that Az < \x. Then

A(4)

max A AeS(A)
= min A AeT(N) (1)

Proof of Theorem 2. Let us begin by normalizing all the vectors we
shall consider, so that
N

lell = ) = =1 (@)

i=1
This automatically excludes the null vector. Let us once more set
N
14| = z ;. If \r < Az, we have
ijml
Mzl <
or 0<x< 4] 3)

This shows that S(A) is a bounded set, which is clearly not empty if A is
positive.
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Let Ao = Sup A for AeS(A); let {A:} be a sequence of As in S(A) con-
verging to Ao; and let {x¥} be an associated set of vectors, which is to say

Az < Az §=1,2, ... (4)

Since ||z®| = 1, we may choose a subsequence of the z®, say {z%}
which converges to z, a non-negative, nontrivial vector. Since
Aoz® < Az it follows that AeS(A), which means that the supremum
is actually & maximum.

Let us now demonstrate that the inequality is actually an equality,
that is, Az® = Az, The proof is by contradiction. Let us suppose,
without loss of generality, that

N
z ayr; — Aoz = d1 >0
¥ (5)
Y awri— M@ 20 k=2...,N
jel
where z;, ¢ = 1,2, . , ., N are the components of z®,
Consider now the vector

"d, /2o |
0

yr® 4| (6)

| o
It follows from (5) that Ay > \ey. This, however, contradicts the maxi-
mum property of Ao, Hence d, = 0, and there must be equality in all the
terms in (5).

Consequently \q is a characteristic root of A and z(9 a characteristic
vector which is necessarily positive.

Let us now show that A = A(A). Assume that there exists a charac-
teristic root A of A for which |A| 2> Ao, with z an associated characteristic
vector. Then from Az = \z we have

Al 2] < Alel o

where |z| denotes the vector whose components are the absolute values
of the components of z. It follows from this last inequality and the defi-
nition of Ao, that |A| < Xe. Since |\| = \,, the argument above shows that
the inequality |A| |2| < Alz] must be an equality. Hence |Az| = Alz|;
and thus 2 = ¢)w, with w > 0 and ¢, a complex number. Consequently,
Az = Mz is equivalent to Aw = \w; whence ) is real and positive and
hence equal to Ao
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To show that w is equivalent to z©®, let us show that apart from scalar
multiples there is only one characteristic vector associated with Ao. Let
2 be another characteristic vector of A, not necessarily positive, associ-
ated with A(A). Then z'® + ez, for all scalar ¢, is a characteristic vector
of A. Varying ¢ about ¢ = 0, we reach a first value of ¢ for which one or
several components of z(® - ez are zero, with the remaining components
positive, provided that 2 and z are actually linearly independent. How-
ever, the relation

A@E® 4 e2) = AMA) @O + e2) 8)

shows that 2(® 4 ez > 0 implies 2 + ez > 0. Thus a contradiction.

EXERCISES

1. Show that A > B > 0 implies that A(4) > A(B).
2. Show by means of 2 X 2 matrices that A(AB) < A(A)A(B) is not universally
valid.

6. First Proof that A(4) Is Simple. Let us now turn to the proof that
A(A) is a simple characteristic root. We shall give two demonstrations,
one based upon the Jordan canonical form and the other upon more
elementary considerations.

Assume that A(4) is not a simple root. The Jordan canonical form
shows that there exists a vector y with the property that

(A-MA)Dry=0 (4A-MAHH-ly#=0 1)

for'some k > 2.

This means that (4 — A(A)I)*'y is a characteristic vector of A and
hence a scalar multiple of z(®. By suitable choice of y we may take this
multiple to be one. Hence

r® = (4 — MA)I)Yy 2)
Now let
z=(4 — \NA)I)% 3)
Then
Az = MA)z + 2 > A(A)2 4)

This yields A|z| > A(A4)|z|, which contradicts the maximum definition of
AA).

(7. Second Proof of the Simplicity of A(4). Let us now present an
alternate proof of the simplicity of A(A) based upon the minimum
property.

We begin by proving the following lemma.

Lemma. Let Ay be a positive N X N matriz (ay), and An_, any

(N — 1) X (N — 1) matriz obtained by striking out an ith row and jth




Positive Matrices and Mathematical Economics 291

column. Then
A(Awn) > MAro) n

Proof. Let us proceed by contradiction. Write
Ay = X(AN) Ay = 7\(AN_1)

Assume for the moment that Ay < Ay_,, and take, without loss of

generality, Ay, = (a,), 1,7 =1,2,...,N — 1. We have then the
equations
N-1
Y ey =y i=1,2 ... N-1Ly>0 @)
N
and z air; = ANZ, i=12 ... ,Nz2,>0 3)
j=1

Using the first N — 1 equations in (3), we obtain
N-1
El Q%5 = ANT — GNTN
=

= M(z: — aiven/Mv) < Anz: (4)

which contradicts the minimum property of Ay-1.

Let us now apply this result to show that A(A4) is a simple root of
fQ\) =14 — AI| = 0. Using the rule for differentiating a determinant,
we obtain readily

F'O) = —|A; = M| — |Az = M| - - - — |Ay — M| (5)

where by A, we denote the matrix obtained from A by striking out the
kth row and column. Since A(A) > A(A:) for each %, and each expres-
sion |Ax — M| is a polynomial in A with the same leading term, each poly-
nomial |4, — M| has the same sign at A = A(4). Hence, f'(A(4)) = 0.

8. Proof of the Minimum Property of A(4). We have given above a
proof of the maximum property of A(A), and used, in what has preceded,
the minimum property. Let us now present a proof of the minimum
property which uses the maximum property rather than just repeating
the steps already given. The technique we shall employ, that of using
the adjoint operator, is one of the most important and useful in analysis,
and one we have already met in the discussion of Markoff matrices.

Let A’ be, as usual, the transpose of A. Since the characteristic
roots of A and A’ are the same, we have A(4) = A(4’). As we know,
(Az,y) = (z,A'y). If Ay < Ay for some y > 0, we have for any z > 0,

Mzyy) 2 (z,4y) = (A'zy) (1)
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Let 2 be a characteristic vector of A’ associated with A(4). Then
Mzy) 2 (A'2y) = MA)(zy) (2)

Since (z,y) > 0, we obtain A > A(4). This completes the proof of the
minimum property.
9. An Equivalent Definition of A(4). In place of the definition of A(4)
given in Theorem 1 above, we may also define A\(4) as follows.
Theorem 3

N
max min { z a.-,zv,-/x.-}

AA) =
z LT
= n;in max { ,Zl a.-,-x,-/x.-} (1)

Here x varies over all non-negative vectors different from zero.

The proof we leave as an exercise.

10. A Limit Theorem. From Theorem 1, we also derive the following
important result.

Theorem 4, Let ¢ be any non-negative vector. Then

v = lim Anc/A(A)"
n— %

exisls and ¢s a characteristic vector of A associated with N(A), unique up to
a scalar multiple determined by the chotice of ¢, but otherwise independent of
the initial state c.

This is an extension of the corresponding result proved in Chap. 14
for the special case of Markoff matrices.

EXERCISE

1. Obtain the foregoing result from the special case established for Markoff matrices.

11. Steady-state Growth. Let us now see what the Perron theorem
predicts for the asymptotic behavior of the growth process discussed in
Sec. 2. We shall suppose that A = (a;;) is a positive matrix.

Then, as n — «, the asymptotic behavior of the vector z(n), defined
by the equation in (3), is given by the relation

z(n) ~ Any (1)

where )\ is the Perron root and ¥ is a characteristic vector associated
with \. We know that ¥ is positive, and that it is a positive multiple
of one particular normalized characteristic vector, say 8. This normali-
zation can be taken to be the condition that the sum of the components
totals one. The constant of proportionality connecting ¥ and § is then
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determined by the values of the initial components of ¢, ¢;, the initial
population.

What this means is that regardless of the initial population, as long as
we have the complete mixing afforded by a positive matrix, asymptoti-
cally as time increases we approach a steady-state situation in which the
total population grows exponentially, but where the proportions of the
various species remain constant.

As we shall see, the same phenomena are predicted by the linear models
of economic systems we shall discuss subsequently.

12. Continuous Growth Processes. Returning to the mathematical
model formulated in Sec. 2, let us suppose that the time intervals at
which the system is observed get closer and closer together. The limiting
case will be a continuous growth process.

Let

a;A = the number of type ¢ produced by a single item of type 7
in a time interval A, j # ¢
1 4+ a;A = the number of type ¢ produced by a single item of type ¢ 0
in a time interval A
i=12 ..., N

Then, we have, as above, the equations

2l + A) = (1 + asl)a(l) + A Z () i=1,2...,N @
ywei
Observe that the a;; are now rates of production. Proceeding formally to
the limit as A — 0, we obtain the differential equations
d-zxt—i=ai,~x;+2a,»,~x,~ i=1,2...,N )

JH{

We can now define the continuous growth process by means of these
equations, with the proviso that this will be meaningful if and only if
we can show that this process is in some sense the limit of the discrete
process.

The asymptotic behavior of the z:(f) as t —» « is now determined by
the characteristic roots of A of largest real part.

13. Analogue of Perron Theorem. Let us now demonstrate Theorem 5.

Theorem b. If

a; >0 1] (1)
then the root of A with largest real part, which we shall call p(A), 78 real and

stimple. There is an assoctaled posilive characteristic vector which s unique
up to a mulliplicative constanl.
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Furthermore,
p(A) = max min { a.-,a:,/xf}
Ed | 3

H

=z V=

= min max { z a;;x,/x,-} @
z s =1
Proof. The easiest way to establish this result is to derive it as a
limiting case of Perron’s theorem. Let p(A) denote a characteristic root
of largest real part. It is clear that a root of €4 of largest absolute value
is given by
)\(e“) — esp(A) (3)

for § > 0. Since €*4 is a positive matrix under our assumptions, as fol-
lows from Sec. 15 of Chap. 10, it follows that p(4) is real and positive,
and simple.

Using the variational characterization for A(¢*4), we have

N
e = max min (1 + 4 z a.'jx;'/x-') + 0(8%) 4)

Jje=1

Letting 6§ — 0, we obtain the desired representation.

EXERCISES

1. If B > 0, and 4 is as above, show that p(4 + B) 2 p(4).
2. Derive Theorem 5 directly from Perron’s theorem for s/ 4 A, where s has been
chosen so0 that s/ + A is a positive matrix,

14. Nuclear Fission. The same type of matrix arises in connection
with some simple models of nuclear fission. Here the N types of objects
may be different types of elementary particles, or the same particle, say
a neutron, in N different energy states.

References to extensive work in this field will be found at the end of
the chapter.

16. Mathematical Economics. As a simple model of an economic
system, let us suppose that we have N different industries, the operation
of which is dependent upon the state of the other industries. Assuming
for the moment that the state of the system at each of the discrete times
n=40,1, ..., can be specified by a vector z(n), where the 7th com-
ponent, z¢(n), in some fashion describes the state of the 7th industry, the
statement concerning interrelation of the industries translates into a sys-
tem of recurrence relations, or difference equations, of the following type:

xt‘(n + 1) = yf(xl("),xz(”), e lxN(n)) (l)
with 2,(0) = ¢;,2=1,2,...,N.
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This is, however, much too vague a formulation. In order to see how
relations of this type actually arise, let us consider a simple model of
three interdependent industries, which we shall call for identification
purposes the ‘“auto’ industry, the ‘‘steel” industry, and the ‘‘tool”
industry.

Using the same type of ‘“lumped-constant’’ approach that has been so
successful in the study of electric circuits, we shall suppose that each of
these industries can be specified at any time by its stockpile of raw material
and by its capacity to produce new quantities using the raw materials
available.

Let us introduce the following state variables:

z1(n) = number of autos produced up to time n

z2(n) = capacity of auto factories at time n

z3(n) = stockpile of steel at time n @)
z4(n) = capacity of steel mills at time n

zy(n) = stockpile of tools at time n

z¢(n) = capacity of tool factories at time n

In order to obtain relations connecting the x,(n 4+ 1) with the z:(n),
we must make some assumptions concerning the economic interdepend-
ence of the three industries:

To increase auto, steel, or tool capacity, we require only

steel and tools. (3a)
Production of autos requires only auto capacity and steel.  (3b)
Production of steel requires only steel capacity. (3c)

Production of tools requires only tool capacity and steel.  (3d)

The dynamics of the production process are the following: At the
beginning of a time period, n to n 4+ 1, quantities of steel and tools,
taken from their respective stockpiles, are allocated to the production of
additional steel, tuols, and autos, and to increasing existing capacities for
production.

Let
zi(n) = the amount of steel allocated at time n for the purpose of
increasing z.(n) 1=1,2...,6 4)
w;(n) = the amount of tools allocated at time n for the purpose of
increasing x,(n) i=12...,6

Referring to the assumptions in (3), we see that

z3(n) = 0 (5a)
wi(n) = wy(n) = ws(n) = 0 (5b)
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In order to obtain relations connecting z(n + 1) with the z;(n) and
z;(n) and w;(n), we must make some further assumptions concerning the
relation between input and output. The simplest assumption is that we
have a linear production process where the output of a product is directly
proportional to input in shortest supply. Thus production is propor-
tional to capacity whenever there is no constraint on raw materials, and
proportional to the minimum raw material required whenever there is
no limit to capacity.

Processes of this type are called “bottleneck processes.”

To obtain the equations describing the process, we use the principle of
conservation. The quantity of an item at time n + 1 is the quantity at
time n, less what has been used over [n, n 4+ 1], plus what has been pro-
duced over [n, n + 1].

The constraints on the choice of the z; and w; are that we cannot
allocate at any stage more than is available in the stockpiles, and fur-
ther, that there is no point to allocating more raw materials than the
productive capacity can accommodate.

The conservation equations are then, taking account of the bottleneck
aspects,

ri(n + 1) = z1(n) + min (y172(n),012:(n))
za(n + 1) = z5(n) + min (asz:(n),8sws(n))
za(n + 1) = z3(n) — 21(n) — 2:(n) — 24(n)
= 25(n) — z¢(n) + vaxa(n) (6)
z(n + 1) = z4(n) + min (aez4(n),Bawi(n))
zs(n 4+ 1) = zi(n) — wo(n) — wi(n) — we(n) + min [ysze(n),aszs(n))
ze(n + 1) = ze(n) + min (aeze(n),Bews(n))

where a;, 8;, v; are constants.
The stockpile constraints on the choice of the z; and w; are

z, w20 (7a)
st 22t 2+ 2+ 2 < 23 (7b)
W, + Wi + we < s (7¢)

Applying the capacity constraints, we can reduce the equations in (5)
to linear form. We see that

azy = BaWy (8a)
a4 = By (Sb)
Beze = BeWWs (8¢c)

Using these relations, we can eliminate the w; from (7) and obtain the
linear equations
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ziln + 1) = z:(n) + az21(n),2:(0) = &1

Ta(n + 1) = z2(n) + ases(n),r2(0) = c2

z3(n + 1) = 23(n) — z2:(n) — 2:(n) — 24(n) — 2s(n)

— 2¢(n) + v224(n),23(0) = ca (9)

za(n + 1) = 24(n) + ai(n),z0) = ca

zs(n + 1) = 25(n) — ez2(n) — e@i(n) — esze(n)

+ asze(n) & = ai/B, zs(0) = ¢s

Te(n + 1) = ze(n) + asze(n),z6(0) = co

The constraints on the choice of the z; are now

%20 (10a)

syt 2zt a2zttt (100)
Y22 + YR + Yoz < Ts (10c)

21 S fm (lOd)

25 < foTs (10¢)

Suppose that we satisfy these conditions by means of a choice
2y = €T 20 = €42 2¢ = €¢Tp (11)
where the scalars ¢;, ¢,, and e, are chosen to satisfy (10c¢).
2, = fux, 25 = fexe (12)

and suppose that (10b) is satisfied.
Then the foregoing equations have the form

mn+ 1) = (1= adum) + ) am@)  i=1,2...,6 (13
]
where
auZO i,j=l,...,6 (14)
The continuous version of these equations is
dil:,' .
g = W + Q5 i=12 ...,6 (15)
i

What we have wished to emphasize is that a detailed discussion of the
economic model shows that a special type of matrix, sometimes called
an ‘‘input-output’” matrix, plays a paramount role. Unfortunately, in
the most interesting and important cases we cannot replace (14) by the
stronger condition of positivity.

The result is that the study of the asymptotic behavior of the z,(n) as
given by a linear recurrence relation of the form appearing in (13) is
quite complex. References to a great deal of research will be found at
the end of the chapter.
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16. Minkowski-Leontieff Matrices. Let us now discuss a particular
class of non-negative matrices specified by the conditions

0<a; (la)

N
Y as<1 (18)
tm]
They arise in connection with the solution of linear equations of the form
N
x.-=2a.-,~x,-+y.- 1:=l,2,...,N (2)
i=1
which occur in the treatment of models of interindustry production
processes quite similar to that formulated above. Let us demonstrate
Theorem 6.
Theorem 8. If0 < ai; and
N
Za.-,-<l j=12...,N 3)
T=1
then the equations tn (2) have a unique solution which is positive if the y; are
posilive,

If a;; > 0, then (I — A)~' is positive.

Proof. Toshow that (I — A)~!lis a positive matrix under the assump-
tion that a; > 0, it is sufficient to show that its transpose is positive,
which is to say that (I — A’)~!is positive. Consider then the adjoint
system of equations

N
z.-=2a,-.-z,+w,- i=1,2 ..., N (4)
i=1

It is easy to see that the solution obtained by direct iteration con-
verges, in view of the condition in (3), and that this solution is positive if
w; >0for7z=1,2,...,N.

The assumption that a; > 0 shows that z; is positive whenever w is a
nontrivial non-negative vector.

The fact that (I — A)~! exists and is positive establishes the first part
of the theorem.

17. Positivity of |[I — A|. Since the linear system in (16.2) has a
unique solution for all y; under the stated conditions, it follows that
|[I — A| # 0. To show that |[I — A| > 0, let us use the method of
continuity as in Sec. 4 of Chap. 4. If A > 0, the matrix A A satisfies
the same conditions as A. Thus | — AA| is nonzero for 0 < A < 1.
Since the determinant is positive at A = 0 and continuous in }, it is
positive at A = 1.
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N
18, Strengthening of Theorem 6. It is clear that if Z a; = 1 for all

t=1
j, then 1 is a characteristic root of A, whence | — A] = 0. On the
other hand, it is reasonable to suppose that the condition Za.-j < 1 can
be relaxed.
It suffices to assume that

1>a;>0 (1a)
Z a; < 1 for at least one j (1d)
Z a; < 1 for all j (1¢)

3

To prove this, we show that A? is & matrix for which (1b) holds for
all j.

19. Linear Programming. In the first part of this book, we considered
the problem of maximizing quadratic forms subject to quadratic con-
straints, and the problem of maximizing quadratic forms subject to linear
constraints. We have, however, carefully avoided any questions involv-
ing the maximization of linear forms subjeet to linear constraints.

A typical problem of this type would require the maximization of

N
L(z) = z it (1)
i=1
subject to constraints of the form
N
a;z; < b, i=12 ..., M (2a)
i=

The reader will speedily find that none of the techniques discussed in
the first part of the book, devoted to quadratic forms, are of any avail
here. Questions of this type are indeed part of a new domain, the theory
of linear inequalities, which plays an important role in many investiga-
tions, The theorem of Perron, established above, is closely related, as
far as result and method of proof, to various parts of this theory.

In addition to establishing results concerning the existence and nature
of solutions of the problem posed above, it is important to develop vari-
ous algorithms for numerical solution of this problem. This part of the
general theory of linear inequalities is called linear programming.
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Let us now present a very simple example of the way problems of this
type arise in mathematical economics. Suppose that we possess quanti-
ties zy, z2, . . . , za of M different resources, e.g., men, machines, and
money, and that we can utilize various amounts of these resources in
connection with N different aetivities, e.g., drilling for ail, building auto-
mobiles, and so on.

Let

z;; = the quantity of the sth resource alloeated to the jth activity (3)
so that
T = ¢ ’l:=l,2,...,M (4a)

;>0 (4b)

Suppose, and this is usually a erude approximation, that the utility of
allocating z;; is determined by simple proportionality, which is to say that
the utility is ax;;. Making the further assumption that these utilities
are additive, we arrive at the problem of maximizing the linear form

L) = ) oy (5)
43
subject to the constraints of (2).

As another example of the way in which these linear variational prob-
lems arise in mathematical economics, consider the model presented in
Sec. 15. In place of assigning the quantities z; and w; as we did there,
we can ask for the values of those quantities which maximize the total
output of steel over N stages of the process.

20. The Theory of Games. Suppose that two players, A and B, are
engaged in a game of the following simple type. The first player can
make any of M different moves and the second player can make any of
N different moves. If A makes the 7th move and B the jth move,
A receives the quantity a; and B receives — ay;.

The matrix

A = (ay) (1)
is called the payoff matrix.

We now require that both players make their choices of moves simul-
taneously, without knowledge of the other's move. An umpire then
examines both moves and determines the amounts received by the players
according to the rule stated above.

Suppose that this situation is repeated over and over. In general, it
will not be advantageous for cither player to make the same choice at
each play of the game. To guard himself against his opponent taking
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advantage of any advance information, each player will randomize over
choices.

Let
z; = probability that A makes the ith choice,7 =1,2, ..., M @)
y; = probability that B makes the jth choice,j = 1,2, . . . | N

Then the expected quantity received by A after any particular play is

Jy) = zaijx-‘yi 3)

¥

The problem is to determine how the z; and y; should be chosen.

A can reason in the following way: “Suppose that B knew my choice.
Then he would choose the y; so as to minimize f(z,y). Consequently,
I will choose the z; 80 as to maximize.”” Proceeding in this fashion, the
expected return to A will be

v4 = max min f(z,y) 4)

where the = and y regions are defined by

x4 20 (5a)

Y= Yu=1 (5b)

Similarly, B can guarantee that he cannot lose more than

vs = min max f(z,y) (6)

The fundamental result of the theory of games is that »4 = v5. This
is the min-mazx theorem of von Neumann,

What is quite remarkable is that it can be shown that these problems
and the problems arising in the theory of linear inequalities, as described
in Sec. 19, are mathematically equivalent. This equivalence turns out
to be an analytic translation of the duality inherent in N-dimensional
Euclidean geometry.

21. A Markovian Decision Process. Let us now discuss some problems
that arise in the theory of dynamic programming.

Consider a physical system S which at any of the timest =0,1, . . . ,
must be in one of the states 81, S;, . . . , Sv. Let

N

z;(n) = the probability that § is in state S; at timen,7=1,2, . . .,
(1)
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For each ¢, which represents a vector variable, let
M(g) = (mi(q) )

represent a Markoff matrix.

Instead of supposing, as in an ordinary Markoff process, that the proba-
bility distribution at time n is determined by M (g)*z(0), for some fixed g,
we shall suppose that g can change from stage to stage. Specifically, we
shall suppose that this process is being supervised by someone who wants
to maximize the probability that the system is in state 1 at any particular
time.

In place of the usual equations, we obtain the relations

=1 (3)
rin + 1) = Z mi;(q*)zi(n)

i=1

N
zin + 1) = max ) mi(@)zn)
e
N

where g¢* is a value of ¢ which maximizes the expression on the first line.
We leave to the reader the quite interesting problem of determining
simple conditions under which a ‘“steady-state’ or equilibrium solution
exists, In Sec. 22, we shall discuss a more general system.
22. An Economic Model. Suppose that we have N different types of
resources, Let

z;(n) = the quantity of the ith resource at time n (1)

Suppose that, as in the foregoing pages, the following linear relations
exist:

N
2 +1) = ) as(@znn) @)

where ¢ is & vector parameter, as before. If A(g) is a positive matrix,
the Perron theorem determines the asymptotic behavior of the system.

Assume, however, as in Sec. 21, that the process is supervised by some-
one who wishes to maximize each quantity of resource at each time.
The new relations are then

N
zn +1) =max ) ay@u(n) i=1,2...,N @3
q

i=1

The following generalization of the Perron theorem can then be obtained.
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Theorem 7. If q runs over a set of values (qi,q2, . . . ,qu) which allow

the mazimum to be obtained in (3) (4a)
0<m < ay(g) <my < o (4d)
max M A(q)) exists and is altained for a g; (4¢c)

e
then there exists a unique positive N such that the homogeneous system

N
Ny = max ) ay(Q)y (5)
¢ ;=1

has a positive solution y; > 0. This solution is unique up to a multipli-
cative constant and

A = max MA(g) (6)
Q
Furthermore, as n — o,

z,(n) ~ ay\" )

where a, depends on the initial values.
The proof may be found in references cited at the end of the chapter.

MISCELLANEOUS EXERCISES

1. Let A = (a:;) be a non-negative matrix. A necessary and sufficient condition
that all characteristic roots of A be less than 1 in absolute value is that all the principal
minors of J — A be positive (Melzler).

2. If A has all negative diagonal elements, and no negative off-diagonal elements,
if D is a diagonal matrix, and if the real parts of the characteristic roots of both A and
DA are negative, then the diagonal elements of D are positive (K. D. Arrow and A. C.

Enthoven).
8. Consider a matrix Z(t) = (z:;(1)), where the z;; possess the following properties:

(@) 2:;; >0
) fow z;;dt > 1 for some ¢

o«
() /0 zije~e dt < « for somea >0
Then there is a positive vector z and a positive number s, for which

(/w Ze~st dl)x =z
1]

I - fou Zeet di ‘ = 0 with greatest real part, and it is

Furthermore, g, is the root of
a simple root (Bohnenblust); see R. Bellman.!

4. Let A = (a;;), and s8; = |aii| — Z laij|. If 8, >0, 1 <47 <N, then, as we

g

already know, A1 = (b;;) exists, and, furthermore, |b;,| < 1/s; (Ky Fan).

1R, Bellman, A Survey of the Mathematical Theory of Time-lay, Relarded Control,
and Hereditary Processes, with the assistance of J. M. Danskin, Jr., The RAND
Corporation, Rept. R-256, March 1, 1954,
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5. A real matrix A = (a;;) is said to be mazimum increasing if the relation

N
max z; < max Za;,x,
1<IKN 1SiSN &,

holds for any N real numbers z;. Prove that A is maximum increasing if and only if
A™1 = (by;) with

(@) b; 20
N
®) Zb.-,-=l 1<i<N
J=1
(Ky Fan)
8. Let the z; be positive, and f(zy,22, . . . ,2zn), g(21,22, . . . ,Zn) denote, respec-
tively, the least and greatest of the N + 1 quantities z;, £3 + 1/2s, zs + 1/zs, . . .,
zv + 1/zn-yy, 1/2x. Prove that
max f(zyzz, . . . ,2¥) = min g(21,2, . . . ,z¥) = 2 co8 (r/N + 2)
zi>0 zi>0
(Ky Fan)

7. Let a > 0. For any arbitrary partition 0 = {o < {; < + + - < iy =1 of [0,1]
N

into N subintervals, the approximate Riemann sum Z i ~ Lia)/(s + &) to
=1
1
/0 dt/(a + t) always contains a term > [1 — (a/a + 1)]V/V as well as a term less
than this quantity (Ky Fan).
8. Let A be a matrixof the forma;; < 0,7 # j,a;; + Z a;=037=12 ...,N.
j
If A is a characteristic root, then either A = 0 or Re (\) < 0 (A. Brauer-0. Taussky).
N

9. Ifu; 20, ai; 20,7 3, Z ai; = a;; then

i=1]
ant+u  —an - —aw
—ann G +uz - - —a:N
Dn(u) = ) >0
—ani. —anx: - - any + ux

(Minkowsks)

10. Ifa;; > 0,¢ £ j,and b; > Z ai;, then all cofactors of

i
b —a v TN
~—@z21 b L 11
Dy =
—aN1 —ay: .. bn

are non-negative (W. Ledermann).
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11. A real matrix X for which z >\Z |zis] is called an Hadamard matriz. Let

3 ¥
A and B both be Hadamard matrices. Then |A + B| 2 |A| + |B| (E. V. Hayns-
worth).! See also A. Ostrowski.?
Hadamard matrices play an important role in computational analysis.
Matrices of this nature, and of more general type, the dominant matrices, enter in
the study of n-part networks. See

P. Slepian and L. Weinberg, Synthests Applications of Paramount and Dominant
Matrices, Hughes Research Laboratories, 1958.

R. S. Burington, On the Equivalence of Quadrics in m-affine n-space and Its
Relation to the Equivalence of 2m-pole Networks, Trans. Am. Math. Soc.,
vol. 38, pp. 163176, 1935.

R. S. Burington, R-matrices and Equivalent Networks, I, J. Math. and Phys.,
vol. 16, pp. 856-103, 1937.

13, If laij) < mlal, § <4,i=1,2, ... ,N,]a] < Mlaul,j >4,i=1,2 ...,
N — 1, then A is nonsingular if m/(1 +m)¥ <M1 + M)¥, and m < M. If
m = M, then m < 1/(N — 1) is sufficient (A. Ostrowski).?

18. An M matrix is defined to be a real matrix A such that a;; < 0, ¢ » j, possess-
ing one of the following three equivalent properties:

(@) There exist N positive numbers z; such that

N
a;;z; >0 i=12...,N
j=1

(b) A is nonsingular and all eleinents of A~! are non-negative
(¢) All principal minors of A are positive.

M matrices were first introduced by Ostrowski.* See also E. V. Haynsworth,
Note on Bounds for Certain Determinants, Duke Math. J., vol. 24, pp. 313-320, 1957,
and by the same author, Bounds for Determinants with Dominant Main Diagonal,
Duke Math. J., vol. 20, pp. 199-209, 1953, where other references may be found.

14. Let 4 and B be two positive matrices of ordet N, with AB = BA, and ca given
positive N-dimensional vector. Consider the vector zxv = ZnZn_1 + + - Z:Zic,
where each Z; is either an A ora B. Suppose that the Z; are to be chosen to maximize
the inner product (zx,b) where b is a fixed vector. Define the function

= b
fu(© n[\;:; (zwn,b)

Then
fi(e) = max ((Ac,d),(Be,b))
fn(e) = max (fn-1(Ac),fx1(Be)) N=23,...

1E, V. Haynsworth, Bounds for Determinants with Dominant Main Diagonal,
Duke Math. J., vol. 20, pp. 199-209, 1953.

2 A. Ostrowski, Note on Bounds for Some Determinants, Duke Math. J., vol. 22,
pp. 95-102, 1955.

A. Ostrowski, Uber die Determinaten mit iiberwiegender Haupt-Diagonale, Com-
ment. Math. Helveticit, vol. 10, pp. 69-96, 1937-1938.

* A, Ostrowski, On Nearly Triangular Matrices, J. Research Nail. Bur. Standards,
vol. 52, pp. 319-345, 1954.

¢ A, Ostrowski, Comment. Math. Helveticii, vol. 30, pp. 175-210, 1956; 1bid., vol. 10,
pp. 69-96, 1937,
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16. Does there exist a scalar A such that fy(c) ~ ANg(c)?

16. Consider the corresponding problem for the case where we wish to maximize the
Perron root of ZnZy_, - - - Z.Z,.

17. Let 4 be a positive matrix. There exist two positive diagonal matrices, D; and
D,, such that DA D; is doubly stochastic (Sinkkorn; see Menon?).

18. Let A be a non-negative matrix. When does there exist a positive diagonal
matrix such that DAD™1 is positive and symmetric? (The question arose in some
work by Pimbley in neutron transport thcory. See Parter,? Parter and Youngs,?
and Hearon.4)

19. Let A be a non-negative matrix, and let P(4) be the finitc set of non-negative
matrices obtained from 4 by permuting its elements arbitrarily. Let B C P(4).

(a) What are the maxima and minima of tr (B?)?
(b) What are the maximum and minimum values of the Perron root of B?
(B. Schwarz, Rearrangements of Square Matrices with Nonnegalive Elements,
University of Wisconsin, MRC Report #282, 1961.)
20. Let A be a positive matrix. Prove that the Perron root satisfies the inequalities

max {max a,;, (N — 1) min a,; + min ai;)] < A(A4) £ (N — 1) max ai; + max ay
i i $ i4j i

(Szender)
21. Consider the differential equation z’ = Q({)z, 0 < (¢ < {o, where ¢i;({) 2 0O,
15 If

‘[: 'ﬁ(tl) dll - o

as 8 — 0, where y(t) = inf [gi;¢;:I’%, then the equation has a positive solution, unique
)

up to a constant factor. (G. Birkhoff and L. Kotin, Linear Second-order Differential
Equations of Posilive Type, J. Analyse Math., vol. 18, pp. 43-52, 1967.)

22. Consider the matrix product C = A - B where ¢;; = —aibij, ¢ # J, cis = @isbus.
Show that if 4 and B are M matrices (see Exercise 13), then C is an M matrix. For
many further deeper results concerning this matrix product introduced by Ky Fan,
see Ky Fan, Inequalities for M-matrices, Indag. Math., vol. 26, pp. 602-610, 1944.
M matrices play an important role in the study of iterative methods for solving sys-
tems of linear equations, and in the numerical solution of elliptic partial differential
equations using difference methods; see Ostrowskis and Varga.¢

The Fan product is analogous to the Schur product (ci; = ai;b:;), previously intro-
duced for positive definite matrices. In general, there is an amazing parallel between
results for positive definite and M matrices. This phenomenon, noted some time

1 M. V. Menon, Reduction of a Matrix with Positive Elements to a Doubly Sto-
chastic Matrix, Proc. Am. Math. Soc., vol. 18, pp. 244-247, 1967.

8, V. Parter, On the Eigenvalues and Eigenvectors of a Class of Matrices, SIAM
Journal, to appear.

38. V. Parter and J. W. T. Youngs, The Symmetrization by Diagonal Matrices,
J. Math. Anal. Appl., vol. 4, pp. 102-110, 1962.

+J. Z. Hearon, The Kinetics of Linear Systems with Special Reference to Periodic
Reactions, Bull. Math. Biophys., vol. 15, pp. 121-141, 1953.

8 A. M. Ostrowski, Iterative Solution of Linear Systems of Functional Equations,
J. Math. Anal. Appl., vol. 2, pp. 351-369, 1961.

¢ R. 8. Varga, Matriz Iterative Analysis, Prentice-Hall, Inc., Englewood Cliffs, N.J.,
1962.
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ago by O. Taussky (and also by Gantmacher-Krein, and by D. M. Kotelyanskii,
Math. Rev., vol. 12, p, 793), is discussed and analyzed in the following papers:

Ky Fan, An Inequality for Subadditive Functions on a Distributive Lattice,
with Applications to Determinantal Inequalities, Lin. Algebra Appl., vol. 1,
pp. 33-38, 1966.

Ky Fan, Subadditive Functions on a Distributive Lattice, and an Extension
of Szasz’s Inequality, J. Math. Anal. Appl., vol. 18, pp. 262-268, 1967.

Ky Fan, Some Matrix Inequalities, Abh. Math. Sem. Hamburg Univ., vol. 29,
pp. 185196, 1966.

28. If A and B are M matrices such that B — A > 0, then |4 + B|t» > |4\~ +
|Bltim, (A + (1 — )B)* < (1 — )B! for any ¢ in (0,1). Many further results are
given in Ky Fan.!

24. Call a non-negative matrix A irreducible if A¥ > 0 for some N. Show that
every irreducible A has a positive characteristic root f(4) which is at least as large
as the absolute value of any other characteristic root. This characteristic root is
simple and the characteristic vector can be taken to be positive (Frobenius). Sec
Blackwell? for a proof using the min-max theorcm of game theory.

26. A matrix A4 is said to be of monotone kind if Az > 0 implies that z > 0. Show
that A-! exists if A is of monotone kind, and 4=t > 0. See Collatz,® and for an
extension to rectangular matrices see Mangasarian.4

26. Let A = (a;;) be a Markov matrix, and let 4-! = (b;;). Under what con-
ditions do we have b;; > 1, by; < 0? See Y. Uekawa, P-Matrices and Three Forms of
the Stolper-Samuelson Crilerion, Institute of Social and Economic Research, Osaka
University, 1968.

27. Let X > X2 > 0. Then the real characteristic values of X must lie between
l1and (1 — v/2)/2 (R. E. DeMarr).

28. Let B be a real square matrix such that b;; < 0for 7 s j and the leading minors
of B are positive. Then B~!is a non-negative matrix. Hint: Use the representation

/(; ® e Btdi = B-1, See J. Z. Hearon, The Washout Curve in Tracer Kinetics, Math.
Biosci., vol. 3, pp. 31-39, 1968,

Bibliography and Discussion

8§1. A very large number of interesting and significant analytic prob-
lems arise naturally from the consideration of various mathematical
models of economic interaction. Ior an interesting survey of mathe-
matical questions in this field, see

I. N. Herstein, Some Mathematical Methods and Techniques in
Economics, Quart. Appl. Math., vol. 11, pp. 249-261, 1953.

1Ky Fan, Inequalities for the Sum of Two M-matrices, Inequalities, Academic
Press Inc., New York, pp. 105-117, 1967.

¢ D. Blackwell, Minimax and Irreducible Matrices, J. Math. Anal. Appl., vol. 3,
pp- 37-39, 1961.

3L. Collatz, Functional Analysis and Numerical Mathematics, Academic Press.,
Inc., New York, 1966.

40. L. Mangasarian, Characterization of Real Matrices of Monotone Kind, S/AM
Review, vol. 10, pp. 430-441, 1965,
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Two books that the reader interested in these matters may wish to
examine are
T. Koopmans, Activity Analysis of Production and Allocation, John
Wiley & Sons, Inc., New York, 1951.
O. Morgenstern (ed.), Economic Activity Analysis, John Wiley &
Sons, Inc., New York, 1954.

For an account of the application of the theory of positive matrices
to the study of the dynamic stability of a multiple market system, see

K. J. Arrow and M, Nerlove, A Note on Expectations and Stability,
TR No. 41, Department of Economics, Stanford University, 1957.

K. J. Arrow and A. Enthoven, A Theorem on Expectations and the
Stability of Expectations, Economelrica, vol. 24, pp. 288-293, 1956.

where further references to these questions may be found.

To add to the confusion of terminology, let us note that in addition to
the positive definite matrices of the first part of the book, and the positive
matrices of Perron, we also have the important positive real matrices
mentioned on page 111.

§2. For a discussion of mathematical models of growth processes of
this type, see the monograph by Harris,

T. E. Harris, The Mathematical Theory of Branching Processes,
Ergeb. Math., 1960,

where many further references will be found.

88. The concept of a positive operator is a basic one in analysis. For
an extensive discussion of the theory and application of these operators,
see

M. G. Krein and M. A. Rutman, Lineinye operatory ostavliaiushie
invariantnym konus v prostranstve Banakha (Linear Operators
Leaving Invariant a Cone in a Banach Space), Uspekhi Matem. Nauk
(n.8.), vol. 3, no. 1 (23), pp. 3-95, 1948. See Math. Revs., vol. 10,
pp. 256-257, 1949,

§4. Perron’s result is contained in

0. Perron, Zur Theorie der Matrizen, Math. Ann., vol. 64, pp. 248-
263, 1907.

The method of proof is quite diffcrent from that given here and extremely
interesting in itself. We have emphasized the method in the text since
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it is one that generalizes with ease to handle infinite dimensional oper-
ators. This method was developed by H. Bohnenblust in response to a
problem encountered by R. Bellman and T. E. Harris in the study of
multidimensional branching processes. See the above cited monograph
by T. E. Harris.

Perron’s result was considerably extended by Frobenius,

G. Frobenius, Uber Matrizen aus nicht-negativen Elementen,
Sitzsbere der kgl. preuss. Akad. Wiss., pp. 456-477, 1912,

who studied the much more involved case where only the condition
a; > 0 is imposed. For many years, the pioneer work of Perron was
forgotten and the theorem was wrongly attributed to Frobenius.

For an approach to this theorem by way of the theory of linear differ-
ential equations, and some extensions, see

P. Hartman and A. Wintner, Linear Differential Equations and
Difference Equations with Monotone Solutions, Am. J. Math.,
vol, 1, pp. 731-743, 1953.

For a discussion of more recent results, see

G. Birkhoff and R. S. Varga, Reactor Criticality and Nonnegative
Matrices, J. Ind. and Appl. Math., vol. 6, pp. 354-377, 1958.

As in the case of Markoff matrices, the problem of studying the
behavior of the characteristic roots under merely a non-negativity
assumption requires a very careful enumeration of cases. The con-
ditions that there exist a unique characteristic root of largest absolute
value are now most readily expressible in probabilistic, economic, or
topological terms.

For a thorough discussion of these matters with detailed references to
other work, see

Y. K. Wong, Some Mathematical Concepts for Linear Economic
Models, Economic Activity Analysis, O. Morgenstern (ed.), John
Wiley & Sons, Inc., New York, 1954.

Y. K. Wong, An Elementary Treatment of an Input-output System,
Naval Research Logistics Quarterly, vol. 1, pp. 321-326, 1954.

M. A. Woodbury, Properties of Leontieff-type Input-output Matri-
ces, Economic Activity Analysis, O. Morgenstern (ed.), John Wiley
& Sons, Inc., New York, 1954,

M. A. Woodbury, Characteristic Roots of Input-output Matrices,
Economic Activity Analysis, O. Morgenstern (ed.), John Wiley &
Sons, Inc., New York, 1954.
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S. B. Noble, Measures of the Structure of Some Static Linear Economic
Models, George Washington University, 1958.

The first proof of the Perron theorem using fixed point theorems is
contained in
P. Alexandroff and H. Hopf, Topologie I, Berlin, 1935.

For a detailed discussion of this technique, with many extensions and
applications, see

Ky Fan, Topological Proofs for Certain Theorems on Matrices with

Non-negative Elements, Monats. Math., Bd. 62, pp. 219-237, 1958.

§6. For other proofs and discussion, see
A. Brauer, A New Proof of Theorems of Perron and Frobenius on
Non-negative Matrices—I: Positive Matrices, Duke Math. J., vol.
24, pp. 367-378, 1957,
G. Debreu and I. N. Herstein, Non-negative Square Matrices,
Econometrica, vol. 21, pp. 597-607, 1953.
H. Samelson, On the Perron-Frobenius Theorem, Michigan Math. J.,
vol. 4, pp. §7-59, 1957.
J. L. Ullman, On a Theorem of Frobenius, Michigan Math. J., vol. 1,
pp. 189-193, 1952.

A powerful method for studying problems in this area is the “projective
metric’’ of Birkhoff, See
G. Birkhoff, Extension of Jentzsch’s Theorem, Trans. Am. Math.
Soc., vol. 85, pp. 219-227, 1957.

R. Bellman and T. A. Brown, Projective Metrics in Dynamic Pro-
gramming, Bull. Am. Math. Soc., vol. 71, pp. 773-775, 1965.

An extensive generalization of the Perron-Frobenius theory is the
theory of monotone processes. See

R. T. Rockafellar, Monotone Processes of Convex and Concave
Type, Mem. Am. Math. Soc., no. 77, 1967,

where many further references may be found.
Some papers containing applications of the theory of positive matrices
are
S. Kaplan and B. Miloud, On Eigenvalue and Identification Problems

in the Theory of Drug Distribution, University of Southern California
Press, Los Angeles, USCEE-310, 1968.
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J. 2. Hearon, Theorems on Linear Systems, Ann. N.Y. Acad. Sci.,
vol. 108, pp. 36-68, 1963.

P. Mandl and E. Sevieta, The Theory of Nonnegative Mairices in a
Dynamic Programmaing Problem, to appear.

P. Novosad, Isoperimetric Eigenvalue Problems in Algebras, Comm.
Pure Appl. Math., vol. 21, pp. 401-466, 1968.

Another generalization of the concept of a positive matrix is that of
totally positive matrices. See the book

S. Karlin, Total Positivity, Stanford University Press, 1968,

for an extensive account and an important bibliography, and

H. S. Price, Monotone and Oscillation Matrices Applied to Finite
Difference Approximations, Math. Comp., vol. 22, pp. 489-517, 1968.

See also

P. G. Ciarlet, Some Results in the Theory of Nonnegative Matrices,
Lin. Algebra Appl., vol. 1, pp. 139-152, 1968,

R. B. Kellogg, Matrices Similar to a Positive Matrix, Lin. Algebra
Appl., to appear.

For the use of graph-theoretic methods, see

B. R. Heap and M. S. Lynn, The Structure of Powers of Nonnegative
Matrices, I. The Index of Convergence, SIAM J. Appl. Math.,
vol. 14, pp. 610-639, 1966; 11, <bid., pp. 762-777.

R. B. Marimont, System Connectivity and Matrix Properties, Bull.
Math. Biophysics, vol. 31, pp. 255-273, 1969.

A. Rescigno and G. Segre, On Some Metric Properties of the Systems
of Compartments, Bull. Math. Biophysics, vol. 27, pp. 315-323, 1965.

J. Z. Hearon, Theorems on Linear Systems, Ann. N.Y. Acad. Sci.,
vol. 108, pp. 36-68, 1963.

J. Maybee and J. Quirk, Qualitative Problems in Matrix Theory,
SIAM Review, vol. 11, pp. 30-51, 1969.

W. R. Spillane and N. Hickerson, Optimal Elimination for Sparse
Symmetric Systems as a Graph Problem, Q. Appl. Math., vol. 26,
pp. 425-432, 1968.

For further references, sec

C. R. Putnam, Commutators on a Hilbert Space—On Bounded M atrices
wth Non-negative Elements, Purdue University, PRF-1421, May, 1958,
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where it is indicated how Perron’s theorem is a consequence of the
Vivanti-Pringsheim theorem for power series. This result has been
independently discovered by Wintner, Bohnenblust-Karlin, Mullikin-
Snow, and Bellman.

Various iterative schemes have been given for obtaining the largest
characteristic root. See the above reference to A. Brauer, and also

A. Brauer, A Method for the Compulation for the Grealesi Root of a
Positive Matriz, University of North Carolina, December, 1957.

R. Bellman, An Iterative Procedure for Obtaining the Perron Root
of a Positive Matrix, Proc. Am. Math. Soc., vol. 6, pp. 719-725, 1955.

§7. This technique is used in
R. Bellman and J. M. Danskin, A Survey of the Mathematical Theory
of Time-lag, Retarded Control, and Hereditary Processes, The RAND
Corporation, Rept. R-256, March 1, 1954.

to handle the corresponding question posed in Exercise 3 of the Miscel-
laneous Exercises.

§9. This variational characterization of Ay(4) appears first to have
been implied in
L. Collatz, Einschliessungssatz fiir die characteristischen Zahlen von
Matrizen, Math. Z., vol. 48, pp. 221-226, 1946.

The precise result was first given in

H. Wielandt, Unzerlegbare, nicht negative Matrizen, Math. Z.,
vol. 52, pp. 642648, 1950.

It has been rediscovered several times, notably by Bohnenblust as men-
tioned above, and by von Neumann,

§14. See the above cited monograph by T. E. Harris, and the papers by
R. Bellman, R. E. Kalaba, and G. M. Wing, On the Principle of
Invariant Imbedding and One-dimensional Neutron Multiplication,
Proc. Nat. Acad. Sct., vol. 43, pp. 617-520, 1957.

R. Bellman, R. E. Kalaba, and G. M. Wing, On the Principle of
Invariant Imbedding and Neutron Transport Theory; I, One-dimen-
sional Case, J. Math. Mech., vol. 7, pp. 149-162, 1958.

§16. This model is discussed in detail by the methods of dynamic
programming in
R. Bellman, Dynamic Programming, Princeton University Press,
Princeton, N.J., 1957.
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§16. See the papers by Wong and Woodbury referred to above in §4.

§19. See the paper by T. Koopmans referred to above and the various
studies in the Annals of Mathematicsseries devoted to linear programming.

A definitive work is the book

G. B. Dantzig, Linear Programming and Its Exiensions, Princeton
University Press, Princeton, N.J., 1963.

An excellent exposition of the theory of linear inequalities is contained
in
R. A: Good, Systems of Linear Relations, SIAM Review, vol. 1,
pp. 1-31, 1959,

where many further references may be found. See also

M. H. Pearl, A Matrix Proof of Farkas’' Theorem, Q. Jour. Math.,
vol, 18, pp. 193-197, 1967.

R. Bellman and K. Fan, On Systems of Linear Inequalities in Her-

mitian Matrix Variables, Convexity, Proc. Symp. Pure Math., vol. 7,
pp. 1-11, 1963.

8§20, The classic work in the theory of games is

J. von Neumann and O. Morgenstern, The Theory of Games and Eco-
nomic Behavior, Princeton University Press, Princeton, N.J., 1948.

For a very entertaining introduction to the subject, see

J. D. Williams, The Compleat Strategyst, McGraw-Hill Book Com-
pany, Inc., New York, 1955,

For a proof of the min-max theorem via an induction over dimension,
see

I. Kaplansky, A Contribution to the Von Neumann Theory of
Games, Ann. Math., 1945.

The proof that the min-max of za.,x,y, over zx, =1, Zy, =1,

z,y; 2 0 18 equal to the max-min is comphcated by the fact that the
extrema with respect to z; and y; separately are at vertices. One can
force the extrema to lie inside the region by adding terms such as
e log (1/2:(1 — 2;)) — elog (1/yi(1 — y;)), ¢ > 0.

It is not difficult to establish that min-max = max-min for all ¢ > 0
and to justify that equality holds as ¢ — 0. This unpublished proof by
M. Shiffman (1948), is closely related to the techniques of ‘“‘regulariza-
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tion” discussed in the books of Lattes-Lions and Lavrentiev referred to in
Chap. 19,

§21, See Chap. 11 of the book by R. Bellman referred to in §2, and

R. Bellman, A Markovian Decision Process, J. Math. Mech., vol. 6,
pp. 679-684, 1957.

P. Mandl and E. Seneta, The Theory of Non-negative Matrices in
a Dynamic Programming Problem, to appear.

§22. For a different motivation, see

R. Bellman, On a Quasi-linear Equation, Canad. J. Math., vol. 8,
pp. 198-202, 1956.

An interesting extension of positivity, with surprising ramifications, is
that of positive regions associated with a given matrix A. We say that
R is a positive region associated with A if z, yeR implies that (z,4y) > 0.

See

M. Koecher, Die Geodatischen von Positivititsbereichen, Math.
Ann., vol. 135, pp. 192-202, 1958.

M. Koecher, Positivititsbereiche im R*, Am. J. Math., vol. 79,
pp. 575-596, 1957.

S. Bochner, Bessel Functions and Modular Relations of Higher Type
and Hyperbolic Differential Equations, Comm. Sem. Math. Univ.
Lunde, Suppl., pp. 12-20, 1952.

S. Bochner, Gamma Factors in Functional Equations, Proc. Natl.
Acad, Sci. U.S., vol. 42, pp. 86-89, 1956.

Another interesting and significant extension of the concept of a posi-
tive transformation is that of a variation-diminishing transformation, a
concept which arises naturally in a surprising number of regions of analy-
sis. For various aspects, see

I. J. Schoenberg, On Smoothing Functions and Their Gencrating
Functions, Bull. Am. Math. Soc., vol. §9, pp. 199-230, 1953.

V. Gantmacher and M. Krein, Sur les matrices complétement non-
négatives et oscillatoires, Comp. math., vol. 4, pp. 445-476, 1937.

G. Polya and I. J. Schoenberg, Remarks on de la Vallée Poussin
Means and Convex Conformal Maps of the Circle, Pacific J. Math.,
vol. 8, pp. 201-212, 1958.
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S. Karlin, Polya-type Distributions, IV, Ann. Math. Stat., vol. 29,
pp. 1-21, 1958 (where references to the previous papers of the series
may be found).

S. Karlin and J. L. MacGregor, The Differential Equations of
Birth-and-death Processes and the Stieltjes Moment Problem,
Trans. Am. Math. Soc., vol. 85, pp. 489-546, 1957,

See also
P. Slepian and L. Weinberg, Synthesis Applications of Paramount
and Dominant Matrices, Hughes Research Laboratories, Culver City,
California.

Finally, let us mention a paper devoted to the study of the domain
of the characteristic roots of non-negative matrices.
F. I. Karpelevic, Uber die charakterische Wurzeln von Matrizen mit
nicht-negativen Elementen, [svestja Akad. Nauk., S.8.S.R., ser. mat.
15, pp. 361-383, 1951. (Russian.)
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Control Processes

1. Introduction. One of the major mathematical and scientific devels
opments of the last twenty years has been the creation of a number of
sophisticated analytic theories devoted to the feasible operation and
control of systems. As might be expected, a number of results concern-
ing matrices play basic roles in these theories. In this chapter we wish
to indicate both the origin and nature of some of these auxiliary results
and describe some of the methods that are used to obtain them. Our
objective is to provide an interface which will stimulate the reader to
consult texts and original sources for many further developments in a
field of continuing interest and analytic difficulty.

Although we will briefly invade the province of the calculus of varia-
tions in connection with the minimization of quadratic functionals, we
will not invoke any of the consequences of this venerable theory. The
exposition here will be simple and self-contained with the emphasis upon
matrix aspects. The theory of dynamic programming will be used in
connection with deterministic control processes of both discrete and
continuous type and very briefly in a discussion of stochastic control
processes of discrete type.

2. Maintenance of Unstable Equilibrium. Consider a system S
described by the differential equation

dz

P Az z(0) =0 1)
where A is not a stability matrix. The solution is clearly z = 0 for
t 2 0. This solution, however, is unstable as far as disturbances of the

initial state are concerned. 1If y is determined by
d
F-ay y0)=c @)

and if A possesses some characteristic roots with positive real parts,
then unless the vector ¢ is of particular form, y will be unbounded as
t— «, This can lead to undesirable behavior of the system S, and

316
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indeed the linear model in (2) becomes meaningless when ||y|| becomes too
large.

One way of avoiding this situation is to redesign the system so as to
produce a stability matrix. This approach motivates the great and
continuing interest in obtaining usable necessary and sufficient conditions
that A be a stability matrix. For many purposes, sufficient conditions
are all that are required. This explains the importance of the second
method of Lyapunov. Unfortunately, redesign of a system, such as one
of biological, engineering, or social type, 18 not always feasible. Instead,
additional influences are exerted on the system to counteract the influ-
ences which produce instability. Many interesting and difficult ques-
tions of analysis arise in this fashion. This is the principal theme of
modern control theory.

One question is the following. Choose a control vector y, a “forcing
term,” so that the solution of

%1;=Ax+y 2(0) = ¢ @)
follows a prescribed course over time. For example, we may wish to
keep ||z|| small. What rules out a trivial solution, for exampley = — Az
(a simple “feedback law’’), is the fact that we have not taken into account
the cost of control. Control requires effort, time, and resources,

Let us restrict ourselves in an investigation of control processes to a
simple case where there are two costs involved, one the cost of deviation
of the system from equilibrium and the other the cost involved in a choice
of y. Let us measure the first cost by the functional

Ji@) = [\" (@.Bx) dt 4)
B > 0, and the second cost by the functional
T
J) = [, @) de (5)

We further assume that these costs are commensurable so that we can
form a total cost by addition of the individual costs

J@y) = [ 1@.B2) + @)l d (©)

The problem we pose ourselves is that of choosing the control function
¥ 80 as to minimize the functional J(z,y), where z and y are related by
(2.3). The variable r is called the siale variable, y is called the control
vartable, and J(x,y) is called the criterion function.

3. Discussion. This problem may be regarded as lying in the domain
of the caleulus of variations, which suggests a number of immediate
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questions:

(a) Over what class of functions do we search for a minimum?

(b) Does a minimizing function exist in this class?

(¢) If so, is it unique?

(d) Can we develop an analytic technique for the determination of
a minimizing function? How many different analytic tech-
niques can we develop? (1)

(e¢) Can we develop feasible computational techniques which will
provide numerical answers to numerical questions? How
many such methods can we discover?

(f) Why is there a need for a variety of analytic and computational
approaches?

As mentioned previously, we will discuss these questions without the
formidable apparatus of the general theory of the calculus of variations.
Furthermore, we will refer the reader to other sources for detailed dis-
cussions of these questions,

Let us introduce the term ‘“‘control process” to mean a combination
of, first, an equation determining the time history of a system involving
state and control variables, and second, a criterion function which evalu-
ates any particular history. In more general situations it is necessary to
specify constraints of various types, on the behavior of the system, on the
control permissible, on the information available, and so on. Here we
will consider only a simple situation where these constraints are absent.

4, The Euler Equation for A = 0. Let us consider first the case
A = 0 where the analysis is particularly simple. Since z' = y, the
quadratic functional (the criterion function) takes the form

J@) = [J @) + @Bz d (1)

As candidates for a minimizing function we take functions z whose deriva-
tives 2’ are in L*(0,T)—we write 2’ € L*(0,T)—and which satisfy the
initial condition 2(0) = ¢. This is certainly a minimum requirement
for an admissible function, and it turns out, fortunately, to be sufficient
in the sense that there exists a function in this class yielding the absolute
minimum of J(x).

Let z be a function in this class minimizing J(z), assumed to exist for
the moment. Let z be a function with the property that 2(0) = 0,
2/ € L*(0,T), and consider the sceond admissible function x + ez where
¢ is a sealar parameter, Then

J(z + ) = /(‘)T [ + &', &' 4 ') + (xr + ez, B(x + €2))] dll
= J@) + @) +2¢ )| (& 2) + (Baa)] & @
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Since ¢ can assume positive and negative values, for J(z) to be a
minimum value we must have the variational condition

@) + Brala =0 ®)

We want to use the fact that this holds for all z of the type specified
above to derive a condition on z itself. This condition will be the Euler
equation, We permit ourselves the luxury of proceeding formally from
this point on since it is the equation which is important for our purposes,
not a rigorous derivation.

If we knew that 2’ possessed a derivative, we would obtain from (3)
via integration by parts

@a], + [, [-@"2) + Bzl dt = 0 4

Since z(0) = 0, the integrated term reduces to (2/(7),2(T)).
Since (4) holds for all z as described above, we suspect that 2 must
satisfy the differential equation

' —Bx =0 (5)

subject to the original initial condition x(0) = ¢ and a new boundary
condition 2/(T) = 0.

This, the Euler equation for the minimizing function, specifies z as a
solution of a two-point boundary-value problem.

EXERCISES

T
1. What is wrong with the following argument: If /; (z"” — Bz, 2) dt = 0 for all

z such that 2’ € L?(0,T), take z = 2 — Bz and thus conclude that 2’ — Bz = 0.
2. Integrate by parts in (3) to obtain, in the case where B is constant,

/OT [(z’,z’) + (Bﬁrxdtl,z’)] dt =0

T T
and take 2’ =z’ + Bﬁ z dl, to conclude that z' + B/: zdt, = 0 (Haar).

Why is this procedure rigorous, as opposed to that proposed in the preceding exercise?
8. Carry through the proof for B variable.

6. Discussion. We shall now pursue the following route:

(a) Demonstrate that the Euler equation possesses a unique
solution, (1

(b) Demonstrate that the function thus obtained yields the absolute
minimum of J(z).
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If we can carry out this program, we are prepared to overlook the
dubious origin of the Euler equation. The procedure is easily carried
out as a consequence of the positive character of the “cost function” J(z).

6. Two-point Boundary-value Problem. Let X,, X; be the principal
matrix solutions of

X"—-BX =0 (1)
which is to say
X, 00=I X300 =0

X,0 =0 X0 =1 @
Then every solution of
' —Bx=0 z(0) = ¢ 3)

has the representation
z = Xi(t)e + Xo(t)d 4)

where d is an arbitrary vector. To satisfy the terminal condition
2/(T) = 0, we set
#(T) = 0 = Xy(T)e + X(T)d (5)

Hence, the vector d is uniquely determined if X;(T) is nonsingular.

7. Nonsingularity of X;(T). Let us now show that the nonsingularity
of X(T) follows readily from the positive definite character of J(z).
By this term ‘“‘positive definite”” we mean an obvious extension of the
concept for the finite-dimensional case, namely that J(z) > 0 for all
nontrivial z, This is a consequence of the corresponding property for
(z,Bz) under the assumption B > 0. As we shall see, we actually
need J(z) > 0 only for nontrivial z satisfying z(0) = z'(T) = 0.

Suppose that X3(T) is singular. Then there exists a nontrivial vector
b such that

XUT)b =0 (1)
Consider the function
y = X,(t)b 2)
It is a solution of
yv'—By=0 (3)
satisfying the conditions y(0) = 0, ¥’(T) = 0. Hence, from (3),
[ @y —Bya=0 @
Integrating by parts, we have
T T
0=y ], - [, &)+ @Byl a (5)
0=—-J@)

This is a contradiction since y is nontrivial. Hence, X4(T) is nonsingular.
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EXERCISES

1. Extend the foregoing argument to cover the case where
T
@ = [ 160 + (@B de
with Q(t), B(t) > 0,0 <t < T.
2. Extend the foregoing srgument to cover the case where there is a terminal

condition z(T) = d.
8. Consider the terminal control problem of niinimizing

J(z,\) = /;T {(z",2") + (z,Bz)] dt + NMz(T) — d,z(T) — d)

A 2> 0, where z is subject solely to z(0) = ¢. Discuss the limiting behavior of z = z({,))
a8 A— . (X is called a Courant parameter.)
4. Consider the problem of determining the minimum over ¢ and z of

T
J(z,c) = ﬁ) [(z',2) + (z,Bz)]dl + N — b, ¢ — b)

where z(0) = ¢.
6. Consider the problem of determining the minimum over z and y of

T T
o) = [ 1) + @Bald 4 [ @ =y, 2 - gy
where A > 0and z(0) = ¢. What happensas A — «?

8. Analytic Form of Solution. Now that we know that (6.5) has a
unique solution
d = —X,(T)-'X{(T)c (1)

let us examine the analytic structure of the minimizing function and the
corresponding minimum value of J(z). We have

z = Xa(t)e — X Xy(T)'X(T)e @)

whence the missing value at ¢t = 0 is

z'(0) = X1(0)c — X,(0)X3(T)"'X{(T)e
= = Xy(T)'X1()e (3)
Let us set
R(T) = X(T)-'X(T) 4)

for T > 0. As we shall see, this matrix plays a fundamental role in
control theory. Since X; and X; commute, we see that R is symmetric.

We can easily calculate the minimum value of J(z) in terms of R.
We have, using the Euler equation,

0= [ @2z - Ba)a
= @) |, - [, (&) + @Bl at (5)
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Hence, since z'(T) = 0,
J(@) = —(2(0),2'(0)) = (c,R(T)e) (6)

Thus the minimum value is a positive definite quadratic form in ¢ whose
matrix is B(T).

9. Alternate Forms and Asymptotic Behavior. Let B* = D denote
the positive definite square root of B, where B is assumed to be positive
definite. Then we have

X.1(t) = (eP* + e¢P%) /2 = cosh Dt )
Xy(t) = D~1(eP* — ¢P*)/2 = D~'sinh Dt
Hence,
Xy(T) = cosh DT
X(T) = D sinh DT 2
R(T) = D tanh DT

If we had wished, we could have used this specific representation to
show that X¢(T) is nonsingular for T > 0. A disadvantage, however,
of this direct approach is that it fails for variable B, and it cannot be
readily used to treat the system mentioned in the exercises following
Sec. 18.

As T — =, we see from (1) that tanh DT approaches I, the identity
matrix. Hence, we conclude that

R(T)~D 3)
as T — o,
Returning to the equation

' —Bx =0 z(0) = ¢ () =0 4)
we see that we can write the solution in the form
z = (cosh DT)cosh D(t — T)]c (5)

10. Representation of the Square Root of B. From the foregoing we
obtain an interesting representation of the square root of a positive
definite matrix B, namely

(%) = lim min {[" (@2) + @B0) !} M
where z(0) = c.

EXERCISES

1. Using the foregoing representation, show that B, > By > 0 implies that
B > By%,
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2. Show that BY is a concave function of B, that is,
(AB, + (1 = NB)¥% > AB* 4+ (1 —A\)BY  for B, B >0

8. Obtain the asymptotic form of z(!) and z’(¢) as 7 — =,
4. Asymptotically as T — , what is the relation between z’(f) and z(¢)?

11. Riccati Differential Equation for R. Using the expression for
R(T) given in (9.2), we see that R(T) satisfies the matrix Riccati equation

R'(T) = B — R(T)? R0) =0 4))

This means that we can solve the linear two-point boundary-value
problem in terms of an initial-value problem. Given a specific value of
T, say T, we integrate (1) numerically to determine R(Ty). Having
obtained R(T), we solve the initial-value problem

' — Bxr =0
2(0) =c  2'(0) = —R(To)c ()

again computationally, to determine z(¢) for 0 < ¢ < ¢,

An advantage of this approach is that we avoid the numerical inver-
sion of the N X N matrix X;(7T:). In return, we must solve a system
of N nonlinear differential equations subject to initial conditions.

EXERCISE

1. Why can one anticipate difficulty in the numerical inversion of X5(T,) if T, is
large or if B possesses characteristic roots differing greatly in magnitude?

12. Instability of Euler Equation. A drawback to the use of (11.2)
for computational purposes is the fact that the solution of (11.2) is
unstable as far as numerical errors incurred in the determination of R(Tg)c
and numerical integration are concerned. To see what we mean by this,
it is sufficient to consider the scalar version,

W ~bu=0

w(0) =c  w/(0) = —b(tanh bTo)c (1)

with the solution

v = [cosh b(t — To)lc

cosh bT's @)

It is easy to see that for fixed t as Ty — oo', we have

U~ e b (3)
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Consider the function

=y + e 4)
satisfying the same differential equation as u, with the initial conditions
v(0) = c+ ¢ v/ (0) = u'(0) + be 5)

If the total time interval is small, the term e* will cause no trouble.
If, however, bT >> 1, routine numerical integration of (11.2) will produce
seriously erroneous results. The reason for this is that numerical integra-
tion using a digital computer involves the use of an approximate-differ-
ence equation, errors in evaluation of functions and round-off errors,
Hence, we can consider numerical integration as roughly equivalent to
a solution of the differential equation subject to slightly different initial
conditions.

There are a number of ways of overcoming or circumventing this
instability. One way is to use an entirely different approach to the study
of control processes, an approach which extends readily into many areas
where the calculus of variations is an inappropriate tool. This wé will
do as soon as we put the finishing touches on the preceding treatment.

It is interesting to regard numerical solution as a control process in
which the aim is to minimize some measure of the final error. A number
of complex problems arise in this fashion.

13. Proof that J(z) Attains an Absolute Minimum. Having estab-
lished the fact that the Euler equation possesses a unique solution z,
it is a simple matter to show that this function furnishes the absolute
minimum of the quadratic functional J. Let y be another admissible
function. Then

IO =Je+@=-2) =J@+ I -2
+2 [ @y - 2)+ Br,y—Dd (1)

as in Sec. 4, where now e = 1, 2 = y — 2. Integrating by parts,
T T T
L@,y =2yt = <x',yT—x)]0 S A CATEY
- L ",y — z) dt @)

since z'(T) = 0, z(0) = y(0) = c¢. Hence, the third term on the right-
hand side of (1) has the form

2 [ (—@"y — ) + (Br,y — 2)] di = 0 3)

since z satisfies the Euler equation. Thus,

J@) =J@) +J@y — ) > J(@) (4)
unless y = .
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14. Dynamic Programming. In Chap. 9 we pointed out some uses of
the theory of dynamic programming in connection with some finite-
dimensional minimization and maximization problems. The basic idea
was that these could be interpreted as multistage decision processes and
thus be treated by means of functional equation techniques. Let us
now show that we can equally regard the variational problem posed
above as a multistage decision process, but now one of continuous type.

To do this we abstract and extend the engineering idea of *feedback
control.” We consider the control of a system as the task of determining
what to do at any time in terms of the current state of the system.
Thus, returning to the problem of minimizing

J(zx) = LT {(='2') + (z,Bx)] dt (1)

we ask ourselves how to choose 2’ in terms of the current state z and the
time remaining. What will guide us in this choice is the necessity of
balancing the effects of an immediate decision against the effects of the
continuation of the process.

16. Dynamic Programming Formalism. Let us parallel the procedure
we followed in using the calculus of variations. First we shall derive
some important results using an intuitive formal procedure, then we
shall indicate how to obtain a valid proof of these results. See Fig. 1.

X

CHyA

Fia. 1.

To begin with, we imbed the original variational process within a
family of processes of similar nature. This is the essential idea of the
“feedback control” concept, since we must develop a control policy
applicable to any admissible state. Write

f(e,T) = min J(2) 1)

where z is subject to the constraint (0) = c¢. This function is defined
for T > 0 and all c. The essential point here is that ¢ and T are the
fundamental variables rather than auxiliary parameters,

Referring to Fig. 1, we wish to determine f(c,T) by using the fact
that the control process can be considered to consist of a decision over
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[0,4] together with a control process of similar type over the remaining
interval [A,7]. This is a consequence of the additivity of the integral

/;T= /;A+/‘AT (@)

If A is small, and if we assume sufficient smoothness in the minimizing
z (which we already know it possesses from what has preceded), we can
regard a choice of z(f) over [0,A] as equivalent to a choice of z/(0) = y,
an initial slope. Similarly, we may write

[0 1@e) + @Bl dt = (W) + (BA+ 0y (3)

Now let us consider the effect of a choice of y over [0,A]. The initial
state c is changed into ¢ + yA (to terms in 0(A?)), and the time remaining
in the process is diminished to T — A. Hence, for a minimizing choice
of z over [A,T], we must have

[ =i+ - 8)+ 0@ @
Combining these results, we see that we have
fe,T) = [(wy) + (c,Bo)IA + flc + yA, T — 4) + 0(4Y) (5)

It remains to choose y. If f(c,T) is to be the minimum value of J(z), ¥
must be chosen to minimize the right side of (5). Thus, we obtain the
relation

f(e,T) = min [[(y,y) + (¢,Bc)]A + f(c + yA, T — 4)] + 0(4?) (6)

keeping in mind that we are unreservedly using our formal license.
Finally, we write

Jle+ yA, T — A) = f(e,T) + ((y,grad f) — fr)A + 0(4?) 7
where
- of
),
of
3Ys

grad f = (8)

R
| dyn_|
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Letting A — 0, we are left with the nonlinear partial differential
equation
fr = min ((3,y) + (¢,Bc) + (y,grad /)] 9)
v

This is the dynamic programming analogue of the Euler equation as
far as the determination of the minimizing function is concerned.

16. Riccati Differential Equation. The minimum with respect to y
in (15.9) is readily determined,

y = —(grad f)/2 (1)

Substituting this into (15.9), we obtain a nonlinear partial differential
equation of conventional form,

fr = (¢,Bc) — (grad f,grad f)/4 2

Referring to the definition of f(c,T), we see that the appropriate initial
condition is
flc,0) = 0 (3)
We can readily dispose of the partial differential equation by observing
that the quadratic nature of the functional (or equivalently the linear
nature of the Euler equation) implies that

J(e,T) = (c,R(T)c) 4
for some matrix R. Using (4), we have
grad f = 2R(T)c (5)
Hence, (2) leads to the relation
(¢,R'(T)e) = (¢,Bc) — (R(T)c,R(T)c) (6)
Since this holds for all ¢, we have
R'(T) = B — R(T) RW0) =10 7

precisely the result previously obtained in See. 11,
The ‘“‘control law’’ is given by (1), namely

y=—R(T) (8)

a lincar relation. We have deliberately used the same notation as in
(8.4), since, as (8.6) shows, we are talking about the same matrix.

EXERCISE

1. Show that R™! also satisfies a Riccati equation, and generally that (CR + D)™!
(AR + B) sutisfies a Riccati equation if R does.
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17. Discussion. The path we followed was parallel to that pursued
in our treatment involving the caleulus of variations. We first obtained
a fundamental relation using a plausible intuitive procedure. Once the
result was obtained, we provided a valid basis employing entirely different
ideas. In this case, we can fall back upon the calculus of variations
where the desired results were easily derived. This procedure is typical
of mathematical analysis related to underlying physical processes.
Scientific insight and experience contribute greatly to mathematical
intuition.

It is also not difficult to follow a direct path based upon functional
analysis.

18. More General Control Processes. Let us proceed to the considera-
tion of a slightly more general control process where we desire to minimize

T
J@y) = [, @B + @)l d )
subject to z and y related by the differential equation
¥ =Ax+y z2(0) = ¢ 2
Once again we suppose that B > 0; A, however, is merely restricted to
being real.
Writing
f(¢,T) = minJ(z,y) (3)
v
the formal procedure of Sec. 15 leads to the relation
fr = min [(¢,Bc) + (2,2) + (4c + 2, grad f)] 4)
where we have set z = y(0). The minimum is attained at
z = —(grad f)/2 (5)
and using this value (4) becomes
Jr = (¢,Bc) + (Ac,grad f) — (grad f,grad f)/4 (6)
Setting once again
J(,T) = (¢,R(T)c) Q)

we obtain the equation
(c,R"(T)e) = (¢,Bc) + (A¢,2R(T)c) — (B(T)c,R(T)c) 8
Symmetrizing, we have

(4¢,2R(T)c) = ({AR(T) + R(T)A*}¢,0) (9)
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where A * denotes the transpose of A. Hence, (8) yields

R =B+ AR+ RA*—R* R(0)=0 (10)
The optimal policy is once again given by
z=—R(T)c (11)

We use the notation A* here in place of our usual A’ in order not to
confuse with the derivative notation,

EXERCISES
1. Obtain the corresponding relations for the control process defined by
J@,y) = -/OT [(z,Bz) + (y,Cy)] dt z' = Az + Dy z(0) = ¢
2. Consider the control process
s = [ 1) + @uldt 2 =Azty a0 =c
Show that the Euler equation satisfied by a desired minimizing y is

y' = —A*w+z y(T) =0

8. Following the procedures given in Secs. 6-8, show that the system of differential
equations possesses a unique solution.

4. Show that this solution provides the absolute minimum of J(z,y).

5. Determine the form of R(7) in the analytic representation of

min J(z,y) = (6R(T)c)

and show that it satisfies the Riccati equation corresponding to (10).
8. Carry through the corresponding analysis for the case where

T
Jaw) = [, (@B) + Ga)ldt B >0
7. Consider the case where
T
J(zy) = IO [(z,Bz) + (y,Cy)ldt 2’ = Az + Dy

first for the case where D is nonsingular and then where it is singular, under the
assumption that B > 0 and a suitable agsumption concerning C.

8. Show how the nonlinear differential equation in (10) may be solved in terms of
the solutions of linear differential equations.

19. Discrete Deterministic Control Processes. A corresponding
theory exists for discrete control processes. Let

xn+l = Axn + Yn To = ¢C

N
Y 1(nta) + @nti)]

n=0

(1)

i

J({Za,yn})
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and suppose that we wish to minimize J with respect to the y,. Write
Iul(e) = l{lll}l J({znya}) (2
Ya

Then, arguing as before, we have
Sn(e) = min [(c,c) + (¥.9) + fu-1(de + )] (3)
v

N 2 1, with fo(c) = (c,c).
It is clear once again, or readily demonstrated inductively, that

In(c) = (¢,Rnc) 4)

where Ry is independent of ¢. Using the representation of (4) in (3),
we have

(¢,Bnc) = nr:in [(c,0) + Wy) + (Ac + ¥, Rv_1(Ac + ¥))] (5)

The minimum with respect to ¥ can be obtained readily. The varia-
tional equation is
v+ By(Adc+y) =0 (6)
whence
y=—( + RBy_1)'Ry_1Ac 7

Substituting this result in (3), we obtain, after some simplification,
the recurrence relation

Ry = (I + A*A) — A*(I + Ry-1)7'A 8)
N > 1, with R, = .

EXERCISES

1. Show that I < Ry.1 < Ry < (I + A*A) and thus that as N — «, Ry con-
verges to a matrix R, satisfying

Ro= (I + A*4) — A*(I + Ro)'4

2. Obtain the analogue of the Euler equation for the foregoing finite-dimensional
variational problem. Prove that the two-point boundary problemn for these linear
difference equations possesses a unique solution and that this solution yiclds the
absolute minimum of J.

8. Carry out the same program for the ease where

N
JUznynl) = z [(€nyBzn) + (Unsyn)]
n=0
4. Consider the discrete process z,,1 = (I + AA)zn + Ynd, Zo = ¢,
N

F(lzntal) = ), [nr) + QI8
n=0
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Consider the limiting behavior of min J and the minimizing vectors as A — 0 with
Na =T,

20. Discrete Stochastic Control Processes. Let us now consider the
case where we have a stochastic control process of discrete type,

xn+l=Axn+yn+rn Tp=2¢
d ()
J(iznynl) = ) [(@n2) + Gu)]
n=0

where the r, are random variables, The objective is to choose the y,
80 as to minimize the expected value of J({z,,y.}) subject to the following
provisions:

(a) The r. are independent random variables with specified proba-
bility distribution dG(r).

(b) The vector ¥, is chosen at each stage after observation of the 2)
state z, and before a determination of r,.
Writing
fn(c) = min exp J({Za,ya}) (3)

{unl {ral

and arguing as before, we obtain the functional equation
fue) = min [ (c,0) + @) + [ feaalde+y + 0 dG0) | @
v

N > 1, with fo(c) = (¢,c). We can then proceed in the same fashion as
above to use the quadratic nature of fy(c) to obtain more specific results.

EXERCISES

1. Show that fx(c) = (c,Rnc) + (bn,¢) + anv and determine recurrence relations
for the Rn, bn, and an.

2. In control processes of this particular nature, does it make any difference
whether we actually observe the system at each stage or use the expected state with-
out observation?

8. How would one handle the case where the r; are dependent in the sense that
dG(rn) = dG(ra,rs-1), that is, the probability distribution for r, depends upon the
value of ra_;?

21. Potential Equation. The potential equation

with u specified on the boundary of a region R, leads to many interesting
investigations involving matrices when we attempt to obtain numerical
results using a discretized version of (1). Let z and y run through some




332 Introduction to Matrix Analysis

discrete grid and replace (1) by
uwz + A, y) +u(z — 4 y) — 2u(zy)

A2
’ +4) + [ —4)—2 ’
yuEy +4) u(ﬂggy ) = 2u(zy) _ @)
This may be written
w(zy) = 2T &Y + uz — 4, y) 1— ux y +4) + ulx, y — 4) 3)

expressing the fact that the value at (z,y) is the mean of the values at
the four “nearest neighbors” of (z,y).

Use of (3) inside the region together with the specified values of u(z,y)
on the boundary leads to a system of linear algebraic equations for the
quantities u(z,y). If an accurate determination is desired, which means
small A, the system becomes one of large dimension. A number of
ingenious methods have been developed to solve systems of this nature,
taking advantage of the special structure. We wish to sketch a different
approach, using dynamic programming and taking advantage of the fact
that (1) is the Euler equation of

Jw) = [ + ) drdy @)

22. Discretized Criterion Function. As before, we replace derivatives

by differences,
u(x + A, y) — u(xry)

&
IR

A
w u(xl y+ 4) — u(x,y)
u —
A
For simplicity, suppose that R is rectangular, with a = NA, b = MA,
See Fig. 2. Let ¢, ¢z, . . ., cu—1 be the assigned values along z =0
(o.b) w bM
CM )
-y T W
" M-
Cz - —Xz + 02
ol -A + 4
Co x0 bo
0 (4,0} (2,0}

Fra. 2.
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and let z,, z, ..., zx, be the values of u at the values (4,4),
(a,24), . .., (A(M — 1)4A).

In place of writing a single variational equation for the unknown
values at the interior grid points, as in (21.3), we think of this as a
multistage decision process in which we must determine first the M — 1
values along z = A, then the (M — 1) values along z = 24, and 80 on.

Write

Julc) = min ZZ{{u(z + 4, 3) — u(zy)}* + {ulz, y + 4) — u(zy)}?] (2)

where ¢ is the vector whose components are the c¢;,
file) = (co—bo)2 + (cr — )2+ * - - + (car — ba)?
+ (o —co)+ (ce—e))*+ -+ -+ (en — em1)? (8)
Then
fu(e) = min[{co — 20)2 + (e — 2)* 4+ - -+ + {car — x41)?
F(co—a)?+ (cr—c)?+ -+ F (epar — ) + fua(x)] (@)

EXERCISES

1, Use the quadratic nature of fu{c) to obtain appropriate recurrence relations.

2, What happens if the rectangle is replaced by a region of irregular shape? Con-
sider, for example, a triangular wedge.

8. How would one go about obtaining a solution for a region having the shape in
Fig. 3?7 See Angel.!

. 8.
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MISCELLANEOUS EXERCISES

1. Let A be a positive definite matrix and write A% = D + B, where D is a diagonal
matrix whose elements are the square roots of the diagonal elements of A, Consider
the recurrence relation DBy + ByD = A — Dt — B}_,, By = 0. Does Bj; converge
as k— «? (P. Pulag, An Iterative Method for the Determination of the Square Root
of a Positive Definite Mairiz, Z. angew. Math. Mech., vol. 46, pp. 151, 1966.)

2. Let A, B > 0. Then

A+ B A’+B=)u (.4:~+B=~)wv
(S50 < (525 s (52

Hence the limit

. AW 4 BN\ 8N
- o, (2527)

exists aa N — w.
N Ny 1IN
8. Doss lim (242)" existif 4, B > 02
- 00

4. Every real skew-symmetric matrix is a real, normal square root of a nonpositive
definite real symmetric matrix whose nonzero characteristic values have even multi-
plicities. (R. F. Rinehart, Skew Matrices as Square Roots, Am. Math. Monthly,
vol. 67; pp. 157-161, 1960.)

8, Consider the solution of R’ = 4 — R%, R(0) = 0, and the approximation scheme
R:-#-l = A - Rn(m)Rn-H, Rn+1(0) = 0: with RO(”) = B, B < A' Does R’l+1(m)
converge to A¥ with suitable choice of B?
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of variations. In the derivation of (15.5) we are using the principle of
optimality; see any of the three books cited above.

§16. For detailed discussions of the ways in which matrix Riccati
equations enter into the solution of two-point boundary-value problems,
see

W. T. Reid, Solution of a Riccati Matrix Differential Equation as
Functions of Initial Values, J. Math. Mech., vol. 8, pp. 221-230,
1959.

W. T. Reid, Properties of Solutions of a Riceati Matrix Differential
Equation, J. Math. Mech., vol. 9, pp. 749-770, 1960.

W. T. Reid, Oscillation Criteria for Self-adjoint Differential Systems,
Trans. Am. Math. Soc., vol. 101, pp. 91-106, 1961.

W. T. Reid, Principal Solutions of Nonoscillatory Linear Differential
Systems, J. Math. Anal. Appl., vol. 9, pp. 397-423, 1964.

W. T. Reid, Riccati Matrix Differential Equations and Nonoscilla-
tion Criteria for Associated Linear Differential Systems, Pacific J.
Math., vol. 13, pp. 665-685, 1963.

W. T. Reid, A Class of Two-point Boundary Problems, Illinois J.
Math., vol. 2, pp. 434453, 1958.

W. T. Reid, Principal Solutions of Nonoscillatory Self-adjoint Linear
Differential Systems, Pacific J. Math., vol. 8, pp. 147-169, 1958.

W. T. Reid, A Class of Monotone Riccati Matrix Differential
Operators, Duke Math. J., vol. 32, pp. 689-696, 1965,

See also

R. Bellman, Upper and Lower Bounds for the Solution of the Matrix
Riccati Equation, J. Math. Anal. Appl., vol. 17, pp. 373-379, 1967.

M. Aoki, Note on Aggregation and Bounds for the Solution of the

Matrix Riccati Equation, J. Math. Anal. Appl., vol. 21, pp. 377-383,
1968,

The first appearance of the Riccati equation in control theory and
dynamic programming is in
R, Bellman, On a Class of Variational Problems, Q. Appl. Math.,
vol. 14, pp. 353-359, 1957.

§819 to 20. See the first book cited above. For a detailed discussion
of stochastic control processes of discrete type and dynamic programming,
see
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8. Dreyfus, Dynamic Programmming and the Calculus of Variations,
Academic Press Inc.,, New York, 1965.

§21. See, for example,
R. 8. Varga, Matriz Iterative Analysis, Prentice-Hall, Inc., Engle-
wood Cliffs, New Jersey, 1962,

C. G. Broyden and F. Ford, An Algorithm for the Solution of Certain
Kinds of Linear Equations, Numer, Math., vol. 8, pp. 307-323, 1966.
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Invariant Imbedding

1. Introduction. Inthe previouschapter we oconsidered sometwo-point
boundary-value problems for linear differential systems arising in the
theory of control processes. Further, we indicated how the theory of
dyngmic programming could be used to obtain alternate analytic formu-
lation in terms of a matrix Riccati differential equation. In this chapter,
we wish to employ the theory of invariant imbedding—an outgrowth of
dynamic programming-—to obtain corresponding results for general two-
point boundary-value problems of the type

—z' = Az + Dy z(a) = ¢ (1)
y=Bz+Cy y0) =d

Why we employ this particular form will become clear as we proceed.
We suppose that the matrices A, B, C, D depend on the independent
variable ¢, 0 <t < a. As is to be expected, more can be said when
these matrices are constant.

There is little difficulty in establishing existence and uniqueness of
the solution of (1) when a is a small quantity. Furthermore, the ques-
tion of the determination of a. (the critical value of a), for which existence
and uniqueness cease to hold, can be reduced to a Sturm-Liouville problem.

A basic challenge, however, is that of delineating significant classes
of equations of this nature for which a unique solution exists for all
a > 0. We shall approach this question by associating the foregoing
system of equations with an idealized physical process, in this case a
transport process.

Simple physical principles will then lead us to important classes of
matrices [4,B,C,D]. Furthermore, the same principles will furnish the
clue for a powerful analytic approach.

2. Terminal Condition as a Function of a. Let us examine the system
in (1.1) with a view toward determining the missing initial condition
y(a). Let (X,Y,) and (X.,7Y>) be the principal solutions of

_X' = AX + DY a
Y' = BX + CY )

338
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that is to say
X,(0) =0 Y. (0) =1

The solution of (1.1) may then be written

$=X1b+de (3)
y=Yb+ Yud

where the vector b is to be determined by the relation
¢ = X1(a)b + X,(a)d )

Since X;(0) = I, it is clear that X (@) is nongingular for @ small. We
shall operate under this assumption for the moment.

Since the equation in (1.1) is linear, it is permissible to consider the
cases ¢ = 0 and d = 0 separately. Let us then take d = 0. The case
where € 7 0, ¢ = 0 can be treated by replacing ¢{ by a — {. From (4),
we have

b= X(a)"¢ %)

whence we have the representations

z =X, X (a)" ¢

y = ¥ Xi(a)" ©)
The misging value of ¥ at { = a is then
y(a) = Yi(a)Xi(a)~ e (7
and at £ = 0 we have
z(0) = X, (a)"c )
Let us call
R(a) = Y:(a)X:(a)™! 9)
the reflection matriz and
T(a) = Xi(a)~! (10)

the transmission matriz. We are anticipating the identification of (1.1)
with certain equations describing a transport process.
Consider R(a) ag a function of a. We have

R'(a) = Yi(@)X1(a)"! — Y:(0) X (a)"'X (a) X (a)~!

[B(a)X1(a) + C(a)Y(a)]X(a)™!

+ Yi(a) X (a) 4 (a) X (a) + D(a)Y,(a)] X (a)?

= B(a) + C(a)R(a) + K(a).1(a) + R(«)D(a)R(a) (11)

The initial condition is B(0) = 0.
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Similarly, we have

T'(a) = X:(a)"[A(a)X(a) + D(a)Y(a)])X (a)?
T(a)A(a) + T(a)D(a)E(a) (12)

with 7(0) = I.

3. Discussion. We observe that we obtain the same type of Riceati
differential equation in this general case as in the special case where the
system of equations is derived from a control process. Once again an
initial-value problem for a nonlinear system of ordinary differential
equations replaces a linear system subject to two-point conditions leading
to the solution of a linear system of algebraic equations. Sometimes
this is desirable, sometimes not. What we want is the flexibility to use
whatever approach is most expedient at the moment.

4. Linear Transport Process. Let us consider an idealized transport
process where N different types of particles move in either direction along
a line of finite length a. They interact with the medium of which the
line is composed in ways which will be specified below, but not with
eath other. The effect of this interaction is to change a particle from
one type to another, traveling in the same or opposite direction. We
call this a “pure scattering’ process.

Let us consider the passage of a particle of type or state ; through the
interval [¢, ¢t + A] where A > 0 is a small quantity and : may assume
any of the values : =1, 2, . . . , N; see Fig. 1 and note the reversal
of the usual direction. We have done this to preserve consistency of
potation with a number of references.

}Tcident %Incid;nt
uc VAR AF] ux
\;l 1 ! 1 ! 1 J
L} 1 L} 1 t
g t+a ’ 1-a 0
Fi. 1.

Let

ai;(t)A + o(A) = the probability that a particle in state 7 will

be transformed into a particle in state

traveling in the same direction, j # 4, upon tra-

versing the interval [¢ 4 A, {] going to the right

1 = ai:(t)A + o(A) = the probability that a particle in state 7 will
remain in statezin the samedirection while tra~- (1)

versing the interval [ + A, t] going to the right

bi(t)A + o(A) = the probability that a particle going to the

right in state j will be transformed into a par-

ticle in state 7 traveling in the opposite direc-

tion upon traversing the interval [t 4 A, ]
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Similarly, we introduce the functions ¢;(f) and d;;(t), associated with
forward scattering and back scattering for a particle going to the left
through [¢, ¢ + 4). We suppose that all of these functions are non-
negative for ¢ 2 0, as they should be, of course, to be associated with
probabilities. The most important case is that where they are piece-
wise continuous. Suppose that there are streams of particles of all ¥
types incident at both ends of the line, as indicated in Fig. 1, of constant
intensities per unit time. We call this stream of particles a “flux.”

B. Classical Imbedding. Let us now introduce the steady-state
functions

z,(f) = the expected intensity of flux of particles of type ¢ to the

right at the point {,0 <t < a (1)
y:(t) = the expected intensity of flux of particles of type 7 to the left
at the point{,0 < ¢ <a,71=1,2, ... ,N

See Fig. 1. We shall henceforth omit the term ‘‘expected” in what
follows and proceed formally to obtain some equations for z; and ..
There is no need to concern ourselves with rigorous details here, since
we are using the stochastic process solely as a guide to our intuition in
ascertaining some of the properties of the solution of (1.1). Those
interested in a rigorous derivation of the following equations, starting
from the continuous stochastic process, may refer to sources cited at the
end of the chapter.

An input-output analysis (which is to say, a local application of con-
gervation relations) of the intervals [t — 4, ¢) and [¢, ¢ + 4] yields the
following relations, valid to o(a):

N
2(0) = wt + A1 — aud) + ) @Az + A) + ) dy Ayi)

3 =i i; 1 (2)
yi(t) = yit — A)(1 — cud) + 2 Ayt — 4) + 2 bi; Az;(t)
P j=1

Passing to the limit as A — 0, we obtain the differential equations

N
—3l(t) = —am®) + ) aw) + ), dy®

3 i :'; 1 (3)
vit) = —cap(t) + z cyit) + z bijz,(t)
I i j=1

=1, 2,..., N. Referring to Fig. 1, we see that the boundary
conditions are

zi(a) = ¢

W) =d  i=12...,N )
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We introduce the matrices

B = = (b)) -
[ —an Gz - Fawy
Q1 —Qyp QN
A=

an ay: * °* —0nn]

D = (dy) -
F—Cu Cip CiN
€1  —Cz Can
c={ . )
L tm 12 T —CNNJ

B and D are non-negative matrices, while 4 and C possess quite analogous
properties despite the negative main diagonals; see Chap. 16. The con-
dition of pure scattering imposes certain conditions on the column sums
of A + B and C + D which we will use below.

We observe then the special structure of the matrices A, B, C, D
required for (1.1) to be associated with a linear transport process. Intro-
ducing the vectors x and y, with components z; and y; respectively, we
obtain a linear vector-matrix system subject to a two-point boundary
condition having the form given in (1.1).

If the effects of interaction are solely to change type and direction,
we say that the process is one of pure scattering as noted above; if particles
disappear as a result of interactions, we say absorption occurs. We will
consider the pure scattering case first. We will not discuss the fission
case, corresponding to a production of two or more particles as a result
of an interaction. Here questions of critical length arise, as well as a
number of novel problems,

6. Invariant Imbedding. Let us now present a different analytic
formulation of the pure scattering process which will permit us to demon-
strate the existence of the reflection and transmission matrices for all
a > 0. This represents a different imbedding of the original process
within a family of processes. The preceding was a classical imbedding.
To begin with, we introduce the function

ri(a) = the intensity of flux in state ¢ from a rod of length a emer-
gent at a due to an incident flux of unit intensity in (1)
state j incident at a




Invariant Imbedding 343

This function, the intensity of reflected flux, is defined, hopefully, for
a>04¢7=12 ...,N. It remains to be demonstrated that this

is meaningful. See Fig. 2.

Reflected

flux -

Incident p——r
flix=g4a @ 0

Fia. 2.

To obtain equations for the 7,;(a) as functions of a, we keep account
of all the possible ways in which interactions in [a + A, a] can contribute
to a reflected flux in state 7. At first the bookkeeping seems tedious.
Subsequently, we shall show that with the aid of matrix notation the
multidimensional case can be treated in a simple direct fashion when
the physical meaning of the matrices is appreciated. This is typical of
mathematical physics when suitable notation is employed. In more com-
plex situations, infinite-dimensional operators replace the finite-dimen-
sional matrices.

Starting with an incident flux in state j, we can obtain a reflected flux
in state ¢ in the following fashions:

(a) Interaction in [a@ 4 4, a] and immediate reflection resulting in
a change of direction.

(b) Interaction in [a + A, a] together with reflection in state 7 from
[a,0].

(c) Passage through [a + A, a] without interaction, reflection from
[a,0] in state 7, and passage through [a, @ + A] without inter- (2)
action,

(d) Passage through [a + A, a] without interaction, reflection from
[@,0] in state j = 7, and interaction in [a, @ 4+ 4] resulting in
emergence in state 7.

(e) Passage through [a + 4, a] without interaction, reflection from
[@,0] in state k, interaction in [a, @ 4+ A] resulting in a state !
toward [a,0], and then reflection in state ¢ from [a,0].

All further interactions produce terms of order A% and can therefore
be neglected at this time, since ultimately we let A tend to zero. Note
that we write both [a + A, a] and [a, a + 4] to indicate the direction of
the particle.

Taking account of the possibilities enumerated in (2), we may write

ria + 4) = b;a + z anri(@)a + (1 — a;8)[ ri@)(1 — cud)
el
+ z rei(@)cad + z 7‘il(a)d1k7‘kj(a)A] 3
; ry!

k=i
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to term in o(A). Passing to the limit as A — 0, we obtain the nonlinear
differential equation

@) = by + ) arale) — (@ + cary(a)

ki
+ ) r@)en + Y ra(@)dun(a) (4)
ki

ki
fori, j=1,2, ..., N, with the initial conditlon

ri;(0) = 0 )]

This last equation states that the reflection from a rod of zero length is
Zero,

We are not concerned with the rigorous derivation of (4) in the fore-
going fashion at the present time. We do, however, want the difference
approximation for an important purpose below; see Sec. 9. A rigorous
derivation of (4) from the linear equations has already been given in
Sec. 2.

Writing

R(a) = (ry(a)) (6)
and letting A, B, C, D have the previous significances, we see that (4)
takes the compact form

R'= B+ RA 4+ CR 4+ RDR RO)=0 ™

This 1s a matrix differential equation of Riccati type. Similar equations
arise in control theory, as we noted in Sec. 3 and in the previous chapter.
7. Interpretation. Once we have obtained the differential equation,
we can readily identify each of the terms and then use this identification
as a means of writing down the corresponding equation for the trans-
mission matrix, We see that B corresponds to immediate backscattering,
that CR corresponds to reflection followed by forward scattering, that
RA corresponds to forward scattering followed by reflection, and that
RDR corresponds to reflection, backscattering, and then reflection again.
The physical interpretation is also useful in obtaining convenient approxi-
mations in certain situations.
We expect then the equation for the transmission matrix 7'(a) to have
the form
T"=TA 4+ TDR (§))]

corresponding to forward scattering followed by transmission, plus
reflection, backscattering, and then transmission again. The initial
condition is T'(0) = I. We leave this for the reader to verify in various
ways.
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The importance of the physical approach lies in the fact that+it pro-
vides an easy way of deriving many important results, and, what is
more, of anticipating them.

EXERCISE

1. What differential equations do we get if we use the figure

[l [ 1
r T 1]

a 'Y 0

instead of Fig. 27

8. Conservation Relation. Since we have assumed a pure scattering
process in Sec. 4, we know that no particles are ‘“lost.”” A particle of

type ¢ must transform into a particle of type j, 7 =1,2, ..., N, for
any 7. The analytic translations of this observation are the relations
MB+ A4)=0 MC+D)=0 (1)
where M is the matrix

[1 1 1]

0 0 - 0
M=\ (2)

(0 0 - - 0]

The effect of muitiplication by M is to produce column sums.
We expect that the conservation relation

MR+T)=M 3)

which states that total input is equal to total output, will hold for
a 2 0. Let us begin by showing that it holds for small a. From (6.7)
and (7.1), we have

[M(R + T)I' = M(B + CR + RA + RDR) + M(TA + TDR)
= MB + MCR + MRA + MTA + M(R + T)DR
=MB+ MCR+ MR+ T — DA + MA

+ ME+ T — DR + MDR (4)
=MB+A)+MC+DR+MR+T—DA
+ MR + T — I)DR
=MQR+T-DA+M®R+T—IDR

Regarding R as a known function, this is a differential equation of the
form

Z'=7ZA + ZDR Z0) =0 (5)
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for the function Z = M(R + T — I). One solution is clearly Z = 0.
Uniqueness assures us that it is the only solution within the interval for
which E(a) and T'(a) exist.

Hence, within the domain of existence of R and T, we have (3). If
we can establish what is clearly to be expected, namely that all the ele-
ments of R and T are non-negative, (3) will imply that R and T are
uniformly bounded for 0 < a@ < a,, which means that we can continue
the solution indefinitely, using the same argument repeatedly.

EXERCISES

1. Show that the relation M(R + T) = M is equivalent to M(Yi(a) + 1) =
M X (a), provided that X,(a) is nonsingular.
2. Obtain the foregoing relation in some interval [0,as} by showing that

MYi(a) = MX,(a)

9. Non-negativity of R and 7. Let us now establish the non-nega-
tivity of ry(a) and f;(a) for a > 0. We cannot conclude this directly
from the differential equation of (6.7) since A and C have negative ele-
ments along the main diagonal. Let us present one proof here depending
upon the recurrence relation of (6.3). Another, depending upon the
properties of A and C as scattering matrices, is sketched in the exercises.

Referring to (6.3), we see that all the terms are ‘non-negative on the
right-hand side if A is sufficiently small. We can avoid even this restric-
tion by means of the useful device of replacing (1 — a;;4) and (I — ci;4)
by the positive quantities e=*/4 and e~<#4, a substitution valid to terms
in o(4). It follows that the sequence {r;(k4)} obtained by use of (6.3)
is non-negative, and actually positive if all of the b;; are positive. Exact
conditions that guarantee positivity rather than merely non-negativity
are not easy to specify analytically, although easy to state in physical
terms.

We know from standard theory in differential equations that the
functions determined by the difference equation plus linear interpolation
converge to the solutions of the differential equation in some interval
[0,a0). Hence, rij(@) > 0 in this interval, A similar result holds for
the ¢;(a). Thus, using the conservation relation (8.3), we can conclude

OSTu‘(a)Sl
0<tia) 1 0<ZLa<a ¢j=1L1,2 ...,N )

It follows that the solution of the differential equation can be continued
for another interval [ay, ap + ai]. Using (6.3) starting at a = a, we
establish non-negativity, boundedness, and so on. Thus, the solution
of (6.7) can be continued in an interval [ay + a1, ao + 2a,], and so on.
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Hence, it exists and is unique for ¢ 2> 0. This is a standard argument
in the theory of differential equations.

EXERCISES

1. Consider first the case where A and C are constant. Convert the equation
R’ = B + CR + RA + RDR, R(0) = 0, into the integral equation

R = L‘ eC¢-[B + RDRJeA ¢t dt,

2. Use successive approximations, plus the properties of C and A4, to deduce that
R has non-negative elements in some interval [0,aq].
8. If A and C are variable, obtain the corresponding integral equation

R= L *XOX )48 + RDRIY Q)Y (t)" iy

where X, Y are respectively solutions of X' = CX, Y’ = YA, X(0) = Y(0) = 1.

4. Show that X)X (t1)™Y Y ()Y (l1)"! both have non-negative clements for 0 <
{1 £ t, and proceed as above.

5. Show that the elements of R(a) are monotone-increasing in a if A, B, C, D are
constant.

8. Is this necessarily true if 4, B, C, D are functions of a?

7. Show that R(=) = lim R(a) exists and is determined by the quadratic equa-

g— ®
tion B + CR(=) + R(»)A + R(«)DR(=») = 0.

8. Show that R(a) has the form R(=) + Rjehe + - - - asa— = where Re (A1) <0
in the case where A, B, C, D are constant. How does one determine A,?

8. Show that the monotonicity of the elements of R(a) implies that \; < 0.

10. How would one use nonlinear interpolation techniques to calculate R( ) from
values of R(a) for small a? See R. Bellman and R. Kalaba, A Note on Nonlinear
Summability Techniques in Invariant Imbedding, J. Math. Anal. Appl, vol. 6,
pp. 465-472, 1963.

10. Discussion. Our objective is the solution of (1.1) in the interval
[0,a]. Pursuing this objective in a direct fashion we encountered the
problem of demonstrating that X;(a) was nonsingular for ¢ 2 0. To
establish this result, we identified X (a)~! with the transmission matrix
of a linear transport process and thus with the aid of a conservation
relation we were able to deduce that X;(a)~! existed for a > 0.

This means that the internal fluxes z(f) and y(f) are uniquely deter-
mined for 0 < ¢ < a, foralla > 0.

A basic idea is that of identifying the original equations with a certain
physical process and then using a different analytic formulation of this
process to derive certain important results.

11. Internal Fluxes. Let us now consider a representation for the
internal cases in the case where the medium is homogeneous, that is,
A, B, C, D are constant, and the scattering is 7sotropic, that is,

A=C B=D (D
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Consider Fig. 3. Concentrating on the interval [a,l], we regard ¢
and y(t) as the incident fluxes. Hence, we have

z(t) = T(a — t)c + R(a — t)y(t) (2)
Similarly, considering the interval [¢,0], we have
y(t) = R()x(t) + T(t)d (3)
ylt} <  >x{t}
c—} f {<d
g t 0

Fia. 3.

Combining (2) and (3), we obtain
z(t) = [I — R(a — YR(®)]'[T(a — t)c + R(a — 1)T()d] 4)

provided that [I — R(a — t)R(?)] is nonsingular for 0 < ¢ < a. This is
certainly true for small a. We shall leave as exercises the proof of the
result for general ¢ and the demonstration of the non-negativity of z
and y for non-negative ¢ and d.

EXERCISES

1. Show that R(a) has largest characteristic root (the Perron root) less than one.
Hint: Use the conservation relation.

2. Hence, show that I — R(a/2)? has an inverse and that this inverse is non-
ne_gative.

8. Hence, show that z(a/2), y(a/2) are non-negative.

4. Repeating the same type of argument for {a/2,0] and [a,a/2], show that z({) and
y(t) are non-negative for a/4, 3a/4. Proceeding in this fashion and invoking con-
tinuity, show that z(t), y(f) are non-negative for 0 < (¢ < a.

5. Establish the relations in (2) and (3) purely analytically.

6. From the fact that

I — R(a — ORW))z £ T(a —t)c + R@a — )T@®)d = p

possesscs one solution z for every ¢ and d, conclude that 7 — R(a — () R({) possesses
an inverse, and thus that the largest characteristic root of R(a — ¢()R({) cannot be one.

7. To show that this largest characteristic root must be less than one in absolute
value, iterate the relation

z=p+ R(a — )R()z
=p+ R@—-ORWUp + - +[R@a—ORWOI'» + R(a — )R({)"z

and use the fact that p, z, R(a — ()R({) are all non-negative.
8. Extend the foregoing considerations to the homogeneous, anisotropic case.
9. Extend the foregoing considerations to the inhomogeneous c: se.

12. Absorption Processes. Consider the more general case where
particles can disappear without producing other particles as a result of
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an interaction. Call this phenomenon absorption. Introduce the
quantities: = 1,2, . . . , N,

e;(t)A = the probability that a particle of type 7 is absorbed in
traversing the interval [t + A, {] traveling in a right-hand
direction )

fa(t)A = the probability that a particle of type 7 is absorbed tra-
versing the interval [{, { + A] traveling in a left-hand
direction

We suppose that e;;, f > 0 and that

MA+B+E =M
MC+D+F) =M

for t > 0. This means that a particle is either forward-scattered, back-
scattered, or absorbed.
Introduce the functions

)

l;(a) = the probability that a particle of type j incident upon [e,0]
from the left results in the absorption of a particle of type ¢ (3)
in[a|0]|i|j= L2 ... IN

Setting L(a) = (4i{(a)), it is easy to see from the type of argument given
in Sec. 6 that the matrix L satisfies the differential equation

L'=E+ LA+ FR + LDR L) =0 4)

where E and F are the diagonal matrices composed of the e;; and fy; respec-
tively. We call L a dissipation matrix,
We expect to have the conservation relation

MR+TH+L)=M (5)

for a > 0. To demonstrate this we proceed as before. We have,
suitably grouping terms,

MR+ T+ L) =MB+E)+MR+T+L)A

+ M(C + F)R + M(R + T + L)DR
= M(B + E) + MA + M(C + F)R + MDR
+M@R+T+L—-DA

+ MR+ T+ L—IDR
=MA+B+E) + MC+D+F)R
+MQR+T+L-DA

+ MR+ T+L—IDDR

= MR+ T+L - I)A + DR) (6)

This equation clearly has the solution M(R +~ T+ L — I) = 0.
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As before, we have R and T non-negative and the same is readily
demonstrated for L. From here on, the results and methods are as
before, and we leave the details as exercises.

MISCELLANEOUS EXERCISES

1. Consider the three-dimensional linear system ' = Az for which z is specified
by the conditions 21(0) = ¢, (£(t1),b™) = ¢5 (2(a),b®) = cy, where z, is the first
component of z, b0, b» are given vectors and 0 < {; < a. Obtain relations for the
missing components of 2(0), 2:1(0) = fi(a,cz,¢3), 22(0) = fa(a,cxCs).

2. Obtain corresponding results in the N-dimensional case,

8. Write
fl(a,c,,c,)) _ (C:)
fitaenen) = F@ e,
and obtain a differential equation satisfied by F(a), See R. Bellman Invariant
Imbedding and Multipoint Boundary-value Problems, J. Math. Anal. Appl., vol. 24,
1968.
4. Consider the case where there is only one state and scattering produces a change
of direction. Let r(a) denote the intensity of reflected flux. Show by following suc-
cessive reflections and transmissions that

r(a + b) = r(a) + t@)r®)i(a) + t(a)r®)r(a)rit(a) + - - -
_ (@) + 1)
1 — r(a)r(b)

8. Obtain the corresponding relation for the transmission function.

8. Obtain the analogous relations in the multitype case where R(a) and T'(a) are
matrices.

7. Do these functional equations determine R(a) and T(a)? See the dise sion of
Polya’s functional equation in Sec. 16 of Chap. 10.
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Numerical Inversion of the Laplace
Transform and Tychonov Regularization

1. Introduction. In Chap. 11 we briefly indicated some of the advan-
tages of using the Laplace transform to treat linear ordinary differential
equations of the form

2 = Az z(0) = ¢ 1)
where A is a constant matrix. If we set
y(s) = L(z) = ﬁ)' ez (l) dt 2)
we obtain for Re(s) sufficiently large the simple explicit result
y=A—sh)c (3)

The problem of obtaining = given y poses no analytical difficulty in this
case since all that is required is the elementary result

Jo " ete dt = (4)

1
(s —a)
together with limiting forms.

Comparing (1) and (3), we see that one of the properties of the Laplace
transform is that of reduction of level of transcendence. Whereas (1)
is a linear differential equation for z, (3) is a linear algebraic equation
fory. Assoon as we think in these terms, we are stimulated to see if the
Laplace transform plays a similar role as far as other important types of
functional equations are concerned. As we shall readily show, it turns
out that it does. This explains its fundamental role in analysis.

This, however, is merely the start of an extensive investigation center-
ing about the use of a readily derived Laplace transform of a function to
deduce properties of the function. Many interesting questions of
matrix theory arise in the course of this investigation which force us to
consider ill-conditioned systems of linear algebraic equations. In this
fashion we make contact with some important ideas of Tychonov which

353
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lie at the center of a great deal of current work in the analytic and com-
putational study of partial differential equations and equations of more
complex type.

EXERCISE
1. Establish the Borel identity
t
L (/(; u(t — tv(t) dh) = L(u)L(v)

under appropriate conditions on u and v by considering integration over the shaded
region in Fig. 1 and interchanging the orders of integration.

t %f‘h

0 h
Fia. 1.

2. The Heat Equation. Consider the partial differential equation

k@u, = g,
u(0,) = u(lt) =0 t>0 ¢}
u(z,0) = g(x) 0<ze<xl

Let us proceed formally to obtain an ordinary differential equation for
L(u) assuming that all of the operations we perform are justifiable.
As mentioned above, our aim is solely to point out some of the uses of
the Laplace transform. We have

L(k(x)u;) = L(uzs)
k(z)L(w) = L(u)s= (2)
—sk(z)g(z) + sk(z)L(u) = L(u)zs
Hence, setting

v = L(u) = v(z,s) 3)
we obtain for each fixed s an ordinary differential equation for v,
Vee — Sk(z)v = —k(z)g(2) (4)
v(0) =»(1) =0

For any value of s it is an eagy matter to solve (4) numerically.

EXERCISES

1. What modifications are necessary if the boundary conditions are u(0,t) = f,(¢),
u(Lt) = f2(1)?

2. Obtain an analytic expression for L(u) in the case where k(z) = k, a positive
constant.
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3. The Renewal Equation. Consider the renewal equation
u(®) = f0) + [, k¢ — tu(w) du (1)

which arises in many parts of pure and applied mathematics. Using
the Borel result (Exercise 1 at the end of Sec. 1), we have

L(w) = L(f) + L)L (w) @)
whence
L) = 120 )

an important explicit representation for L(u).

4. Differential-difference Equations. As a third example of the use of
the Laplace transform in simplifying equations, consider the linear
differential-difference equation

uw'(t) = au(t) + bu(t — 1) t )
u(t) = g(t) -1<t<0
We have
L(w') = aL(u) 4+ bL(u(t — 1)) @)
Using the relations

L(w') = —g(0) + sL(w)
A" w(t — Ve dt = A' + /l" 3)
= [_Ol g(t)e 0= dty - e ﬂ)‘ e~*u(t) dt
= /-?1 g(t)e* =0 dty + e*L(u)

we readily obtain the expression

J2, gy o= dty + 9(0)
L) = 7= @

(s —a — be)

6. Discussion. We have illustrated the point that in a number of
important cases it is easy to obtain an explicit representation for L(u).
The basic question remains: What is the value of this as far as ascertain-
ing the behavior of u is concerned?

There are two powerful techniques which we can employ. The first
is the use of the complex inversion formula

"= er-i /C L(w)e" ds )

where C is a suitable contour. Once (1) has been established, we have
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at our command the powerful resources of the theory of functions of
complex variables.

The second general technique involves the use of Tauberian theory,
a theory which enables us to relate the behavior of u(f) for large ¢ to the
behavior of L(u) at s = 0. Both of these methods are discussed in
references cited at the end of the chapter.

Here we wish to discuss a numerical inversion technique which yields
values of u(f) for £ > 0 in terms of values of L(u) for s > 0. This
numerical work, however, will often be guided by preliminary and partial
results obtained using the two methods just mentioned. That there are
serious difficulties in this approach to the numerical inversion of the
Laplace transform is due essentially to the fact that in its general form
the task is impossible.

6. Instability. By this last comment concerning impossibility, we
mean that L—! is an unstable operator, which is to say, arbitrarily small
changes in ¥y = L(x) can produce arbitrarily large changes in the func-
tion z,

Consider as a simple example of this phenomenon the familiar integral

® et o _ a
‘/(; € 'Slnatdt—m a>0 (l)
For real s, we have
a 1
(CEXRE] @

Hence, by taking a arbitrarily large, we can make L(sin af) arbitrarily
small. Nonetheless, the function sin at oscillates between values of +1
fort > 0.

Consequently, the question of obtaining the numerical values of u of
the linear integral equation

ﬁ)‘ e=*u(t) dt = v(s) 3)

given numerical values of v(s), makes sense only if we add to a set of
numerical values of »(s) some information concerning the structure of
u(t). 'This is the path we shall pursue.

7. Quadrature. The first step is a simple one, that of approximating
to an integral by a sum. There are many ways we can proceed. Think-
ing of an integral as representing the area under a curve (see Fig. 2), we
can write

A' u(t) dt = u(0)A + uw(A)A + + - - + u((N — 1)a)a (1)

where NA = 1. More accurate results can be obtained by using a

. . . k+1)
trapezoidal approximation to the area AA * u(t) dt, and so forth.
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As usual in computational analysis, we are torn between two criteria,
one in terms of accuracy, the other in the coordinates of time. A
method designed to yield a high degree of accuracy can require a cor-
respondingly large amount of computation; a procedure requiring a rela-
tively small number of calculations can produce undesirably large errors,
Let us consider, to illustrate this Scylla and Charybdis of numerical
analysis, a situation encountered, say, in connection with the heat equa-
tion discussed in Sec. 2, where the evolution of each functional value
u(kA) consumes an appreciable time. The price of desired accuracy
using the quadrature relation in (1), namely choosing sufficiently small
A, may thus be too high.

Fia. 2.

Let us then provide ourselves with a bit more flexibility by calculating
values of u(f) at irregularly spaced points {4}, called quadrature points,
and suitably weighting the results. We write

N

ﬁ)' u(t) de== ) walt) 2)

i=1

where the weights w; are called the Christoffel numbers.

There are clearly many ways of choosing the ¢; and w;, each convenient
according to some preassigned criterion of convenience. We shall follow
a procedure due to Gauss.

8. Gaussian Quadrature. Let us show that the w; and ¢; are uniquely
determined by the condition that (7.2) is exact for polynomials of degree
less than or equal to 2N — 1. To demonstrate this, let us recall some
facts concerning the Legendre polynomials, {P.(f)}.

These polynomials constitute an orthogonal set over [—1,1],

[ PPadt=0 msn (1)
which is equivalent to the statement that

[ tPaat=0 k=012...,2-1 @)
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Furthermore, they are a complete set over L*(—1,1) in the sense that
any function u(f) belonging to L3*(—1,1) can be arbitrarily closely
N

approximated by a linear combination z aPy(t) in the L? norm for N
k=0
sufficiently large. If we take u(f) to be continuous, we can replace the
L? norm by the maximum norm |ju|| = max [u].
; ~1s

We begin our derivation of the Gaussian quadrature formula by con-
sidering the shifted Legendre polynomial

PX(t) = Pa(1 — 2t) n=012... 3)

These polynomials constitute a complete orthogonal set over [0,1] and
are determined by the analogue of (2),

ﬁ)lt"P:(t)dt=0 k=012 ...,n—1 )

up to a normalizing factor which is chosen sometimes one way and some-
times another depending upon our convenience.

Using the functions *:P}, k = 0,1, . . . , N — 1 as “test functions,”
we see that the required equality in (7.2) yields the equations

N
0= [ tPheydt = ) witkPht) ()

[

k=0,1,..., N—1. Regard this as a system of N simultaneous
linear algebraic equations for the N quantities w,P}(t),7 = 1,2, . . . ,N.
The matrix of coefficients is

V(tl,tz, . s e ,tN) = (tik) (6)

the Vandermonde matrix, which, as we know, is nonsingular if the
are distinct. Naturually, we assume that they are. Hence, (5) implies
that

wPit) =0 i=12...,N )

Since the w; are assumed nonzero, we see that the quadrature points are
the N zeros of Py(t), which we know lie in [0,1].

EXERCISES
1. Show that
1 pR@)dt .
= —_——— ;=12 ,..,N
w ﬁ ¢ — toPyF () i=13, ’

How does one show that the w; are positive?
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2. With the foregoing determination of {; and w., show that
N

ﬁ)l ut) dt = z wiu(t:)

i=1
for any polynomial of degree 2N — 1 or less.

8. Determine the possible sets of quadrature points and weights if we assume that
(7.2) holds for all polynomials of degree less than or equal to M which are zero at
t = 0. What relation holds between M and N if we wish the w; and ¢; to be uniquely
determined?

4. Obtain similar results for the case where conditions hold at both ¢ = 0and ¢ =1
on u({) and its derivatives.

9. Approximating System of Linear Equations. With this as back-
ground, let us return to the numerical solution of

ﬁ) ® u(t)e* di = v(s) (1)
To employ the preceding results, we first make a change of variable
et =r 2)
obtaining
Ll u (log %) rdr = v(s) 3)
Write
o) = u (105 }) @

and employ the quadrature approximation of Sec. 8, The result is the

relation
N

Y w1 == o(s) (5)
i=1
Wenowsets = 1,2, ..., N, and consider the approximate system
of linear algebraic equations
N
z wirdg(r) = v(k + 1) k=0,1,...,N—-1 (6)

i=1

These N equations uniquely determine the N quantities w,g(r;) since the
determinant of the coeflicients is the Vandermonde determinant which
i8 nonzero.

10. A Device of Jacobi. There is strong temptation at this point to
rclegate the further steps of the numerical solution to the sturdy keepers
of algorithms for solving linear systems of algebraic equations. There
are important reasons for resisting this apparently easy way out. In
the first place, there is nothing routine about the procedure; in the
second place, some important analytic concepts are involved.
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To begin with, let us show that we can obtain an explicit representation
for the inverse of the Vandermonde matrix, which means that we can
obtain an explicit solution of (9.6) for arbitrary v.

Introduce the new variables y; = wig(z)), 1 =1,2, ..., N, and set
ax = v(k + 1). The system in (9.6) takes the simpler form

N
Yrtpi=a k=01...,N—1 1)
i=1
Multiply the kth equation by the parameter ¢, to be determined in a
moment, and add. The result is

N N=1 N1
‘Zl Ys (kZo Qkfs") = kZO argx 2

Let the polynomial f(r) be defined by

N-1

=¥ g 3
5) kzo ¢ )
Then (2) may be written
N N-1
Yl = ) o @
tm] k=0

It remains to choose f in an expeditious fashion. Suppose that f is
chosen to satisfy the conditions

fr) =1
) =0 isj (5)

Call this polynomial obtained in this fashion f; and write

N1
W0 = ) ot (6)
K=o
Then (4) reduces to
N-~1
yi = Qi Gy (7)
2

The polynomial satisfying (5) is determined in principle by the Lagrange
interpolation formula. In this case, it is readily obtained, namely

Pi(r)

fi(")='(;‘—_—r—,_)?m i=4L2 ...,N (8)

With the aid of the recurrence relations for the Legendre polynomials,
the gi; can be calculated to any desired degree of accuracy.
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EXERCISE

1. Why does it make any difference computationally that we can use (8) rather
than the general formula for the Lagrange interpolation polynomial?

11, Discussion. With the aid of analytic and numerical expressions
for the explicit inverse of ¥ (ry,r2, . . . ,rv) we have apparently completed
our self-imposed task, that of obtaining an approximate inversion
formula. Nonetheless, the results of Sec. 6, which tell us that L—! is
an unstable operator warn us that there must be a catch somewhere.
There is!

The unboundedness of L~! manifests itself in the fact that

V(ryrs, . . . ,rx) is an ¢ll-condstioned matriz. This is equivalent to say-
ing that £ = V—'p, the solution of
Ve=b 1)

is highly sensitive to small changes in b. To see this, let us note the
values of the inverse of (w.r;~!) for the N = 10. It is sufficient to pre-
sent the values of the last row of this matrix to illustrate the point we
wish to make,

~—6.2972078903648367 —1
6.8631241594216109
—1.8007322514163832
1.9787480981636393
—1.1232455134290224
3.6273559299309234
—6.9145818794948088
7.6901847430849219
—4.6080521705455609
1.1482677561426949

The last digits indicate the appropriate power of 10 by which the pre-
ceding seventeen-digit value is to be multiplied.

We see from an examination of the foregoing table that small changes
in the values of the a; in (9.7) can result in large changes in the value of
the y;. For the case where the values of the a; can be generated ana-
lytically, the problem is not overwhelming since we can calculate the
desired values, at some small effort, to an arbitrary degree of accuracy,
single precision, double precision, triple precision, etc. In many cases,
however, the values are obtained experimentally with a necessarily
limited accuracy. In other cases, V, the Vandermonde matrix, is
replaced by another ill-conditioned matrix whose inverse cannot be
readily calculated with any desired degree of accuracy; see Sec. 16 for an
illustration of this.

Gy Ov v O O i QO =

<
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The problem of solving unstable equations (*improperly posed” prob-
lems in the terminology of Hadamard) is fundamental in modern science,
and feasible solution represents a continual challenge to the ingenuity
and art of the mathematician. It is clear, from the very nature of the
problem, that there can never be a uniform or definitive solution to a
question of this nature. Hence, we have the desirable situation of a
never-ending supply of almost, but not quite, impossible problems in
analysis.

12. Tychonov Regularization. The problem we pose is that of devising
computational algorithms for obtaining an acceptable solution of

Az =b (D

where A-! exists, but where A i8 known to be ill-conditioned.
A first idea is to regard (1) as the result of minimizing the quadratic
form
Q(z) = (Az — b, Ax — b) 2)

and thus replace (1) by
ATAz = ATh (3)

The matrix of coefficients is now symmetric.

Unfortunately, it turns out that ATA may be more ill-conditioned
than A and thus that (3) may result in even more chaotic results. A
slight, but fundamental, modification of the foregoing procedure does,
however, lead to constructive results. Let us replace the solution of
(1) by the problem of minimizing

R(z) = (Az — b, Az — ) + o(2) (4)

where ¢(z) i8 a function carefully chosen to ensure the stability of the
equation for the minimizing x. This is called T'ychonov regularization.

The rationale behind this is the following, We accept the fact that
the general problem of solving (1), where A is ill-conditioned and b is
imprecisely given, is impossible. We cannot guarantee accuracy.
Rather than a single solution, (1) determines an equivalence class, the
set of vectors r such that ||Az — b} <, where || - -|| is some suitable
norm. Due to the ill-conditioning of A we possess no way of choosing
the vector we want in this equivalence class without some further
information concerning z. The function ¢ represents the use of this
additional information.

Our thesis is that in any particular analytic or scientific investigation
there is always more data concerning z than that present in (1). The
challenge is to make use of it.

Let us give two examples which we will expand upon. Suppose that
as a result of preliminary studies we know that z & ¢, a given vector.
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Then we can choose

e(r) =Mz —c, z — ) (5)
where A > 0, and consider the problem of minimizing
Ri(z\) = (Az - b, Az — b))+ Mz — ¢,z — ¢) (6)

Alternatively, we may know that the components of z, the z;, viewed
as functions of the index ¢, vary ‘‘smoothly’’ with . By this we mean,
for examplée, that we can use the values of z), z, . . . , z;~1 to obtain a
reasonable estimate for the value of z; Alternately, we can say that
there is a high degree of correlation among the values of the z;. This is
an intrinsic condition, as opposed to the first example, where we have
invoked external data. In this case we may take

@) =M@z —2)’+ (s —22)’+ -+ + (@v — )] (D)
A > 0, and consider the problem of minimizing

Ruo(z\) = (Az — b, Az — b) + AN(z2: — 21)?
+ -+ (2v — ) (8)
How to choose A will be discussed below. '

13. The equation ¢(z) = A(z — ¢, z — ¢). Let us consider the mini-
mization of

R(z) =(Az — b, Az —b)+ Nz —¢c, 2~ 0) (1)
where A > 0. It is easy to see that the minimum value is given by
z = (ATA + M) (ATH + o) 2)

The question arises as to the choice of A, If A is “small,” we are close
to the desired value A-'; if A is ‘‘small,”’ however, ATA + A will still
be ill-conditioned and we may not be able to calculate x effectively.
How then do we choose A\?

In general, there is no satisfactory answer since, as we mentioned
above, there is no uniform method of circumventing the instability of
L-', We must rely upon trial and error and experience. In some cases
we can apply various analytic techniques to circumvent partially the
uncertainty concerning a suitable choice of A, We shall indicate some
of these devices in the exercises,

EXERCISES

1. Show that, for small A, z(A) = zo 4+ A\yi + A% + - + -, where the y; are inde-
pendent of A.

2. Discuss the possibility of using “deferred passage to the limit’’ to calculate zo from
z(2) calculated using convenient values of A, that is, set 2, = 22(A) — 2(2)\) + 0 (M%),
etc.
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8. Consider the method of successive approximations,
Zagr = (ATA + A)"HATO + Aza) n20

%y = ¢. Show that z, converges to z for any A > 0 and any ¢.

4. What is the rate of convergence? How does this rate of convergence affect a
choice of A? Discuss the possibility of using nonlinear extrapolation techniques,

8. Consider an application of dynamic programming to the minimization of R(x)
along the following lines. Write

N
Ri(z) = M2y — e1)* + z (aizy — be)?
tm=]
Ru(z) = [?\(zu —a) + Mz —edt + - -+ Maw — ew)?
N
3

=

Dz

;T3 — bf)’]

=

1
'

and let b = (bybs, . . . ,bxy). Write
Su(d) = min Ru(z)
E ]

Show that
Su(®) = min Azx — ca)? + fa-1(b — zia ™))
oM

where a0 = (aym,0au, « « « ,GNN).
8. Use the foregoing functional equation and the fact that

Tu(®) = (5,Qud) + 3(pa,d) + rn

to obtain recurrence relations for Qu, pa, ruv.

7. Is there any particular advantage in numbering the unknowns z;, 23, . . . , zn
in one order rather than another? (What we are hinting at here is that computing
may be regarded as an adaptive control process where the objective is to minimize
the total error, or to keep it within acceptable bounds.}

14. Obtaining an Initial Approximation. One way to obtain an initial
approximation as far as the numerical inversion of the Laplace transform
is concerned is to begin with a low-order quadrature approximation.
Although the accuraey of the results obtained is low, we encounter no
difficulty in calculating the solution of the associated linear equations.

Suppose, for example, we use initially a five-point Gaussian quadrature
(see Fig. 3).
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Using the Lagrange interpolation formula, we pass a polynomial of
degree four through these points, {ris5g(ris)}, and then use this poly-
nomial to obtain starting values for the values of g at the seven quadrature
points for a quadrature formula of degree seven. The seven values
constitute our initial vector ¢ in the successive approximation scheme of
the exercises of Sec. 13. We can continue in this way, increasing the
dimension of the process step-by-step until we obtain sufficient agreement.

One measure of agreement would be the simultaneous smallness of the
quantities (Az — b, Az — b} and (x — ¢,z — ¢).

16. Self-consistent ¢(z). The numerical inversion of the Laplace
transform furnishes us with an example of a case where the z; vary
smoothly with 7. Let us then consider the function introduced in (12.7).
One interesting approach to the problem of minimizing

R(z) = (Az — b, Az — b)
+ M@ —z)2+ (s —z2)2 4+ - - - (zv —2n-1)] (1)

is by way of dynamic programming,.
Introduce the sequence of functions

M N
fi(z,¢) = min [ z ( ait; — z')z
z . ik

i=1 j=
+ M@y —2zv-)?+ 0 - (m — 0% (2)
£E=23,...,N. Then

fi(z,¢) = min \(zx — ©)? + fira(e — aWzy, 24)] (3)
where a® = (a9, . . . ,Gmk).
Setting
Je(z0) = (2,Q2) + 2(z,pi)c + nic? 4)

we can, a8 in Chap. 17, use (3) to obtain recuprence relations for Q,
pr, and r.. Once the quadratic f,(b,z,) has been determined in this
fashion, we minimize over z. We leave the nontrivial details as a set
of exercises.

EXERCISE
1. Carry out a similar procedure for the minimization of
R(z) = (Az — b, Az — b) + M(zs — 2z, + 202+ - + - + (zv — 22N-1 + zv-2)Y]

16. Nonlinear Equations. Suppose that we attempt to apply the
same techniques to nonlinear systems., Consider, as a simple case
illustrating the overall idea, the equation

u = —u+ u u(0) = ¢ (1)
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Take |c| < 1 which ensures the existence of u(t) for ¢ > 0. We have

sL(u) — ¢ = —L(u) + L(u?

¢, Lwy @)
L) = 5 T 5D

We can approach the problem of calculating L{u) by means of suc-
cesgive approximations, namely

c
oE ®
¢ Un®
B eV e

If we apply quadrature techniques, we see that we encounter the same
coefficient matrix at each stage which means that we can use the explicit
inverse previously obtained. Note that L(u,?) is evaluated using the
values of u, at the fixed quadrature points. A serious difficulty with
the foregoing approach, however, is that the convergence is slow. Since
the evaluation of L(u,?) by means of quadrature can introduce non-
negligible errors, it is plausible that repeated use of the foregoing tech-
niques can lead to considerable and unacceptable error,
Let us employ then in place of (3) a quasilinearization technique.
Writing
u:.+l = —Uns1 + 2UnUns1 — Un® Un+1(0) = ¢ 4)
we have
L(ur’wl) = —L(uns1) + 2L(untnr1) — L(ua?) (56)
(s + 1DL(tns1) = ¢ + 2L(Unttns1) — Lun?)

The advantage of quasilinearization is that it provides quadratic con-
vergence. Now, however, when we employ the quadrature technique
described in the preceding pages, we face a different ill-conditioned matrix
at each stage of the calculation. This is due to the presence of the
term L(uatns1) in (5). It is this which motivates the discussion and
utilization of Tychonov regularization.

17. Error Analysis. Let us now critically examine the validity of the
foregoing procedures. Essentially what we have been assuming, in
treating the integral equation

J, rg(r) dr = o) ()

as we did, is that we can approximate to g(r) sufficiently accurately by
means of a polynomial of degree N, namely

lgtr) — p(ll <e (2)
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For the moment, let us think in terms of the form
I+ -l = max | - | @)

0<LrL1

To see the effect of this approximation, let us write

1 1
Jo 7m0 dr = o6) + [ Np) = g) dr @
Sinces = 1,2, . .., N, and p(r) is a polynomial of degree N, the term
on the left may be written
N
z wirs'p(r:) (5)
g=]
Then (4) is equivalent to the system of linear equations
N
1
Y wiretp(r) = o(s) + [} 7p() = o) dr (6)
i=1
wheres = 1,2, . . . , N. It remains to estimate the discrepancy term.

Using (2), we have, crudely,

1
ﬁ U p(r) — g(r)) dr| < |lg(r) — p(n)] ﬁl rotdr <

We face a stability problem in comparing the solution of (6), given the
estimate in (7), with the solution of

@)

€
8

N
z wir g = v(s) s=1,2 ...,N (8)
i=1

The problem is, as we have indicated, a serious one since (w;r;) is ill-
conditioned. Nevertheless, it is clear that max |g; — p(r.){ will be small,

provided that e is sufficiently small. The question in practice is an
operational one, dcpending upon the relation between the degree of
approximation of g by a polynomial of relatively low degree and the
magnitude of the coefficients in V~!. In view of the size of these terms
(see Sec. 10), it is surprising that the method works so well in practice.

One explanation may lie in the fact that we can estimate the term

[)‘ #~(p(r) — g(r)) dr in a far sharper fashion than that given in (7).
We have

u)l = (p(r) — g(r)) dr | < ﬁ' rp(r) — ()| dr

< (/(;' 282 dr-)% (/(;1 () — 9()? d’.)}i

< Ty ( ﬁ o) — g0 d,»)’* ©)
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upon applying the Cauchy-Schwarz inequality. It is well known that
for the same degree polynomial we can obtain a considerably better
mean-square approximation than that available in the Cebycev norm.

EXERCISE

1. What determines whether we choose s = 1,2, ... ,Nors=1,1+a,1 + 2a,
ee o 1+ (N = Da?

MISCELLANEOUS EXERCISES

1. Consider the problem of minimizing the quadratic form
1
Q(z) =L (fl) —zp — 2ok — « + « — zytM)2 4L

where f(¢) is a given function. Carry out some numerical experiments to ascertain
whether the matrix of the associated system of linear equations is ill-conditioned or not.
2. Discuss the advantages or disadvantages of replacing 1, ¢, . . . , t¥ by theshifted
Legendre polynomials.
8. Show that
1 -M 0 see 0

=1 - mM~!

-m 0 0 1

where 7 i8 the order of the determinant.

4. Hence, discuss the stability of solutions of triangular systems subject to small
changes in the zero elements below the main diagonal. See A. M. Ostrowski, On
Nearly Triangular Matrices, J. Res. Nal. Bur, Standards, vol. 52, pp. 319-345, 1954,

8. Consider the equation z + MAz = b where A is a positive matrix. -Show that
we can find a parameter k such that z = b + uby 4 u%s + ¢ - - converges for all
g 2 0, where u = A/(A + k). '

8. Consider the equation z = y + 34z where s is a scalar parameter. Show that

gy tsd Dy tadrthd k) + - - -
14 ks +kes?+ - -

is a solution for any sequence of values &y, ks, . . . . What different sets of criteria
are there for choosing various sets of values?

7. Consider the solution of z = y + Az by means of continued fractions using the
fact that Anc = Any 4 A»tiz. See Bellman and Richardson,! Brown,?and Drobnies.?

1R. Bellman and J. M. Richardson, A New Formalism in Perturbation Theory
using Continued Fractions, Proc. Nal. Acad. Sei. USA, vol. 48, pp. 1913-1915, 1962,

t T, A. Brown, Analysis of a New Formalism in Perturbation Theory Using Con-
tinued Fractions, Proc. Nal. Acad. Sci. USA, vol. 50, pp. 598-601, 1963.

8. 1. Drobnies, Analysis of a Family of Fraction Expansions in Linear Analysis,
J. Math. Anal. Appl., to appear in 1970.
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Appendix A

Linear Equations and Rank

1. Introduction. In this appendix, we wish to recall some elementary
results concerning determinants and the solution of linear systems of
equations of the form

N
za‘-,x,-=c.- i=1,2,...,N (1)

i=1

by their means. The coefficients a;; and c; are assumed to be complex
numbers,

Using these results, we wish to determine when a system of homogene-
ous linear equations of the form

N
Zag,-x,-=0 i=1,2...,M @)
J=1

possesses a solution distinet from z, = 22 = « - + = zy = 0, a solution

we shall call the trivial solution.

For our purposes in this volume, the most important of these linear
systems is that where M = N. However, we shall treat this case in the
course of studying the general problem. ’

Finally, we shall introduce a function of the coefficients in (2) called
the rank and study some of its elementary properties.

2. Determinants. We shall assume that the reader is acquainted with
the elementary facts about determinants and their relation to the solu-
tion of linear systems of equations. The two following results will be
required.

Lemma 1. A determinant with two rows or two columns equal has the
value zero.

This result is a consequence of Lemma 2.
371
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Lemma 2. The determinant

an a1z ‘- N
Q21 QG = Q2N

lagl = | | (1)
ay1 aNz ‘' ° GNN

may be expanded in the elements of the first row,
lal = andu + @A+ -+« + awvdix (2)

where A;1s (— 1)+ times the determinant of order N — 1 formed by striking
out the ith row and jth column of |as].

The quantity A;;is called the cofactor of a;j.

3. A Property of Cofactors. Combining Lemmas 1 and 2, we see that
the cofactors A;;, j =1, 2, .. ., N, satisfy the following systems of
linear equations

N
Y wdy=0 i=2...,N )

jml

since this expresses the fact that the determinant with first and sth rows
equal is zero.
4. Cramer’s Rule. If |a;| # 0, we may express the solution of (1.1)
in the form
Ch G2 " N
Cz Q22 ~ " Q3N

[ Qay * * @
2y = N 2N NN (1)
‘aii‘

with z; given by a similar expression with the 7th column of |a;| replaced
by the column of coefficients ¢, ¢y, . . . , cw.

6. Homogeneous Systems. Let us now use the foregoing facts to
establish the following resuit.

Theorem 1, The system of linear equations

N

Yaw=0 i=1,2...,M (1)

i=1

possesses a nonlrivial Solution if N > M.
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If N £ M, a necessary and sufficient condition that there be a nonirivial
solution 18 that every N X N delerminant |a;| formed from N rows be zero.

Furthermore, we can find a nontrivial solution in which each of the x; ate
polynomials tn the ay.

The proof will be by way of a long, but elementary, induction over M.

Proof. Let us begin with the case M = 1 of the first statement where
the statement is clearly true. Next, consider the first statement for
M =2 If N =2, wehave the equations

anz; + appz: = 0
anz: + apr: =0 (2)

which, if |a;| = 0, have the solutions
T = Q22 T2 = —Qaz (3)

If this is a trivial solution, that is, z; = z, = 0, let us use the cofactors
of the coefficients in the second equation,

;= an Tz = —az2 (4)

If both of these solutions are trivial, then all the coefficients a;; are zero,
which means that any set of values z,, z, constitute a solution.
If N > 2, we have a set of equations

anti+ a2z + - - - Favaen =0 )
anty + apx: + ¢+ - - +awzy =0

To obtain nontrivial solutions, we use an obvious approach. Let us
solve for z; and z, in terms of the remaining z;. This is easily done if
the determinant

a1 Q2
G2 Q22

(6)

is nonzero, However, this may not be the case, Let us then see if we
can find two variables, z; and z;, whose determinant is nonzero, If one
such 2 X 2 determinant,

Gy Qi
Az Q35

@)

exists, we can carry out the program of solving for z; and z; in terms of
the remaining variables.

Suppose, however, that all such 2 X 2 matrices are zero. We assert
then that one of the equations in (5) is redundant, in the sense that any
set of z-values satisfying one equation necessarily satisfies the other.
Specifically, we wish to show that there exist two parameters A; and A,
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one at least of which is nonzero, such that

M(enzy + aaze + * - -+ anzy)
+ A(@nZy + anst; + ¢ ¢ ¢ + awvzn) =0 (8)

identically in the ;. If A\, 5 0, it is clear that it is sufficient to satisfy
the second equation in (5) in order to satisfy the first. We have thus
reduced the problem of solving two equations in N unknowns to that of
one equation in N unknowns.
The equation in (8) is equivalent to the statement that the following

equations hold:

Man + Ao =0

Mayz + Aape =0

9
Maiy + Ay =0
Consider the first two equations:
Mai + Man =0 (10)

Maiz + M@y = 0

These possess a nontrivial solution since we have assumed that we are
in the case where all 2 X 2 determinants are equal to zero. Without
loss of generality, assume that a;, or a,; is different from zero, since the
stated result is trivially true for both coeflicients of 2, equal to zero; take
an # 0. Then

M= an A= —an (11)

is & nontrivial solution,

This solution, however, must satisfly the remaining equations in (9)
since our assumption has been that all 2 X 2 determinants of the type
appearing in (7) are zero.

The interesting fact to observe is that the proof of the first statement,
involving N X 2 systems, has been made to depend upon the second
statement involving 2 X N systems. We have gone into great detail in
this simple case since the pattern of argumentation is precisely the same
in the general N X M case.

Let us establish the general result by means of an induction on M,
If we have the M equations

N
Yam=0 i=1,2...,M (12)

i=1
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with N > M, we attempt to find nontrivial solutions by solving for M
of the z; in terms of the remaining N — M variables. We can accom-
plish this if one of M X M determinants formed from M different col-
umns in the matrix (a;;) is nonzero.,

Suppose, however, that all such M X M determinants are zero. Then
we assert that we can find quantities y1, ¥2, . . . , yu, not all equal to
zero, such that

(] (i alixi) + ?/z(i az,-x,l) + 0+ yu(
i=1 =1

]

anfE,') =0 (13)

| e

]
o

identically in the z;. Suppose, for the moment, that we have estab-
lished this, and let, without loss of generality, ¥, # 0. Then, whenever
the equations

N
Za.-,-x,-=0 i=23...,M (14)
j=1
N
are satisfied, the first equation z ay;z; = 0 will also be satisfied. We
=1

see then that we have reduced the problem for M equations to the prob-

lem for M — 1 equations.
It remains, therefore, to establish (13), which is equivalent to the

equations

yien + yan + -0 -+ ymam =0
1012 + Yalag + -+ YmaGpmo = 0

' (15)
iy + yeaw + - -+ ymaun = 0

This is the type of system of linear equations appearing in the second
statement of Theorem 1. Again, we use an obvious technique to find
nontrivial solutions.

Consider the first M equations. Choose y, to be the cofactor of aj, in
the determinantal expansion, y. to be the cofactor of a;, and so on.
These values must satisfy all of the other equations, since our assump-
tion has been that all M X M determinants are zero. Hence, if some
cofactor A, is nonzero, we have our desired nontrivial solution.

If all the A, are zero, we consider another set of M equations and pro-
ceed similarly. This procedure can fail only if al (M — 1) X (M — 1)
determinants formed by striking out one column and N — M + 1 rows
of (a;;) are zero.
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In that case, we assert that we can set y» = 0 and still obtain a non-
trivial set of solutions for 4, ¥2, . . . , yu—1. For, the remaining sys-
tem is now precisely of the type described by the second statement of
Theorem 1 with M replaced by M — 1, Consequently, in view of our
inductive hypothesis, there does exist a nontrivial solution of these equa-
tions. This completes the proof.

6. Rank., Exaniining the preceding proof, we see that an important
role is played by the nonzero determinants of highest order, say r, formed
by striking out N — r columns and M — r rows from the N X M matrix
A= (a.-;). ]

This quantity r is called the rank of A.

As far as square matrices are concerned, the most important result is
Theorem 2.

Theorem 2. If T is nonsingular, the rank of TA* is the same as the
rank of A.

Proof. If A hasrankr, we can express N — r columns as linear combi-
nations of r columns, which are linearly independent. Let these r col-
umns be denoted by a!, a? . . . , @, and without loss of generality, let
A be written in the form

A= (aa- - acua' +crea?+ -+ ¢
+ @) © ¢ c (en—raat ¢ 0 0 Fovrea?)) (1)

If the rows of T are %, ¢2, . . . , t¥, we have

’-(tl’al)(tl’aQ) .« .. (tl’ar)[c“(tl’al)
+ az(tha?) + ¢ - - +c.,(t',a’)] e

(ttal)(t3a?) - - - (tRa7)[en(t?a)

B=TA = + cio(t2a?) + ¢+ -+ + e(tBa)] - - - 2

Hence the rank of B is at most r. But, since we can write A = T~'B,
it follows that if the rank of B were less than r, the rank of A would
have to be less than r, a contradiction.

EXERCISES

1. What is the connection between the rank of A and the number of zero character-

istic roots?
2. Prove the invariance of rank by means of the differential equation dz/dt = Az.
8. The rank of A — AJ is N — k where k is the multiplicity of the characteristic

root A;.
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7. Rank of a Quadratic Form. The rank of a quadratic form (z,4z) is
defined to be the rank of the matrix A. It follows that the rank of
(z,Az) is preserved under a nonsingular transformation z = Ty.

8. Law of Inertia (Jacobi-Sylvester). If (r,Azx) where A is real is
transformed by means of z = Ty, T nonsingular and real, into a sum of

squares

(z,Az) = z bys? 6}

t=]

where none of the b; are zero, it follows that r must be the rank of 4.
In addition, we have Theorem 3.
Theorem 3. If a real quadratic form of rank r, (x,Ax), is transformed
by two real nonsingular transformations x = Ty, x = Sz, into a sum of r
squares of the form

(x,Ax) = blyl2 + b2y22 + - + bfyf’
= iz F ezt 0 0 0 + onz? (2)

then the number of positive b; is equal lo the number of positive ¢;.

9. Signature. Let p(A) denote the number of positive coefficients in
the foregoing representation and n(A) the number of negative coefficients.
The quantity p(A4) — n(A) is called the signature of A, s(A4). It follows
from the above considerations that

s8(A) = s(TAT") ()]

if T is nonsingular.

EXERCISES
1. Show that r(AB) + r(BC) < r(B) + r(ABC), whenever ABC exists (G. Fro-
benius).
2. Derive the Jacobi-Stieltjes result from this.

MISCELLANEOUS EXERCISES

1. For any N X N matrix A = (a;;) of rank r, we have the relations

N N

Z—J—-Nla“ <r z Ia“l’ <r

Z, 2

- Z la] y ‘2 lags1®
i=1 F=1

Whenever 9 occurs, we agree to interpret it as 0. (Ky Fan-A. J. Hoffman)
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In the paper by Ky Fan and A. J. Hoffman,! there is a discussion of the problem
of finding lower bounds for the rank of A4 directly in terms of the elements a;;, and the
relation between this problem and that of determining estimates for the location of
characteristic values.

2. For complex 4, write A = B 4 {C, where B = (A + A)/2,C = —(4 — A)i/2.
Then if A is Hermitian semidefinite, the rank of B is not less than the rank of C
(Broeder-Smith).

8. If A is Hermitian semidefinite, the rank of B is not less than the rank of A
(Broeder-Smith).

4. Let A be a complex matrix, and write A = 8 + {Q, where § = (4 + A)/2,
Q= —i(A — A)/2. If A is Hermitian positive-indefinite, then r(8) > r(Q) and
r(S) = r(A).
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Appendix B
The Quadratic Form of Selberg

As another rather unexpected use of quadratic forms, let us consider
the following method of Selberg, which in many parts of number theory
replaces the sieve method of Brun.

Suppose that we have a finite sequence of integers {a}, k L2 ...,
N, and we wish to determine an upper bound for the number of the a.
which is not divisible by any prime p < 2.

Let {z.}, 1 < v < ¢, be a sequence of real numbers such that z, = 1,
while the other z, are arbitrary. Consider the quadratic form

Q@) = i (2 =) M

Whenever a; is not divisible by a prime < z, the sum Z z, yields z; = 1.

Hence, if we denote the number of a:, k& = 1, 2, , N, divisible by
any prime p < z by f(N,z) we have

fN,2) < fj (Z z)" @
for all z, with z, = 1. Hence
J(N2) < min ki (Z z.)" ®)
To evaluate the right-hand side, we write

FOEES) a;,,x.,,{z 1' @

lVll as
X
where a, runs over the sequence ay, a5, . . . , av. Here K denotes the

greatest common divisor of v, and v,.
379
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Now suppose that the sequence {a:.] possesses sufficient regularity
properties so that there exists a formula of the type

k=12,..., N

where R, is a remainder term and the ‘‘density function’ f(p) is multi-
plicative, i.e.,

J(p1p2) = J(p1)f(p2) for (p1,02) = 1 (6)
Then
__N J(K)N (vlvz>
Z ! Fow/K) ~ Fo0f@s) tR ™

Dy da

Using this formula in (4), the result is

o s ) SR ) wen(R)  ®

vi "l Lt

Consider now the problem of determining the z,, 2 < v < ¢, for which
the quadratic form

xﬁxv:f(K) (9)

P) = ¢ T 1)

is & minimum.
To do this, we introduce the function

filn) = ;n(d)f(n/d) (10)
If n is squarefree, we have
fi) = f(n) U( - 75) (an
Using the Mébius inversion form:m, (10) yields
JE) = Y fite) = ) fuln) (12)

n| n|v1
nlv2

Using this expression for f(K) in (9), we see that




The Quadratic Form of Selberg

Now perform a change of variable. Set

Lo

Yn = m-)'

nly
v<e

Then, using the Mobius inversion formula once more, we have

% = z #(n)ynv

n<!

The problem is thus that of minimizing

P =) filt)y.

n<z
over all {y:} such that

Z#(n)yn = f% =1

n<z
It is easily seen that the minimizing {y.} is given by

u(n) 1
IEACANI)
2 7o)

and that the minimum value of the form P is

s

u*(n)
fi(n)

n<z

The corresponding A, are determined by the relations

N ) #(p)u(pv)
’ #%(p) Ji(e)
fn(p) o<t/

N #*(p)
= u(v) I—I f(P) yz(p) z fi(o)

e DN
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(16)

(17

(18)

(19)

(20)
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Inserting these values in (8), we obtain the inequality

f(N;2) £ ’%’(p)- + 2 PodoaR(vyv2/K))| (21)

“ fl( p) v,

If z is chosen properly, say N¥—¢ the upper bound is nontrivial.
A particularly simple case is that where ax = k, so that f(p) = p. We
then obtain a bound for the number of primes less than or equal to N.!

Bibliography and Discussion

For a treatment of the Selberg form by means of dynamic programming,
see
R. Bellman, Dynamic Programming and the Quadratic Form of
Selberg, J. Math. Anal, Appl., vol. 15, pp. 30-32, 1966.

1 A. Selberg, On an Elementary Method in the Theory of Primes, Kgl. Norske
Videnskab. Selskabs Forh., Bd 19, Nr. 18, 1947.



Appendix C
A Method of Hermile

Consider the polynomial p(z) with real coefficients and, for the moment,
unequal real roots r, rs, . . . , rn, and suppose that we wish to deter-
mine the number of roots greater than a given real quantity a..

Let

Vo= +rz+ e+ 0+ Ny (1)

where the z; are real quantities and @(z) denotes the quadratic form

N
Q) = z ¥/ (i — a1) 2)
i=1

It now follows immediately from the ““law of inertia' that if Q(z) is
reduced to another sum of squares in any fashion by means of & real
transformation, then the number of terms with positive coefficients will
be equal to the number of real roots of p(z) = 0 greater than a;.

This does not seem to be a constructive result immediately, since the
coefficients in Q(z) depend upon the unknown roots. Observe, however,
that Q(z) is a symmetric rational function of the roots and hence can be
expressed as a rational function of the known coefficients of p(z).

The more interesting case is that where p(z) has complex roots. This
was handled by Hermite in the following fashion. Let r; and r; be
conjugate complex roots and write

ry = p(cos a + 7 sin a) ry = p(cos @ — ¢ sin @) @)
ni=ut+w  y=u-+w

where u; and v; are real. Similarly, set

= r(cos ¢ — isin ¢) (4)

= r(cos ¢ -+ ¢ sin ¢)

r— a re — Q)

It follows that

v’ + v _ 2r(u cos ¢/2 — v sin ¢/2)2

ry — ay Tre = Q)
— 2r(u sin ¢/2 + v cos $/2)% (5)
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From this, Hermite's result may be concluded:
Theorem. Let the polynomial p(x) have real coefficients and unequal
roots. Let

N
Q@) = ) v/(ri— a) ®)

=1

be reduced to a sum of squares by means of a real nonsingular substitution.
Then the number of squares with positive coefficients will be equal to the num-
ber of tmaginary roots of the equation p(z) = O plus the number of real roots
grealer than a,.

On the other hand, the result in Sec. 3 of Chap. 5 also yields a method
for determining the number of roots in given intervals by way of Sturmian
sequences. The connection between these two approaches and some
results of Sylvester is discussed in detail in the book on the theory of
equations by Burnside and Panton to which we have already referred,
and whose presentation we have been following here.

An extension of the Hermite method was used by Hurwitz! in his classic
paper on the determination of necessary and sufficient conditions that a
polynomial have all its roots with negative real parts.

Further references and other techniques may be found in Bellman,
Glicksberg, and Gross.?

What we have wished to indicate in this appendix, and in Appendix B
devoted to an account of a technique due to Selberg, is the great utility of
quadratic forms as “counting devices.” Another application of this
method was given by Hermite® himself in connection with the reduction
of quadratic forms.

1 A. Hurwitz, Uber die Bedingungen unter welchen eine Gleichung nur Wurzeln mit
negativen reellen Teilen besitzt, Math. Ann., vol. 46, 1895 (Werke, vol. 2, pp. 533-545).

E. J. Routh, The Advanced Par! of a Treatise on the Dynamics of a System of Rigid
Bodies, Macmillan & Co., Ltd., pp. 223-231, London, 1905.

* R. Bellman, 1. Glicksberg, and O. Gross, Some Aspects of the Mathematical Theory

of Control Processes, The RAND Corporation, Rept. R-313, January 16, 1958.
3 C. Hermite, Oeuvres, pp. 284-287, pp. 3907-414; J. Crelle, Bd. L11, pp. 39-51, 1856.



Appendix D

Moments and Quadratic Forms

1. Introduction. The level of this appendix will be somewhat higher
than its neighbors, since we shall assume that the reader understands
what is meant by a Riemann-Sticltjes integral. Furthermore, to com-
plete both of the proofs below, we shall employ the Helly selection
theorem.

2. A Device of Stieltjes. Consider the sequence of quantities {ax},
k=01, ..., defined by the integrals

ar = /01 i dg(t) (1)

where g(f) is a monotone increasing function over [0,1], with g(1) = 1,
g(0) = 0. These quantities are called the moments of dg.
It was pointed out by Stieltjes that the quadratic forms

Qn(z) = i QpHITKT] = /01 (’20 fckt")z dg(t) @)

kl=0
are necessarily non-negative definite. Let us call the matrices
AN=(ak+z) k,l=0,1,...,N (3)

Hankel matrices.
The criteria we have developed in Chap. 5, Sec. 2, then yield a num-
ber of interesting inequalities such as

/01 t dg fo: tk+ dg >0 @
/0 i+ dg /0 k2 dg

with strict inequality if ¢ has enough points of increase.
If, in place of the moments in (1), we employ the trigonometrie
moments
Cr = /01 e?7ikt dg k=0 %1, £2, ... (5)
385
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then the quadratic form obtained from

N
/ol l kZo TelTikt l’ dg 6)

is called the Toeplitz form, and the corresponding matrix a Toeplitz

matrix,
It follows from these considerations that a necessary condition that a

sequence {ci}) be derived from (5) for some monotone increasing function
g(t), normalized by the condition that g(1) = g(0) = 1, is that

C = (1) )

be a non-negative definite Hermitian matrix. It is natural to ask whether
or not the condition is sufficient.

As we shall see, in one case it is; in the other, it is not.

8. A Technique of E. Fischer. Let us consider an infinite sequence of
real quantities {a,} satisfying the condition that for each N, the quadratic
form

N
Qn(z) = z QiriTTj (1)
$,§=0
is positive definite.
In this case we wish to establish Theorem 1.
Theorem 1. If the 2N + 1 real quantities ao, @y, . . . , Gav are such
that Qn(z) 1s positive definite, then they can be represented in the form

ar = bere* + byr* + ¢+ ¢+ 4 bara* k=01,...,2N (2
where b; > 0 and the r; are real and different.
Proof. Consider the associated quadratic form

N

Pu@) = ) i ®)
;‘,j-:O

Since, by assumption, @n(z) is positive definite, we can find a simultane-
ous representation

N
Qu(d) = ) (mioza + * * + + muvan)?

=0

5 @
Py(z) = z rimiexe + ¢+« + minzN)?

i=0

where the r; are real.
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The expression for Qx(z) yields
Ciriel) = MoMojp1 + * * * + My i t1=0,1...,N,
Jj=0...,N—-1 (b
On the other hand, from the equation for Py(z) we obtain
Gy = oMo + * ° © + ramamy; (6)

Combining (5) and (6), we obtain the system of linear homogeneous
equations

My(Mosr1 — romo) + - + myimuy i — ramy;) =0 ¢))
forj=0,1, ..., N.

Since Qn(z) is positive definite, the determinant |m;| must be nonzero.
Hence, (7) yields the relations

M,541 = Tk, k= 0, e ey N (8)
or My; = rime,o 9

It follows that we can write Qn(z) in the form
N
Qn(z) = Z mi*(xo + rizy + ¢ - -+ riVzy)? (10)
i=0
from which the desired representation follows. Since Qu(z) is positive
definite, r; # r; for ¢ = j.
4. Representation as Moments. Using Theorem 1, it is an easy step
to demonstrate Theorem 2.
Theorem 2. If a real sequence {a.} satisfies the two conditions

N

z @, 2.7; positive definite for all N (1a)
i,JN-O

(@iys — @ipj 1)z posilive definite for all N (1b)
5T=0

it is @ moment sequence, i.e., there extsts a bounded monotone increasing
Sfunction g(t) defined over [—1,1] such that

1
an = [ a0 @
Proof. The representation of Theorem 1, combined with condition
(1b) above, shows that |r;] < 1 fori=0,1, ..., N. Hence, we can

find a monotone increasing function gnx(f), bounded by a., such that

a=[lirdguy n=01,...,N 3)
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To complete the proof, we invoke the Helly selection theorem which
assures us that we can find a monotone increasing function g(t), bounded
by ae, with the property that

Jim [1 e dguo = [, g @

as M runs through some sequence of the N’s.

6. A Result of Herglotz. Using the same techniques, it is not difficult
to establish the following result of Herglotz.

Theorem 3. A necessary and sufficient condition that a sequence of

complex numbers {a,},n = 0, £1, . . . ,with a_, = a,, have the property
that
N N
z arTpE 2> 0 (1
A1 k=1

for all complex numbers {z,} and all N is that there exist a real monotone
nondecreasing function u(y), of bounded variation such that

an = [} e duy) @)

Fischer’s method is contained in his paper,!
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